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PREFACE TO THE FIRST EDITION 


The book is written according to the Intermediate Syllabi of 
Physics of different Indian Universities. The book has a special 
recommendation, inasmuch as it is neither too bulky for a student 


of average merit, nor too meagre in its information for an inguisi- 


tive student. š 

The subject matter herein has been treated in a systematic way 
and in a simple and clear style with ample illustrations and explana- 
tory diagrams. A sufficient number of experiments, a Summary at the 
end of each Chapter and Exercises containing Questions of different 
Universities with direct reference to the Articles form special features 
of the book. Numerous problems of different types put herein will 
make astudent independent of any separate book on Examples. 
Articles marked with asterisks deal with more advanced portions 
and may, therefore, be omitted at the first reading. 

We take this opportunity to express our gratitude to Prof. 


Rajanikanta De, M.A., of the Scottish Church College, Calcutta, who 
e blocks prepared 


has kindly given us permission to use some of th 

for his well-known books on Physics. 

Calcutta 4 N. BASU. 

June, 25, 1936 J. CHATTERJEE 
$ i 


PREFACE TO THE TWENTY-FIFTH EDITION 


In this Edition special attention has been given to include in its 
context the courses of studies prescribed by the different provincial 
Higher Secondary Boards as also the syllabus of the Central Modern 
Schools guided by the Education Department of the Government of 
Indian Republic. I had: an opportunity of going through some 
books recommended in various Engineering Schools and Military 
Academies and I can vouch that subjects taught therein have all been 


included in this Book. 

Although teaching in provincial languages has deepenc S 
almost every where and books in different languages with slightly 
different syllabi have been published catering the need of the students, 
it has one advantage that the students can more easily grasp the idea 
without having any di 


the particular courses 
provinces. AS 
subject systematicall 
of teachers as also to arouse the interest of the s 
be misunderstood to have blamed t iey, c 
pelled to write strictly according to syllabus and within page limit. 
tatement that in view of 


In conclusion, I may make a modest S! 1 
higher studies particularly in Sciences, we have still to depend upon 


Lo) 


new books and periodicals written in western languages and if we 
haveto choose any one of such languages, it is definitely English. 
With such intent and purpose I have thoroughly reyised the Book, 
included some new topics as Vectors, Kinetic theory of gases, physical 
optics and a little of nuclear Physics. I have tried to correct printing 
mistakes to the best of my ability and included a few more solved 
examples. The number of Editions are the passing phases of the 
Book which may speak of itself. I should feel obliged to get any 
suggestion and criticism of my venture. Hearty thanks are due to 
my numerous colleagues and students who have always patronised 
my efforts. I convey my best regards to B. Chand & Sons for 
their co-operation in publishing this Book. 

l Calcutta J. CHATTERJEE 
' Sree Panchami ) 

‘12th February 1978 


PART I—General Physics, Heat and Sound. 
PART II—Light, Magnetism and Electricity. 
Recommended for Intermediate, 
Central Modern, Pre-Engineering 
and 


Higher Secondary Courses 
of Indian Universities and various 
Boards of Studies 
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: CHAPTER I 
REOTILINEAR PROPAGATION : PHOTOMETRY 


l. Light. 2. Some Fundamental Definition. 3. 
Light and Energy. 4. Propagation of Light. 5. Light travels 
inStraightline. 6. Illustration of Rectilinear Propagation ; 
Pin-hole Camera. 7. Shadows. 8. Eclipses. 9. Photometry ; 
Intensity of Illumination; Illuminating Power; Candle 
Power. 10. Law of Inverse Square. 11. Principle of photo- 
metry. 12. Photometric Measurements ; Rumford’s Photo- 
meter; Jollys Photometer ; Bunsen’s Grease-Spot Photo- 
meter. 13. Experimental Verification of the Law of Inverse 
Square. 14, Intensity for Oblique Illumination ; Intrinsic 
Luminosity. Exercises. Af ^d 
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CHAPTER II 
j REFLECTION AT PLANE SURFACES 

15. Reflection ; Mirror. 16. Laws of Reflection; 
Hartle’s Optical Disc; Pin Method ; Reversibility of Rays. 
17. Optical Image—Real and Virtual; Image due to à 
Plane Mirror. 18. Tracing the Path of Rays by which an 
Image is seen. 19. Lateral Inversion. 20. Some Examples 
on Reflection. 21. Reflection from two Plane Mirrors ; 
Parallel and Inclined Mirrors; Simple Periscope; Kalei- 
doscope. 22. Diffused Reflection ; Twilight. Exercises. ... 21-33 


CHAPTER III 
REFLECTION AT SPHERICAL SURFACES 


^ 23. Some Fundamental Terms. 24. Incident and 
Reflected Rays. 25. Focal Plane. 26. Convention as to 
Alsebraic Signs. 27. Position of the Image formed by a 
Spherical Mirror with reference to the Pole ; Conjugate Foci. 
28. Image of an Extended Source. 29. Graphical Deter- 
mination of Image at a Spherical Mirror. 30. Linear 
Magnification. 31. Position and Nature of the Image ; 
Mathematical Verification; Conjugate Foci for Plane 
Mirror. 32. Images due to two Spherical Mirrors. 33. 
Determination of the Focal Length of a Spherical Mirror. 
34. Identification and Use of Mirrors. 35. Defects of 
Image due to Reflection. Spherical Aberration ; Exercises. ... 34-57 


CHAPTER IV 
REFRAOTION AT PLANE SURFACES 


36. Refraction; Laws of Refraction. 27. Refractive 
Index. 38. Refraction ata Plane Surface; Deviation by 
Refraction. 39. Practical Illustrations of Simple Refrac- 
tion; Atmospheric Refraction. 40. Lateral Deviation in a 
Plane Parallel Plate. 41. Total Internal Reflection ; Critical 
Angle. 42. Instances of Total Reflection ; Total Reflection 
Prism ; Erecting Prism. 43. Mirage. 44. Determination 
ofthe Refractive Index by Total Reflection Method. 45. 
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Refraction through a Prism. 46. Measurement of Devia- 
tion in a Prism. 47. Angle of Minimum Deviation. 48. 
Determination of the Refractive Index of the Material of a 
Prism. 49. Image by a Prism. 50. Deviation produced by 
a thin Prism. 51. Caustic due to Refraction at a Plane 
Surface. Exercises. E m es 


CHAPTER V fi 
REFRACTION AT SPHERICAL SURFACES : LENSES 


52. Refraction at a Spherical Surface? Concave 
Surface ; Convex Surface; Principal Foci for a Spherical 
Refracting Surface. 53. Lenses; Convex: Concave ; 
Principal Axis. 54. Principal Foci. 55. Optical Centre 
of a Lens; Convention as to Algebraic Signs; Focal 
Length. 56. Thin Lens. 57. Geometrical Method of find- 
ing Image corresponding to an Object; Conjugate Fosi; 
New Convention of Signs. 58. Refraction through a Lëns ; 
Direct Deduction of the Formula. 59. Lateral Magnification. 
60. Position and Nature of the Image; Convex Lens; 
Concave Lens. 61. Power of Lens. 62) Determination of 
the Focal Length of Convex Lens. 63. Thin Lenses in 
Contact. 64. Thin Lenses Separated by a Distance. 65. 
Determination of Focal Length of a Concave Lens. 66. 
Spherical Aberration of a Lens. Exercises. Res "e 


CHAPTER VI 
OPTICAL INSTRUMENTS 


67. Magnifying Glass. 68. Photographic Camera ; 
Photograpy. 69. Human Eye; Structure of Retinal 
Layer; Action of the Eye; Accommodation. 70. Defects 
of Vision; Spectacles; Myopia; Hypermetropia ; Pres- 
byopia ; Astigmatism. 71. Binocular Vision ; Steroscope. 72. 
Comparison between the Eye and a Photographic Camera, 
73. Projection Lantern. 74.  Epi-diascope. 75. Persis- 
tence of Vision. 76. Cinematograph. 77. Compound 
Microscope. 78. Astronomical Telescope. 79. Terrestrial 
Telescope. 80. Galilean Telescope. 81. Prism Binoculars. 
82. Reflecting Telescope. 83. Sextant. 84. Periscope. 
Exercises. ih 


CHAPTER VII 
SPECTROSCOPY 


85. Dispersion. 86. Elementary Nature of Spectral 
Colours ; Coloufs and Light Waves. 87. Recomposition of 
White Light. 88. Pure Spectrum; Production of Pure 
Spectrum. 89. Spectrometer. 90. Determination of 
refractive index of a material given in the form of Prism. 
91. Dispersive Power. 92. Combination of Prisms. 93. Direct 
Vision Spectroscope. 94. Chromatic Aberration of a Lens. 
95. Achromatic Combination of Lenses in Contact. 96. Effects 
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of the Spectrum. 97. Different Types of Spectra. 98. 
Spectra due to Different Sources. 99. Infra-red and Ultra- 
violet Spectra. 100. Transformation of Absorbed Radiation. 
101. Colour of Bodies. 102. Mixture of Colours. 103. 
Theory of Colour Vision ; Colour-Blindness. 104. Retinal 
Fatigue and After-image. 105. Rainbow. Exercises. -. 152-182 


CHAPTER VIII 
VELOCITY OF LIGHT : THEORIES OF LIGHT 


106. Romer’s Method. 107. Fizeau's Method. 108. 
Fizeau and Foucault's Method. Exercises d ... 183-190 


CHAPTER IX 
PHYSICAL Optics 


109. Physical Optics. 110. Corpuscular or Emission Theory; 
Explanation- of Rectilinear Propagation. 111. Corpuscular 
theory of Reflection ; Criticism on Reflection Theory. 112. 
Explanation of Refraction ; Proof of Snell’s Law ; Criticism 
on Refraction by Corpuscular Theory ; Discardment of 
Corpuscular Theory. 113. Wave theory of Light. 114. Wave 
Motion ; Longitudinal Waves ; Transverse Waves; Wave 
Length ; Representation of a Wave; Representation of a 
Moving Wave. 115. Elementary Study of Wave Propa- 
gation. 116. Phase of a Wave-Motion ; Phase Difference. 
117. Propagation of Plane and Spherical Waves. Exercises. 191-206 
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HUYGENS’ PRINOIPLE OF WAVE PROPAGATION : 
SECONDARY WAVES 
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wave front: Secondary wavelets. 120. Wave Theory of 
Reflection ; Explanation ; Verification of Laws of Reflection. 
121. Object distance and Image distance Relation. 122. 
Reflection from a Spherical Surface ; Concave Mirror and a 
Plane Wave-front ; Concave Mirror and a Spherical Wave- 
front. 123. Wave Theory of Refraction ; Verification of the 
Laws of Refraction ; Observations on Refraction Theory. 
124. Refraction of Spherical Waves at a Plane Surface. 
125. Refraction of Waves through a Prism. 126. Critical 
Angle; Total Internal Reflection. 127. Refraction of a 
Plane Wave at a Spherical Surface. 128. Refraction of a 
Spherical Wave-front at a Spherical Surface. 129. Refraction 
of a Plane Wave-front through a Thin Convex Lens. 130. 
Refraction of a Spherical Wave-front through a Thin Convex 
Lens. Exercises L és 48 -. 207-204 
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133. Principle of Superposition. 134. Superposition 
of Co-herent Beams; Maximum Condition ; Minimum 
Condition. 135. Interference Fringes; Co-herent Linear. 
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Sources; Conditions of Interference. 136. Width of 
Monochromatic Fringes; Width of a Dark Fringe; 
Width of a Bright Fringe; Intensity Distribution in 
Stationery Fringes. 137. Fringes with Co-herent white 
Light. Young’s Experiment. 138. Fresnel's Biprism ; 
Experiment with a Biprism. 139. Fresnel's Double Mirror. 
140. Displacement of Fringes dueto a Thin Transparent 
Plate. 141. Phase Change on Reflection. 142. Lloyd's 
Single Mirror ; Shift of Central Maximum. 143. Interference 
in Films; Film ofa Rarer Medium placed in a Denser 
Medium ; Transmitted System ; Interference Pattern in White 
Light. 144. Wedge-shaped Thin Film ; Nature of Inter- 
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Light by a Wave Front; Half Period Zones; Resultant 
Displacement at any Point. 148. Rectilinear Propagation 
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Fresnel’s Diffraction pattern by a narrow Slit ; Diffraction 
ata Narrow Wire. 154. Fraunhofer's Diffraction Pattern ; 
Diffraction at Single Slit; Diffraction at two Tdentical 
Linear Slits. 155, Diffraction Grating ; Theory ; Measure- 
ment of Wave Length; Diffraction of White Light. 
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CHAPTER XIII 
POLARISATION 

156. Polarisation of Light Waves ; 157. Effect of a Linear 
Slit on Transverse String Waves. 158. Effect of Tourmaline 
Crystal on Light Waves ; Tourmaline Crystal as Polariser ; 
Tourmaline Crystal as Analyser ; Plane of Vibration ; Plane 
of Polarisation; Plane of Incidence ; Plane of Refraction. 
159. Polarisation by Reflection ; Nature of Polarisation of 
Refracted Beam ; Brewster’s Law ; Pile of Plates. 160. Biot’s 
Polariscope ; Malus Law. 161. Double Refraction ; Ordinary 
Refractive Index : Crystallographic Axis; Terms and Defini- 
tions ; Uni-axial Crystals ; Positive and Negative Crystals ; 
Principal Section ; Principal Planes. 162. Calcite Crystal 
or Iceland Spar; Polarisation due to Double Refraction. 
163. Determination of Refractive Indices of a Crystal ; 
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Vernier Microscope Method; Spectrometer Method. 164. 
Nicol Prism ; Nicolas Polariser ; Nicol as Analyser ; Com- 
parison between a Nicol Prism and a Tourmaline. 
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MAGNETISM 
CHAPTER I 
SIMPLE PROPERTIES OF A MAGNET 


1. Natural Magnets; Attractive Property ; Directive 
Property. 2. Artificial Magnets; bar magnets; horse-shoe 
magnet; ball-ended magnet; magnetic needle. 3. Some 


‘Fundamental Terms—pole ; magnetic axis, equivalent 


length, magnetic meridian, neutral region. 4. Laws of Mag- 
netic Attraction and Repulsion ; Earth as a Magnet. $5. 
Magnetic Substances ; a few simple tests. 6. Methods of 
Magnetisation—single touch, divided touch, double touch, 
magnetisation by electric current. 7.  Consequent poles. 
Magnetic Induction ; Magnetisation due to Induction. 
9. Nature of Induced Polarity. 10. Reversal of Polarity by 
Induction. 11. Degree of Induced Magnetism. 12. Induc- 
tion due to a Combination of Magnets. 13. Repulsion is a 
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MOLECULAR THEORY OF MAGNETISM 


14. Inseparability of Poles. 15. Molecular Theory of 
Magnetism ; Weber Elements. 16. Application of Molecular 
Theory ; Induction ; Magnetisation by Rubbing ; Laminated 
Magnets ; Magnetic Saturation ; Equality of Poles; Curie 
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18. Inverse Square Law of Forces. 19. Unit Pole; 
Intensity of Magnetic field. Dimension of Magnet Pole. 
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on a Magnet in a ficld of Uniform Intensity ; Magnetic 
Moment. 22. Intenfity at à point due to Bar Magnet. 
23. Magnetic Lines of Force ; Magnetic field intensity & 
Tubes of Force. 24. Mapping of Lines of Force; compass 
needle method, iron-filings method. 25. Maps of Magnetic 
Field. 26. Localisation of Poles of a Bar Magnet, 27. 
Pole Strength and Intensity Distribution. Potential at a 
Point due to a single pole, Relation of Magnetic Potential 
to Intensity, Political Energy of a Magnet. 28. Magnetic 
Potential. 29. Behaviour of Magnetic Substances in a 
Field of Force; Susceptibility, Permeability, Retentiyity, 
Coercivity, Magnetic Screening, Demagnetising Force. 30. 
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Paramagnetic, Diamagnetic and Ferromagnetic Substances. 
31. Properties attributed to Lines of Force. Exercises. 


CHAPTER IV 


MAGNETIO FORCES AND MEASUREMENTS 


32. Intensities and Inductions of a Bar Magnet at 
Standard Positions, End-on position, Broadside-on position. 
33. Potential at End-on and Broad-side on Positions. 34. 
Intensity at any Point due to a short Magnet. 35. Potential 
at any Point due to a Short Magnet. Intensity Determina- 
tions from Potential. 36. Magnetic Dipole. 37. Equilibrium 
ofa Magnet in mutually Perpendicular Fields ; Tangent 
Law. 38. Determination of M/H from Neutral Points: 
end-on position; broadside-on position. 39. Deflection 
Magnetometer. 40. Determination of M/H from a Deflec- 
tion Magnetometer; Tan-A Position of Gauss; Tan-B 
position of Gauss. 41. Comparison of Magnetic Moments : 
Deflection Method, Null Method. 42. Vibration Magneto- 
meter; 43. Searle's Vibration Magnetometer ; Comparison 
of Field Strengths at two different localities. 44. Verification 
of Laws of Inverse Square; Deflection Magnetometer ; 
Vibration Magnetometer ; Hibbert's Magnetic Balance ; 
Coulomb’s Torsion Balance. 45. Comparison of Pole 
Strengths ; Determination of Pole Strengths. Exercises 
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TERRESTRIAL MAGNETISM 


46. Magnetic Elements of the Barth: Declination, Dip, 
Horizontal Intensity. 47. Declination. 48. Measurement 
ofDip. 49. Dip Circle not in Magnetic Meridian. 50. 
Absolute Determination of H. 51. Nature of Earth's Mag- 
netism and Magnetic Maps, Isogonic Line, Agonic Line, 
Isoclinic Line, Aclinic Line, Isodynamic Line, Magnetic 
Storms. 52. Sources of Terrestrial Magnetism. 53. Mariner's 
Compass. Exercises. 15 bs 
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1. Electrification by Friction. 2. Two kinds of Electri- 
city. 3. Repulsion is surer test of Electrification Examina- 
tion of the nature of Charge. 4. Positive and Negative 
Electricity. 5. Conductors and Insulators. 6. Sharing of 
Charge by Conductors. 7. Electroscopes :—Pith ball, Gold 
leaf. 8. Simultaneous and equal development of Electricity 
by Friction. 9. Theories of Electricity : one fluid, two fluid, 
Electron Theory. 10. Explanation Electrification by Friction. 
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Potential. 36. Electrical Screening. Exercises. M 

CHAPTER IV 
Capacity AND CONDUCTOR 


37. Capacity of a Conductor : Microfarad. 38. Capa- 
city of a Spherical Conductor. 39. Factors determining 
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LIGHT 


„L Light—we know from our childhood that objects are in- 
visible in darkness, but that they become visible in light. In fact, the 


The branch of Physics, which deals with the Phenomena regarding 
light and vision, is called Optics. This subject is divided primarily 
into three parts: Geometrical Optics, Physical Optics and Physio- 
logical Optics. Geometrical Optics deals with phenomena arising 
from the passage of light in various media in accordance with some 
observed laws and treats these cases purely from geometrical 
considerations. In Physical Optics we get theories of light and its 
Propagation. Physiological Optics deals with the mechanism of the 
human eye and the nature of Perception of light. 

2. Some Fundamental Definitions—Bodies are visible only by the 
light they send to our eyes and thus act as sources of light. They are 
either self-luminous or non-luminous. Self-luminous or simply lumi- 
nous bodies are those which by themselves emit light ; such examples 
are the sun, a lamp, a candle-flame etc. Non-luminous bodies have 
no light of their own but are visible only by the light that falls on 
them from different luminous sources. 

A substance, throuh which light can pass to a more or less extent, 
is known as an optical medium. Air, water, oil and mica are optical 
media. A medium may be transparent, translucent or opaque. A trans- 
parent medium is one through which light can pass most freely and 
hence bodies can be distinctly seen through such a medium ; air glass 
water, etc., are instances of transparent media. A translucent 
medium is that through which light can pass only with an appreciable 
loss and so objects cannot be distinctly seen through it ; oiled paper, 
ground glass, etc., are such media. An opaque medium (e.g., wood, 
Stone, gold, etc.) is that through which light cannot pass. A medium 
issaid to be homogeneous when it possesses the same physical and 
chemical properties at every point in it. When such properties vary 
from point to point, the medium is called heterogeneous. 

It is to be noted that the difference between opaque and trans- 
parent bodies is often a question of thickness, Thus a sheet of gold 
or silver is opaque to ordinary light ; but „when it is beaten into a 
very thin leaf, it would allow an appreciable quantity of light to 
pass through it. Again, a thin layer of water is transparent, but an 
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object at a considerable depth in a pond or a river may not be 
visible at all. 


3. Light is Energy—We have already discussed in General 
Physics that energy is indestructible, i.e.,the energy disappearing in 
one form reappears in another form. Light also is regarded as a form 
of energy, since it can be obtained from other forms of energy as well 
as it can be transformed into various other forms. 


Mechanical Energy and Light Energy—When there is a consi- 
derable friction between two hard bodies, heat is first generated 
which ultimately develops into sparks. This is an illustration of how 
mechanical energy is converted first into heat energy and then into 
light energy. A stone wheel used as an instrument sharpener offers 
a very common illustration of this. The reverse process of the trans- 
formation of light energy into mechanical energy also takes place. 
It has been found that light falling on a surface exerts a pressure on 
the latter, although its magnitude is exceedingly small. This pressure 
may be utilised in doing some mechanical work. In 1900 Lebedew 
actually made a thin platinum vane rotate by concentrating light 
upon it. 

Chemical Energy and Light Energy—NWhen a substance burns in 
air or catches fire, there is a chemical combination of the oxygen of 
the air with the substance. Here the energy of chemical combination 
is transformed into heat and light. Under certain circumstances, 
however, a reverse case takes place when light energy is converted into 
chemical energy. Thus when exposed to light and. then developed, 
certain salts of silver are reduced to metallic silver. This fact has 
been utilised in photography. 


., Electrical Energy and Light Energy—Modern electric lamps are 
illustrations of electric energy being converted Into heat and light 
energies. When an electric current is made to flow through the 
filament of the lamp, the latter grows hotter and hotter until it is 
white hot ; at this Stage the filament emits sufficient light. 


Light energy can as well be converted into electrical energy—1t is 
found that when exposed to light, certain alkaline metals (e.g. potas- 
sium, calcium and cæsium) emit electrons. The emission of electrons 


Sets up electric energy. This principle is utilised in modern talkies. 
and television. 


. Light is invisible—Light is a form of energy and hence it is 
invisible, although it makes Surrounding objects visible. If a beam 
of sunlight is allowed to pass into a dust-free room through a small 
opening, the track of the beam is not traceable. On now scattering 
dust particles in the path of the beam, they continue to fly about and 
shine as specks. It is, therefore, by the Scattering of light by tiny 
particles that we can trace a beam of light, 


4. Propagation of Light—In 1676 Olaf Romer, a Danish 
astronomer, established for the first time that light moves in free 
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space with a velocity of nearly 186,000 miles per second. To reach 
the earth from the sun, light requires nearly 8 minutes. The velocity 
is so great that a flash of lightning ina cloud ata height of one 
mile reaches an observer in 0:0000054 second. Thus, if a lamp 
be lighted in a room, light will almost instantanously reach every 
point of the walis. Ina denser medium the velocity of light is less 
than that in a rarer medium. 

5. Light travels in straight lines—In a homogeneous. medium 
light travels in straight lines. When a beam of light enters a darkened 
room through a small opening and is made visible by dust or chalk 
particles, the path of a beam is always found to be straight. The 
Weis Simple experiment illustrates the rectilinear propagation 
of light. 

S represents a candle flame (Fig. 1). A, B and C are three card- 
board screens placed on the same 


side of S, each with a small hole. $ 

Arrange A, B and C in sucha 

way that the eye on being placed Ü D 
against the hole in C can observe E 
the flame. It would be found that À 8 


the holes and the candle-flame are i (3 3 
ina straight line. If, however, Fig. 1—Rectilinear propagation 
any of the screens be slightly displaced from its original position, the 
eye cannot see the flame, for the light has been cut off. Hence the 
three holes must lie along a straight line for the light to pass through. 


A ray of light is the path along which light propagates. Usually 
the path is represented by a straight line, the direction of propa- 
gation being indicated by an arrow-head. A collection of rays is 
called a beam of light. A narrow beam is termed a pencil. A pencil 
may be divergent, parallel or convergent. To show the three types 
of pencils of rays, sunlight is focussed with an ordinary reading glass 
and the beam is made visible by scattering dust particles, 

In parallel pencil the rays run parallel to one another, so that 
the distance between any two rays remains the same (Fig, 2; as 
* MU A S and L). When 

ight comes from a point 

—— Source placed at a very 
great distance, the rays 
F MA within a limited space form 
A Sag practically a parallel pen- 
3 cil; for this reason the 

__ Fig 2—Forms of pencil of Light sun’s rays before being in- 

cident on the glass are taken to be sensibly parallel. In a conver- 
gent pencil the rays proceed towards a point. So the distance 
betweenany two rays gradually decreares (Fig. 2,as between L and F.) 
After emerging from the reading glass, sunlight is convergent to the 
point F. Ina divergent pencil the rays proceed in such a way that 
the distance between any two rays gradually increases as the light 
Proceeds (Fig. 2). Beyond the pcint F the rays spread out and form 
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'a divergent pencil. Proceeding from any point of a source of 
light, the rays spread out in all directions in the form of a divergent 
pencil. 

The most familiar illustrations of the rectilinear propagation of 
lightare: (1) formation of inverted images by a pin-hole and (2) 
‘formation of shadows. 

6. Illustrations of Rectilinear Propagation—A very small aperture 
'O in a card-board C (Fig. 3) produces on a screen S an inverted 
image A'B’ of the candle-flame AB. 


This can be explained in the following way—A ray from the 
point A proceeding along AO meets 
the screen at A’. Similarly, a ray 
A Starting from B passes through O 
and falls on the screen at B’. The 
B same is the case with the rays from 
the other points of the source. As 
all the rays pass through the hole 
Fig. 3—Image by a pin-hole O, we receive on the screen an in- 
'verted representation of AB. Since the two A? OAB and OAR 
are similar, it is clear that the size of the image A’ B’ is given by 
relation : 


A'B' distance of the screen from the aperture i 

AB distance of the source from tne aperture 
. Itisto be noted that with a large aperture the image becomes 
brighter but it gets blurred. The explanation is that a big aperture 
may be taken to be an aggregate of small apertures, each one of 
"Which will produce an inverted im- 
age on the screen; but as the im- 
ages partially overlap, the total 
effect becomes a blurred patch of 
light. 

Pin-hole Camera—It is simply 
à rectangular wooden box (Fig. 4) 
with a very small hole H on the 
front side and with a ground glass 
screen at the back,the interior of Fig. 4—Pin-hole Camera 
the box being painted black. If 
the hole is turned towards a bright object (say, a tree), an inverted 
image is distinctly seen on the ground glass. 

7. Shadows—An opaque obstacle placed in the path of light 
obstructs its passage and produces a Shadow behind it. The follow- 
ing are different cases of formation of Shadows :— 

(i) Point Source—Iu Fig. 5, L is a point source of light, AB an 
opaque object and S a screen placed to receive the Shadow. Limited 
by LA 2nd LB, a cone of light would be cut off by the obstacle AB. 
Between the lines LAA’ and LBB’ the Shadow A'B' is formed on 
the screen. If the screen is moved away, the shadow increases in 
area. 
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(ii) Extended Source smaller than the Obstacle—In Fig. 6, LL' is 
an extended source of light, AB an obstacle larger than LL’, and S is. 
the position of the screen. The Source LL' may be supposed to 
consist of several points placed side by side. From one extreme point 
L of the source, a cone of light ] 
limited by LB andLA, is obstruc- 
ted by AB and forms the shadow 
CF on thescreen S. Similarly limi- 
ted by L'Aand L'B,a cone of light 
from the other extreme point L” 
forms the shadow ED. Evidently 
the portion CL ofthe screen would 
Teceive no light from LB’ and 
would, therefore, be in complete — Fig.5—Shadow by a Point Source 
Portion of the shadow which is 4 
called the umbra. From some points only of the source the portiom 
EC or FD receives light. Such a portion is, therefore, in partial 
Shadow and is termed the penumbra. Within the penumbral region. 
the illumination continuously increases from the edge of the. 
umbra, 


Taken anywhere between regions E and C, a point P receives light 
only from the part of the 
Source lying above the 
line PA which is produced) 
Soasto meet the source. 
In the shadow, therefore, 
there are’ two regions— 
the umbra and the 
penumbra. Fig.7 gives a 
front view of the shadow 
formed on the screen under 
Fig. 6—Umbra and Penumbra Fig. 7 this condition. If the 
Screen is gradually moved. 
away, both the umbra and the penumbra increase in dimension. 


(iii) Extended Source larger than Obstacle—In Fig. 8 PQ repre- 
Sents a source of light large than the obstacle AB, The screen is 
placed at first at the position S. The source PQ may be supposed 
to be made up of several points. From P acone of light, limited 
by PA and PC, is obstructed by AB and forms the shadow KD* 
on S. Similarly, limited by QA and QB, a cone of light from Q on 
being obstructed, gives rise to the shadow CL on the screen. 
Evidently, the portion KL does not receive any light from P or Q. 
or from any other point of the source and is, therefore, in umbra, 
while the portion KC and LD receives light from a portion of PQ. 
and is partially illuminated. 


Itis to be noted that the umbral cone is convergent. As the: 
Screen is moved away, the umbra contracts in dimension, while the; 
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penumbra enlarges. At the position S, of the screen, the umbra is 
reduced to a point O and further away, as at S.,the umbra altogether 
ceases to exist. At this position the portions above M and below N 
are evidently in a partial shadow. Taken between M and N within 
the geometrical continuation of the umbral cone, any point receives 
light both from the bottom and from the top of the Source, but not 
Írom the central part and thus becomes partially illuminated. Hence 
at such a position the shadow consists wholly of penumbra and it is 
Sometimes called a negative shadow. Looked at from anywhere 
between M and N, the source would be seen as a lighted ring around 
a central dark spot (as shown by UV), The dark spot is due to the 
opaque body AB. On looking at PQ from the penumbral region MS, 
or ND;, the appearance presents YZ. 


t 
SS 
` 
D 
, 


' 
D 
L 
' 
' 
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Examples : 


1. A small hole is made in the window shutter of a room 10 feet wide and 
an image of a tree outside the room is cast on the opposite wall. Ifthe image 
is 4 feet high and the tree is 30 feet from the window, what is the height of 
thetree? Explain the formation of the image. 
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Ans. Fora pin-hole camera 

size of object f size of image 
distance of object from hole distance of image from hole ` 
If the height of the tree be x ft., we obtain 


x 4 
30 jo Whence x=12. 


, Hence the required height of the object is 12 feet, which shows that the 
1mage is smaller than the object, 


_ 2. A uniformly illuminated globe, 1 foot in diameter, is placed at a 
distance of 3 feet from a tennis ball, 3inches in diameter. Find (a) the length 
ofthe umbral cone, and (b) the cross-section of the umbral cone whena 
screen is placed at right angles to the line passing through the cnntres of the 
globe and the ball and ata distance of 8 inches from the centre of the ball. 
Find also the diameter of the penumbral cone at that position, 


Ans, The adjoining figure (Fig. 9) shows the arrangement, in which PQis 
the diameter of the globe, KL that of the tennis ball, KOgL the umbral cone, 


TTE ; 
TELTTTLE LITTLE 
Hin 


Fig. 9 


O and O; the centres of the globe and the ball respectively and MN and RT 
the diameters of the umbral and penumbral cones at the position of the 
screen SS. 


From data, PQ=1.ft.=12 in., O0, —3 ft:=36 in, KL-3in. Let X the 
point of intersection o£. OO; and the screen. | Then O,X 8in. Let the length 
of the umbral cone O0 be x inches. 


(a) Now from the similar A* POO, and KO,0, it follows 


Qo - io. or, M whence x=12 in 
1v2 1 


Again, from similar A? MNO, and KLO, we get 
MN. XOF ,. MN, 0,0,-O;X, 12-8 1 


KL 09:0,  "' KL- 0105 125 -3 


or, MN =}KL= pol in. 


Thus the radius of the umbral cone is 0'5 inch. 


b) Hence the cross-sectional area of the umbral cone=(3'14X0 5%) sq. in.— 
Me ihr "Now suppose PL and QK meet at Z. Then since A? PQZ and 
KLZ are similar, 

OZ _PQ OZ .,,PQ 

OZ KL or, tZ LED 

36 —1412 or 38 =5, whence 0,Z=72 
or Oz 1+ 3 0i OZ > 1: 
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Again, A? RTZ and KLZ are similar 


RT xz aii MOG XO. 
SSS Oz a SEE Ge EL oa 


lhe 1d iem 
or, RIX 6:33. 
Hence the diameter is 6:3 inches, 


8. Eclipses—The principle of the formation of shadows easily 
explains the eclipses of the sun and the moon. The earth is moving 
round the sun and the moon revolves round the earth, each ina 
definite orbit and with a definite periodic time. 


The solar eclipse occurs at a new moon, when the moon comes 
between the sun and the earth. Asthe sun is much larger than the 
moon, there will be umbral and penumbral cones behind the moonM 
as in Fig.8. Now these cones do sometimes touch the earth's surface. 
At other times they do not. Two reasons are there. One is that the 
plane of the moon's orbit round the earth is inclined at an angle 
of about 5? to that of the earth round the sun, so that at some new 
moons the moon might be so much out of the plane ofearth's orbit 
that the shadow does not touch any region of the earth. The other is 
that the distances of the earth from the sun and the moon vary, so 
that the length of the moon's umbral cone varies ; so the earíh is 
Sometimes within the apexon the umbral cone (Fig.9) and some- 
times beyond it. Hence at every new moon we do not get a solar 
eclipse. The greatest length of the moon’s umbral shadow cone 
is about 236,000 miles and the least is about 228,000 miles. The mean 


value is about $ (236,000-+228,000) miles, Le, 232,000 miles. The 


mean value of the earth’s shadow cone is about 257,000 miles. When 
seen from any part of the earth within the penumbral cone, a part 
only of the sun’s disc is Seen, as XZ in Fig. 8 and the eclipse is 
called partial, Seen from any part of the earth within the umbral 


UV in Fig. 8 ; the eclipse is then called annular. 


The lunar eclipse occurs at a full moon, when the earth passes bet- 
ween the sun and the moon. As the sun is much larger than the earth 


= Se EN 
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there will be umbral and penumbral cones behind the earth, as in 
Fig. 10. Thesize of the earth is such that the apex of its umbral 
cone is always well beyond the moon’s orbit, so that at no time can 
annular eclipse take place. When the moon is completely within 
the umbra of the earth's shadow, the eclipse is total. When the moon 
is partly in the umbra and partly in the penumbra, the eclipse obser- 
ved is partial. As the orbit of the moon is inclined at an angle of 
about 5° to that of the earth, it follows that the sun, the earth and 
the moon are not generally in the same plane. Lunar eclipse, there- 
fore, does not occur at every full moon. 


Example : 

The diameter of the sun being taken as 900,000 miles and that of the moor 
2100 miles, find the distance of the earth from the moon when the eclipse is tota 
only ata point. Also find the area on the earth over which the eclipse is total 
the distance of the moon being 2,09,000 miles, (The earth is assumed flat for the 
purpose, From the earth the distance of the sun is 9X 107 miles.) 

Ans. In the annexed figure S is the sun, M the moon and -E the position o! 
the earth when the eclipse is total ouly at a point. 


Then SA-PXIU mites ; MB- 200 miles and SO 9x 107 miles. 


Now to find MO which is the distance of the earth from the moon, 


MO_SO MO _ 9x107 i 
MB Sa or i050 45x10? whence MO=2,10,000. miles 
Let E' be the second position of the earth ata distance of 2,09,000 miles. 
Then CD is the radius of the area on the earth’s surface within which the eclipse 


is total. 


A 


Fig. 11 


CD_MB or, cD 100 , whence CD=5, 
CO MO’ ” 210x103—20»x10* 2,10,000 


Hence the area, over which the eclipse is total, is 


Hence 


=rr?= (3x 25) sq. miles=78°57 sq. miles. 


9. Photometry—Since light is a form of energy, it is measured 
in terms of certain units. Photometry is that part of Optics which 
deals with the comparison of relative brightness of two sources o 
light or of two illuminated surfaces. At UNE 

i tter of common experience that when an object is he 
in por ofa candle Pars and also when the candle-flame is EPA 
by an electric lamp, it gets more brilliantly illuminated. Indeed ae 
amount of light received by a surface from a source depends on (i) the 
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area of the surface, (ii) the distance of the surface from the Source, 
(iii) the illuminating power of the source, and (iv) the inclination of 
the surface relative to the source. 


The intensity of illumination (or, simply the illumination) at any 
Point of a surface is measured by the quantity of light falling in one 
second on a unit area round the point, provided that every element 
of the unit surface is equally illuminated. 


Let S be an element of area of some illuminated surface and on 
the surface let Q be the quantity of light incident per second. Then 
if the surface be uniformly illuminated, the intensity of illumination 
(D) at any point of the surface is given by 

i= g PACH 

The foot candle is a practical unit of the intensity of illumination. 
It isthe intensity of illumination of the inside white surface of a 
hollow sphere of radius one foot due to standard candle burning at 
its centre. In the C.G.S. system the unit is the centimetre-candle 
or the metre candle. A metre-candle is defined in a similar way as 
the intensity of illumination on an inside white surface of a hollow 
Sphere of radius one metre when a candle burns as its centre. 


Sometimes the brightness ofa surface is measured in terms of 
lumen which is the quantity of light falling per second ona square 
foot of the surface placed normal to the rays of light at a distance 
of one foot from a standard candle. Thus one foot-candie is one 
lumen per square foot. 


The illuminating power (or the luminous intensity) of a source of 
ight is measured by the quantity of light that falls in one second on a 
urface of unit area placed at a unit distance from the source, the 

light falling perpendicularly upon every point of the surface. Hence 
the illuminating power of a source is the same as the intensity of illu- 
mination at any point of a uniformly lighted surface placed at a unit 
distance from the source, the light falling normally upon the surface. 


Candle-power—The candle-power is the unit in which the illumi- 
nating power of a source is generally expressed. It expresses the 
ratio of the illuminating power of the given source of light to that 
of a standard candle. It, therefore, gives the number of standard 


candles which together would produce the same illumination as the 
given source. 


The standard candle is a candle of spermaceti wax, $ inch in diameter, 
weighing six to the pound and burning at the rate of 120 grains per hour. As 
the inteasity of light even from a standard candle is affected by the purity and 
pressure of air, the candle is not at present used asa standard in accurate 
measurements of illuminating powers, though the term candle-power has been 
retained. The Standard, now generally used in England, is the Vernon- 

arcourt Pentane Lamp, in which burns a mixtureofair and pentane vapour. 

entane is a light volatile oil derived from paraffin. When properly adjusted, 
such a lamp is equivalent to 10 standard candies, so that its illuminating power 
is 10 C.P. Of late the standard of illumination is obtained by heating a black body 
to a known high temperature when it radiates light uniformly in all directions. 
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Law of Inverse Square—In Fig. 12,S represents a point source 
emitting light in all directions at the rate of Q units per unit time. 
Let a spherical surface A, be drawn with its centre at S and radius 
equal to r,. Evidently this surface gets uniformly illuminated. Hence 
the intensity of illumination (1,) at any point on A, is given by 


OO Ez s 
area of A, 4mr,? so 
If instead of A,, a second sphere A, be drawn with the same 
centre but with a larger radius rs, the intensity of illumination (I3) 


at a point on Ag is given by I, = 


I, 


zrg” 

EARE Qstar 

Therefi es —- c 
herefore I; 4mrj|4szr,? mr? . (10.2) 


The above relation shows that the ratio ofthe intensities at the 
two points is inverse to that of the squares of their respective distan- 
ces from the source of light. In other words, 
the intensity of illumination at a point due to 
à given source varies inversely as the square 
of the distance of the point from the source. 
In Optics this is known as the Law of In- 
verse Square. 


Expression for Intensity—If in equation 
(10.1) we put r,—1, then I, would denote 
the intensity of illumination ata unit dis- 
tance, which is, by definition, equal to the 


illuminating power P of the source. Fig.12 
Let the intensity of illumination at any distance r be denoted by I. 
Then from (10.1) we have, T=, —7 (10,3) 


Hence the intensity of illumination at any distances is the 
quotient of the illuminating power ofthe source and the square of 
the distance. For example, if the illuminating power ofa lamp be 
60 candle-powers, the intensity of illumination of this lamp at a dis- 
tance of 2 ft. is 15 foot-candles, that at a distance of 3 ft. is.6*6 foot- 
candles and so on. 

11. Principle of Photometry—If two sources of illuminating 
powers P, and P; respectively produce the same intensity of illumi- 
nation at two adjacent portions of a screen and if the distances of the 
sources from the screen ber, and rẹ respectively, the intensity of 
illumination (I) is given by : ? 
uP. LP) op Por (1.1) 
HE rtr ORI PE: 

Hence the illuminating powers of two sources are directly propor- 
tional to the squares of their respective distances from the screen at 
which they separately produce the same intensity of illumination. It 
is to be noted that the above relation holds good, only when the light 
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from the two sources is ofa similar colour and incident upon the 
screen under an identical condition. 


12. Photometric Measurements—Any one of the following 
apparatus enables us to compare the illuminating powers of two 
sources of light. 

(i) Rumford's Shadow Photometer—In this photometer (Fig. 13) 
an opaque rod Ris placed vertically in front of and closeto a 
screen S of ground glass or unglazed white paper. Two sources 
of light (L; and La), whose illuminating powers are to be compared, 
are placed in front of the rod. On the screen the two light sources 
cast two separate shadows (S, and S4) of the rod. One of the sources 
being kept fixed, the other is 
moved properly till the two 
shadows are near each other 
and appear to be equally 
illuminated. The shadow S, 
due to L, receives light from 
L, and the shadow S, due to 
Lo receives light from L,. As 
the two shadows are of the 
same shade,the intensity of illu- 
mination at the region of the 


Fig, 13—Rumford's Photometer 
shadows due to either source is the same as that due to the other. 


,. Hence if P, and P, be the illuminating powers of two sources and 
ifr, and ra be their respective distances from thc shadows, the 


intensity of illumination at the place, where the shadows are formed, 
is given by : 


Ix Pa and t=P2, So that Pr Pa or Pe ie 
r 


ry? Uu ry 2° Paw ra? 3 
NI 
whence ae -..(12.1) 


Now r, and rz being obtained by direct measurement, the illu- 


minating power of one source of light i 
Rom ght can bc found in terms of that 


(ii) Joly's Photometer—This photometer is more accurate than 


Rumford's. It consists of two small 
equal to thickness and placed ma aia dis 


face to face with a sheet of glinfoil 

tin foil between them (Fig. ¿$ t 
14). The sources are placed f| A  . TANINAR RR TAERA 
one on either side, and their 

distances are so adjusted that wax 

the slabs appear equally illu- Fig. 14—Jolly’s Photometer 


minated when viewed along 
the edge. On either side of the tin-foil the intensities of illumina- 
tion of the two sources are evidently equal. 


Then pm 
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(iii) Bunsen’s Greased-spot Photometer—The following is the 
principle on which the working of this instrument depends :— 

A sheet of white unglazed paper with an oil or greased spot near 
about the middle is held betweed the eye and the source of light. The 
spot appears brighter than the rest of paper. As the grease-spot 
is more translucent than the paper, it transmits a greater portion of 
light. If observed from the same side as the source, it appears darker 
for in comparison with the paper surface, it transmits a greater 
amount of the light incident on it and so sends back less to the eye. 


In Bunsen’s Photometer (Fig. 15) the screen G consists of a sheet 
of white unglazed paper witha grease-spot of suitable size at the 
centre. The sheet of paper is held in a convenient frame and is placed 
between the sources L, 
and L, whose illumi- 
nating powers are to 
be compared. The 
heights of the screen 
and of the two sources 
are adjusted, so that 
their centres are on 


the same horizontal ; 2 , 
HEU VOE THe Fig. 15—Bunsen’s Photometer 


sources being kept fixed the distance of the other from the screen is 
gradually altered, till on looking from the either side the spot cannot 
be readily distinguished from the the rest of the paper surface. 


It can be proved that under this condition the intensity of illu- 
mination at any point on the screen dus to the sources is the same. 
(Vide J. Chatterjee’s Intermediate Practical Physics.) 


Let P, and Pg be the illuminating powers of the sources Ly and Ls» 
respectively ry and ra being their respective distances from the screen. Let qi 
and qa be the qiantities of light falling on a unit area of the screen from Li, 
and Ly respectively. Let a and b be the portions of a unit quan'ity of incident 
light, diffusively reflected from the ungreased and the greased surfaces respect- 
ively, Taea (1!—a) and (1—b) represent the portions transmitted through the 
ungreased and the greased portions. T ai: 

View the screen from the side of the source Ly. Of the light incident from 
Lı» the part reflected by a unit area of the greased surface is (bxq1) and of the 
light incident from Lg, the part transmitted by a unit area of the greased surface 
is (1—5)g;. H " 

HEUCER E total quantity of light reaching the eye from a unit area of the 
greased surface =bg; +(1— biga. ý d 

Similarly, the total quan'ity reaching the eye from a unit area of the 
ungreased surfac: =ag,+(1—a)go- A 1 i 

When these two porous are made equally bright, the two quantities of light 
must be equal, so that ; 

Lube mié, roe aqu: ga 
or, :a—b)gi—(a—b)ge. . $ : 

Division by (a —5) is permissible at this stage, for a and b being unequal, their 

difference (a —b) is not zero. Hence q1 —4»» 89 that 
P. Bp i Pris 


Now ri and rz being obtained by direct measurement, the illuminating 
powers of two sources may be compared. 
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Examples : 


1. Two lamps of 8 C.P. and 32 C.P. are fixed 120 cm. apart. Find the 
position on the line joining them where a screen would Fe equally il'uminated. 
(U. P. B.—1951 ; Raj. U.—1951 ] 


Ans. Letthe screen te placed x ft. distant from the lamp of 8 C. P. Then its 
distance from the other lamp is (120—x) ft. For equal illumination on the screen 
we then have, 

8 32 (120—399... 

xi^ (120—x)” oR x Jg 


. 224,105, whence x=40 or, —120. 


or, =+2. 


120-x 
x 


Case I. Consider the case x=40, From the former lamp, therefore, the 
distance of the screen is 40 ft., so that the distance o" the scr: en from the 32 C.P. 
lamp is (120—x) ft. or 80 ft. Therefore the screen ix placed at some in ermediate 
position between the lamps and this is the arrangement of Bunsen's Photometer. 


Case II. Consider the case x=--120. The dis'ance of the screen from the 
8 C. P. lamp is thus —120 ft. The negative sign indica‘es that the screen is to be 
placed 120 ft. behind the weaker lamp so as to be away from the stronger lamp 
by 240it. This is the arrangement in a Rumford’s Photometer. 


2. In a darkened room a Jamp and a standard candle at a distance of 
10 decimetres and 15 decimetres respectively from a vertical stick cast shadows of 
equal intensity to fall side by side upon a screen 20 cm. behind the stick. Find 
the C, P. of the lamp. 

Ans. From the screen the distance of the lamp=(10x 104-26) cm. —120 cm. 
and that of the standard candle (15 x 10-20) cm.— 170 cm. 


Let the candle-power of the lamp te P. 


P 120? 144 ,.. y : ANE 
t erac emi) Di n X th ame, the 
Then i 1702 7389 05, nearly Since the intensity is the sam 
required C. P. is 0°5. 


13. Experimental verification of the Law of Inverse Square.— 
Take a Bunsen's Photometer. Place one candle on either side of it 
and four similar candles mounted ona similar stand on the other 
side. Adjust r or rg till the surface of the screen appears to be uni- 
formly illuminated. It would be found that rg—2rs, where r, is the 
distance of the single candle, andr, that of the combination from 
thescreen. Now on the strength of the inverse square law of 
intensity, we get 

P, illuminating power of 4 candles _ 4 
P, illuminating power o1 1 candle ^ 


so that by the law of inverse squares ras Pizy, OT rg=2r4, 
y Pet Pa 
L 


To judge the exact equality of the intensities on the screen is, 
however, a matter of extreme practical difficulty. Soa number of 
readings of r, and r are to be taken and from each pair the ratio 
isto be calculated. The mean value of this ratio would be very 


nearly 4. 
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A very accurate method of varifying the law of inverse squares is 
given below. The comparison lamp A consists of an electric bulb 
of a special design and is connected always to a battery of cells 
D through a standard adjustable rheostat E (Fig. 16). By regulating 
the rheostat, current flowing through the bulb, and hence its illu- 
mination, may be controlled. By varying the position of the 
rheostat the candle-power of the bulb is directly read on the 
meter C. Sucha lamp serves as a source of light of known variable 
illuminating power. 


On a Rumford's or a Bunsen's Photometer place the comparison 
lamp A and another light L in their usual positions and measure the 
corresponding distances 
(d, and d;) from the 
screen. To make an equal 
illumination on the 
Screen adjust the rheostat 
and take note of the 
candle-power of the 
comparison lamp, which 
is given by the meter C. 
Call it P,. Then alter 
the position of the light 
L so that the distance 


een is no’ 
ER V position s the Fig. 16 —Verification of Inverse Square Law 


comparison lamp being kept unchanged, readjust the rheostat so as 
to equalise the intensity of illumination of the screen and note its 
candle-power. Let it be P,. It will Qu be found that 
P 
Pid,’ = Pada”, uo =g 

This verifies the law of inverse squares. Let the candle-power 
of the light under investigation be P. When it is placed at a distance 
d, from the screen, the intensity I, on the screen is P/d,*. Similarly, 
the intensity I, at a distance a is P/ds?. 

P i 
a? and I,— d, 
or, I44,?—I,d,?, which follows from the Inverse Square Law. But 
experimental arrangements ensure that 


POE 
dat wa" 
2—P.d,?. ^ 
ewe for Oblique Illumination—Let O be a point 
source of light, and AB a very small element ofa plane surface of 
area a placed in the path of rays, such that the rays incident at the 
central part of the element make an angle @ with the normal to E 
surface (Fig. 17). Evidently, if the plane surface a be very small, «n 
the rays meet the surface at approximately the same angle ani 
therefore, 0 can be taken to be the same all over it. 


Hence I,— 


E 
and ,— as 
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The total amount of light incident on the surface AB will be con- 
fined within a cone of light from O containing the surface. If the 
quantity of light passing through any section of this cone per second 
be q, the illumination per unit area of the surface AB is g/z. This 
is defined to be the intensity of light for an oblique incidence @ and 
is denoted by I’. In other words, I'— q/a. 


Fig. 17—Oblique I!Jumination 


On this cone draw a normal plane section BC passing through the 
point B. The area of this section is a cos 0, where 6 is the angle 
between the two plane surfaces. The intensity of light (I) on the 
surface BC is q/a cos b. 

q um since I'-£ 
acos0 cos 9 

or l-Icos. : 

Now if P be the illuminating power of the source and d be the 
distance of the surface from the source, 


n I= 


lef. Hence r= cos 6 (14.1) 
Thus the intensity for oblique illumination varies directly as the 
cosine of the angle of incidence and inversely as the square of the 
distance of the element from the source. Hence the distance 
remaining constant, the intensity oflight on a surface diminishes 
continuously as the rays of light are inclined more and more to the 
normal on any side, for cos 0 diminishes with an increase of 0. This 
partly accounts for the fading of the sunlight from midday towards 
the afternoon. 


latrinsic Luminosity—When the source of light is an extended 
one (e.g. the sun or a sheet of platinum raised to incandescence), 
every point of the surface acts as an independent point source of 
light. The emission of light being assumed uniform in all directions, 
the luminosity is then measured by the amount of light given out by 
a unit area of a surface. The intrinsic luminosity or brightness of a 
surface is defined to be the amount of light emanating per second per 
unit area of the surface and incident normally ona unit. area placed 
at a unit distance from the surface. 


Examples : 


1. A standard candle and a gas flame are placed 6 ft. apart, the gas flame 
being of 4 candie-power. Where must screen be placed on the line joining the 
candle and the flame, so that it may be equally illuminated by both of them ? 

[Raj. U.—19:0] 
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Ans. Let ths distance of the screen from the standard candle be x ft. 

Tnen its distance from the gas flame=(6—x) ft. r 
i Due to the standard candle tne Gera of illumination on the screen is 
.3 and that due to the gas flame is =x" 


For equal illumination, we have, pk EDT (x—6)?*—4x2, 
x* (6—x)* 
Jo X¥-6=+2x. 
or, x=—6or 2. 

The two values of x give two possible positions of the screen :— 

(i) When x =—6, tne screeais at a distance of 6 ft. on the opposite side of 
the standard candle and the gas flame is at a distance of 12 ft. from the screen 
on tae same side as the candle. This answers to the arrangement for Rnmford's 
Photometer. 

(ii) Waen x=2, the screen is placed at a distance of 2 ft. from the standard 
candle; the gas flame then is at a distance 4 ft. from the screen. Therefore, the 
screen must oe placed between the gas flame and the standard candle. This 
corresp nds to the arrangement for Bunsen’s Photometer. 

2. A satisfactory photographic print was obtained when the exposure was for 
20 seconds ata distance of 2 ft. from a 20 C. P. lamp. At what distance must 
the sane print exposed for 36 seconds be placed from a 25 C. P. lamp to obtain 
an equally satisfactory print ? [E. P. U.—1953] 

Ans. The print action on a photographic plate is proportional to the quantity 
of light incident on it. S» for the two prints to be equally satisfactory, the a nount 
of ligat incident on both the plates must be equal. Let the amount ot light be Q. 
_ Then on the first plate the quantity of light incident per second — intensity of 
illumination on it—Q/20. Similarly, the intensity of illumination on the second 
Plate=Q/36. Let the distance of the plate from the 25 C. P. lamp be x ft. 

Accordingly we get. 


Q 20 Q 25 25x36 20? 

20723 and 3672" or Sa = op 
or 3x6 n or 10x=30, whence x=3, 

x 


the negative sign in extracting the square root being discarded, for the distance 


cannot be uega ive. — - 
Thus the required distance is 3 feet. 


3. A20C. P. lamp is suspended 4 ft. above the centre of a square table of 
side 6 ft. Fiud the illuminations at the centre of the table and at the corners. 
[Gau. U.—1955} 
Ans. Since light is falling normally at the centre of the table, the intensity 
of illumination at this part is 
con or 1°25 foot-candles or lumens per sq. ft. 


Fi I tary geometry it is Clear that the distance between the corner of 
the fans pir pes eoe is $2 ft. Hence the distance x of the lamp from any 


corner ds x3 —(3/2)? -4?, whence x ^/34, 
Ni og obese DR Et D 
where evidenently cos 0— Zu 
Hence the oblique intensity (1') at any corner is given by 
Arpa (2x Ja) ft. candle=0°4 ft. candle. 


Pt. 1/L—2 
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4, The lines joining the points A, B, C form an equilateral triangle. D is 
the middle point of the side BC. Sources of light placed at B, Cand D are found 
to illuminate the screen at A equally. Compare their candle-powers. 

[Par. U —1951| 

Ans. Let ABC be the equilateral triang’e of side x, and D the middle point 
of BC (Fig. 18. Then AD bis.c s the / BAC which is 60°. 


AD. v3 v3. 
a AD _ ray ES =V3y, 
Now AB sin 60° 2 whence AD 2 


Since the illumination on a screen depends upon the dis- 
tance from the source as well as on the inclination of the 
rays falling on the screen, tre Candle- »owers of the sources 
might have various value: de»endi ig upon the inclination 


D of the screen olaced at A For simolicity assume that the 
Fig. 18 screen is placed perpendicular to AD — Thea at A the 
Ez UD: AP. 
illumination of a light of candle-power P; b= 


Again, placed at B or C,a LS of candle-power Ps would at A produce an 
| eed P 3 
illumination Tu €osZ CAD 7 75. Ps. 
Condition of equality of illumination leads to 
4P, PevV3 
33787 whence PELIE 
So the candle-powers are in the rati 81:1: =" Le, 8:8: 3V3. 


EXEROISES ON CHAPTER I 


Reference 

Art. 6 1. Descrihe a nin-hole camera and explain the effect of | 
(a) enlargirg the hole, and (b) doubling the dista ce between | 
the ho!e and the screen. (C. U.—1953) 

Art... 6 2. A dark room, 10 ft. square, with white wal's has a 


small hole at the cen re of «ne wall, Outside the ho'e and at 
a distance from it is a tree 50 ft, high. An image of the tree, | 
8 incres high. is 'ormed on the opposite wall. How far is the 
tree from the wall ? 

Art, 5 Explain how the formation o*the image of the tree proves 
the rectilinear pro agation of light. What other ex eriments 
can you perform to show that ligat travels in a straight line ? 

(Utk. U.—1958) 
Ans. 750 ft. 


Art, 6 3, Exolain with the aid of diagrams the different types of 
shadows wh:ca may be formed. In your exp'ana'ions mike 
clear the meaning of the terms *umbra' and ‘ .enumbra’ 

(U'kit t. —1961) 

Art, 7 4. Di-tirguish between umbraa d penumora T idicate the 
formati n of umbra and pen imb a due to a spherical oost'acle 
if the -ource of lig st is a luminous sphere, (a) when the latter 
is lager "ha the obsracle, (b) when i' is smaller (C.U 1 60) 

Art. 8 5. Explain bv meas of suitabl: diag a ns the occurrence 
of luna a-d solar eclipses. (C. U.—1 20; Dac. U.—1935; 

Par. U.—1927) 

Art. 8 6. Howissolar eclip.e caused? Drawa diagram of the 

rays to show how aaa n ilr ec'ipse of 'hesua iy firmed, Why 

is an anuular eclipse of the moon not visible ? (B. H. U—1963) 
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7. The radius of the sun is 100 times that of the earth and 
the dis'ance of «he moon from the earth is 60 times the latter, 
while the sum is 93x 109? miles away. Find the le gth ofthe 
eartn's umbral cone and alo the diame'er. of its Cro s-section 
ata distance equal to thatof the moon. (The radius of the 
earth is 4000 miles.) 

Ans. 939934 miles ; 5956 miles. 

8, Define ‘candle-power’ of a lamp. 

Two sources of light, each of 2 C, P.,are placed on the same 
side of g ease-spo! pho'ometer. One is atadi.tance of 1 ft. from 
the sp» and the other 2 ft. Where must a third sou ce of 5 C. 
P. be placed. in order that the appearance on. each side of the 
photometer may be the same ? [Dac. U.—1953; B.H. U.—1°6)) 

Ans. \/2(t. from the spot and on the other side of it, 

9. D fine ‘intensity of il'umination' and ‘illum‘nating 
power‘. Describe how the illuminating power ot two s urc s of 
light may be compared. [U P. B.—19'1, Cf. 1°65 ; Pat. U.— 
1953 ; Mad. U. — 1950 ; Utk, U.—1954 ; V. U.—1952 ; Gau, U.— 
1959 ; E. P. U.—1958) 

10- Two source of light are 100 cm. apart. A Bunsen 
Pho'ometer is adjusted to such a ro-ition on the straight line 
joining them that thegreased spot cannot bedis'inguished from 
the rest of the s irface, The two sou ces a en»w interchanged 
and it 1s found that the photometer has to be moved through 
30cm to case the spot to disappear again. Calc ilate the ra io 
of the illuminating powers of the two sources. [UtkalU.—.961] 

Ans, 159: 49. 

11. A print on a bromide paper is found to be satisfactory 
when the printing frame is held ar a distance of +0 cm. from a 
32 candle power elec'ric lamp. At what dissance must it be 
held from a 16 candle-power lamp, in order that exposure for 
the same time will give aa equally satisfactory res l? 

[P. U.—1964) 
Ans, 568 cm. (nearly) 

12. A standard candle a 1dlamp producethe same intensity 
of illumination when their distances from a screen are 16 cm. 
and 89 cm, respectively. Calculate tee candle-pawer of the 
lamp. (Mad. U.— 1959) 

Ans. 52C.P. 

13. A pho'ographic print is found to be sati factory, when 
exposure was for 15 seconds ata distance of 2 feet froma 16 
candle-power lamp. At what distance must the same pa»er be 
held from a 3? candle-power lamp in order tha’ exposure of 20 
seconds will give the same result ? 

1Nag. U.—1954 ; Del, U,—1962 ; P. U.—1958] 


Ans. 326 ft. 
.. M, Describe Rumford’s Photometer for comparing the 
illuminating powers of two lamps. (E. P. U.—1953] 


15. Describe a Bunsen’s Photomeier and exolain its 
worki: g IE. P. U.—:1951 ; U. P. B.—1947 ; Mad. U.—1945 ; 
R. P. B.—1958, '62] 

16. An electric lamp hangs h ft* above the cert-e o"a 
circular table cf diameter d Snow that the intensity of illumi- 
nation at the centre is 1+¢2/4h? tta.es that at the edge. 

[Raj. U.—1954] 
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Reference 
Art. 8 


Arts, 
9& 12 


Arts. 
9& 12 


Art. 12 


Art. 9 


Art. 9 


Art. 9 


Art. 12 


Art. 12 


Art. 13 


20 


Reference 
Art, 12 


Art. 12 


Act, 10 


Act. 13 


Act, 12 


Arts. 
9414 


Act. 13 
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17. Two lamps of 25 C. P. and 16 C. P. are placed 90 cm apart. 


At what point on the line joining them will they produce the 
same intensity of illumination ? (P. U.—1961) 


Ans, 50cm. from the 25 C. P. lamp. 


18. Light from a 32 C. P. lamp falls on a silvered mirror and 
is reflected thence to a grease-spot photome'er. The distarce 
from the lamp to the screen is 150 em. Ifthe mirror regects 90% 
of light, where should it be placed in order that the greased spot 
disappears ? 

Ans. "71. ċm. from the greased-spot. 


19. Prove that the intensity due to a point source of light varies 
inversely asthe square ofthe distance from the source. Would 
you expect the intensity of a search light to vary according to the 


same law? Give your reasons. [Gau. U.—1962) 
20. Writea note on Inverse Square Law of Intensity of Illumi- 
nation. [Del. H. $,—1963] 


21. Ifa 100 C. P. lamp is suspended 6 ft. from a wall, calculate 
the intensity of illumination of the surface (a) at a point P nearest 
the lamp, and (5) at a point C 4'5 ft. away from P. 

[U. P. B.—1963] 
Ans. (a) 2"77 foot-candles; (b) l'4foot-candles. 


22. A25C,P.lamp isplacedata distance of 3 ft. froma 100 
C. P, lamp, and a paper placed in between is equally illuminated 
on both sides, Tee 25-C, P. lamp is moved 2 ft, farther off. How 
far should the screen be moved from its positoion so that it is 
again equally bright on both sides ? 

[E. P. U.— 1961] 


Ans. 1j ft. 


23. Two lamps A and B illuminate a photometer screen equally, 
when their distances from it are 60 cm. and 30 cm, respectivela A 
plane mirror with its reflecting face a right angles to the axis of the 
photometer bench is placed 7'5 cm. from Bonthe side remote 
from the screen, and A has thento be moved 9 cm. nearer the 
screen to restore the equalitp of illumination. Compare the 
candle-power of B with the effective candle-power of its image 
formed by the mirror. [Gau. U.—1965] 

Ans. 115 : 999. 

24. Define—luminosity, intensity of illumination, intrinsic 

luminosity and candle-power. Show how they can be determined. 
[B. H. U.—1951 ; P.U.— 1952 ; Mad. U.—1964 ; Del. U.— 1963] 


. 23 Describe an experiment to verify the relation between the 
intensity of illumination ata point and the distance of the point 
from the source. 

(Nag. U.—1964 ; Pat. U.—1954 ; Mad. U.—1958] 
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ii CHAPTER II 
REFLECTION AT PLANE SURFACES 


15. Reflection—In a homogeneous medium light travels in a 
| straight path. But when it meets the surface of a second medium, the 
b. follewing phenomena take place :—(i) A portion of light is turned 

back (orreflected) into the first medium. (ii) Another portion is 
| absorbed at the surface ofthe second medium. (iii) Provided that 
| the second medium is transparent, a third portion travels into the 
second medium usually along a different path ; this portion is said 
to be refracted. " 

The portion of the incident light, which is reflected, may undergo 
regular reflection, in which case the reflected beam of light takes up 
a definite direction according to two laws, known as the laws of re- 
flection. In Fig. 19(a) the shaded line represents the surface of sepa- 
ration of two transparent media and the lines with arrow-heads re- 
present the incident and reflected beams of light. 


In diffused reflection [Fig. 19(b)] the light is scattered in various 
directions from every point of 
the surface. This takes place 
when the reflecting surface is 
not smooth, such asa piece of 
paper, the wall of a room, etc. 
It is by this scattered light that 
opaque bodies are rendered (a) Regular (b) Diffused 
| visible. Fig. 12—Reflection 
| Regular Reflection—A ray of light IO (Fig. 20) is incident on a 
a N « ^ Mc NE surface AB at O and is re- 
R j | flected along OR ; ON is drawn perpen- 
dicular to the surface at the point O. 
Then IO is the incident ray and OR is 
P  thereflected ray. The point O is called 


A 


X the point of incidence and the line ON 
ou drawn perpendicular to the reflecting sur- 
“A face at the point of incidence is termed 


| |. Fig. 20—Regular Reflection the normal at the point of incidence. 

The angle ION, which the incident ray IO makes with the normal 
ON at the point of incidence, is termed the angle of incidence and is: 
generally designated by the symbol i. The angle RON, which the re- 
flected ray OR makes with the normal atthe point of incidence, is 
called the angle of reflection and is generally symbolised by r. 

Mirror—Any highly polished surface, that reflects light regular]; 
may be termed a mirror. The surface of clean mercury, a polish; 
metallic surface or the surface of an ordinary looking glass acts 
a mirror. 


=- we 
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16. Laws of Reflection—Regular reflection always takes place in 
accordance with the following two laws :— 

(1) The incident ray, the normal to the reflecting surface at the 
point of incidence and the reflected ray are coplanar (i.e., lie in one 
plane.) 

(2) The angle of reflection is equal to the angle of incidence 
which means that / r= 7 i. 

Verification—The laws of reflection can be experimentally. verified 
by Hartle's Optical Disc or by the Pin Method. 

(1) Hartle’s Optical Disc—It consists of a circular dise D which 
which is mounted on a heavy stand and — 

' can be rotated about a horizontal axis 
passing through the centre of the disc 
(Fig. 21). Therim ofthe disc is divided 
into four quadrants, each being gradua- 
ted from 0° to 90°. S is a round metal 
Screen having an adjustable aperture, 
through which light from a source may 
come in. A handle H can be operated to 
place the screen S at any desirable 
position. 

On the 90°-90° line a thin strip ofa 
plane mirror M is fixed at the centre of 
the disc. This makes the surface of the 
mirog EM Passing through a slit 

nthe screen and tracing its path asa i Pyan 
white line on the disc, a narrow pencil of Te areca aed Da 
light- reaches the centre of the plane 

mirror. The trace of the reflected pencil is seen as another white line 
on the other side of the normal to the mirror, the normal being now 
the 0°-0° line. Here the incident ray, the reflected ray and the normal 
lie in the plane of the disc. Thus the First Law of coplanarity is 
verified. 

The angles of incidence and reflection of the beam of light can be 
directly read off from the graduation of the disc and are found to be 
equal. By keeping the screen fixed and rotating the disc, the angle of 
incidence may be varied. It is found that in each case the angle of 
réflection is equal to the corresponding angle of incidence. This 
establishes the Second Law of equality of angles. 

(2) Pin Method—Fix a sheet of paper on a drawing board, 
Draw a pencil line on the paper and place a thin mounted mirror 
M (Fig, 22) vertically, so that its refl:cting surface is just on the line 

~~. drawn. Fix two pins v.rtically at P and Qin front ofthe mirror 
E that the line PQ is oblique to the reflecting surface. Move the 


“#eye on the side away from the pins till the reflection of the pins 
‘sat P aud Q appear be in a straight line. Keeping the eye fixed at 
this position, stick successively two pins at R and S such that these 
3pihs appear collinear (i.e., in the same straight line) with the images 
of the pins at P and Q. 
mia inga g? 
ES t 


———— = 
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eer : 
, Now take away the pins and mark their positions. Removing the 
mirror, draw the lines PQ and SR, which meet at a point A, Say, on 
the line drawn. Draw AN normal to 
AM. Now PQA is the incident ray and 
ARS is the corresponding reflected ray, 
so that Z PAN is the angle of incidence 
and Z SAN is the corresponding angle 
of refl:ction. It will be found by actual 
measurement that ZSAN=ZPAN. 
(For further details vide J. Chatterjee’s 
Intermediate Practical Physics.) 

Representing respectively the incident ray, the normal and 
reflected ray, the lines PQA, AN and ARS lie on the plane of the 
paper, which proves the First Law. Ina similar way, by changing 
the position of the pins, rays such as PB and BW may be drawn, 
and the laws verified. 

Normal Incidence.—In the particular case when the ray is inci- 
dent normally to the surface, 

Zi=0, so that Zr=0. 

Such an incidence is called normal incidence. This means that, 
for normal incidence the reflected ray returns along the same path 
in which light is incident, or that the normal ray retraces its path 
by reflection. 

Reversibility of Rays—In Fig. 20, as the angles ION and RON 
are by the laws of reflection equal, either of the rays IO and RO 
may be taken as the incident ray when the other one will form the 
corresponding reflected ray. This fact is expressed by saying that 
the path of light is reversible. 

17. Optical Image—If starting from a point source of light a 
pencil of rays suffers a change of direction due to reflection (or re- 
fraction), such that the reflected (or refracted) pencil actually con- 
verges to, or appears to diverge from, a second point, the second 
point is called the image of the first. Images are of two kinds— 
virtual and real. 

Virtual Image—When diverging froma point, a pencil of rays 
after reflection (or refraction) appear to diverge from a second point, 
the second point is called the virtual image of the first. A virtual 
image, which appears to be formed by the intersection of the rays 
produced backwards, has no real existence and hence it cannot be 
received on a screen (Fig. 23). 

Real Image—When diverging from a point source, a pencil of 
rays after reflection (or refraction) actually converges to a second 
point, the second point is called the real image of the first. A ‘real 
image is formed by the actual interception of the rays and can be 
received on a screen suitably placed (Fig. 45). The image of any 
finite object is the assemblage of the images of the various points 
constituting the object. 


24 INTERMEDIATE PHYSICS CHAP, II 


Image due to a Plane Mirror—The image of a point source due to 
reflection at a plane mirror is (i) om the normal dropped from the 
source to the mirror, (ii) as far behind the normal as the source is in 
front of it, and (iii) virtual in nature. 


Proof : (a) Geometrical Consideration—In Fig. 23, Lis a luminous 
point and MM is the trace of plane mirror. 
A ray LM incident normally on the mirror 
retraces its path after reflection and so is 
turned back along ML. A ray LB incident 
obliquely is reflected along BR. The two 
reflected rays ML and BR when produced 
backwards would meet at L' behind the 
mirror, whence they appear to diverge. There- 
Fig. 23 fore L’ is the position of the virtual image 
of L. 

Draw BN normal to the mirror at B. Now by the law of reflec- 
tion / RBN—ZLBN. Both BN and ML being perpendicular to 

the same line MB, BN is parallel to ML. 


So ZLBN=/ZMLB, /RBN- Z7 BL'M and / MLB- / MI/B. 
Now in the A* L'MB and LMB. 
ZML'B- Z MLB, 7 L'MB- LMB ( being right angles ). 
and MB is common to both. 
Therefore the triangles are equal in all respects. 
Hence L’M=LM. 


Thus the images L’ lies on the normal dropped from the source 
on the mirror and as far behind as the source is in front of the 
mirror. The image L’ is obviously virtual in nature. 


(b) Experimental verification— 
Sighting Method—Set up a thin mounted mirror on a piece of 
paper fixed on a board and let AB be its trace y 
(Fig. 24). Fix a pin vertically at some point O K 


IN 


in front of the mirror. View the image of the 
pin from one side and fix two pins at P, and 
Ps, such that the pins at P, and P, and the 
image of the pin at O appear to be in the same 
Straight line. View from the other side and 
fix two pins at P, and P,, such that these two 
and the image of the pin at O appear collinear. 
The image of the pin at O then lies some- 
where along the line P5 P, produced and also 
Somewhere on the line P, P, produced. 
Remove the mirror and produce the lines Fig. 24 
P, P, and P, P, to meet at L, which is 16; 

evidently the position of the image. Join IO intersecting AB at N. 
Actual measurement shows that IO is perpendicular to AB and that 
ON=NI. (Vide J. Chatterjeo’s Intermediate Practical Physics.) 


ART, 18 REFLEOTION AT PLANE SURFACES 25 


18. Tracing the path of rays by whieh an image is seen— 
Let N be the reflecting surface, and L a point-source in front of it 
(Fig. 25). From L drop the perpendi- 
cular LO to the surface Nand produce 
it to L’ such that OL’=OL. L'is tU 
then the image of L. This means 
that after reflection the rays from L 
appear to diverge from L’. 

Let E be the position of the eye 
viewing the image. Join L’ to the 
extremities of a diameter of the pupil 
of the eye. Let this diameter 
intersect the mirror at A and B. 
Join LA and LB. Then limited by 
LA and LB, an incident pencil from 
L is drawn and also the correspon- Fig. 25 
ding reflected pencil which on entering the eye produces the vision 
of the image at L'. 

The following points are to be noted : 

(i) The image of a point source is always formed by a plane 
mirror, provided that source is placed anywhere in front of the 
mirror : 

(ii) The image can be seen from any position, provided the line 
joining the eye to the image cuts the surface of the mirror. 

The rays, by which the image of an extended object is formed by 
a plane reflecting surface, may be traced on the same principle. Each 
of the two extreme point rays of the objects is to be treated as the 
point L in Fig. 25 and the rays, by which its image is seen, are to be 
traced as stated above. 

19. Lateral Inversion—On looking at our image in an ordinary 
looking glass, it is found that if we move our 
right hand, the image appears to move its left. 
In fact, the whole of the rightside of the image 
is due to the left side of the body and vice 
versa ; that is, in the image the whole of the 
body appears to be inverted sideways. This 
phenomenon is known asthe Lateral Inversion. 
The size of the image is equal to that of the 
object. The appearance of an object, which is 
bilaterally symmetrical, is not affected by 
lateral inversion ; but for non-symmetrical Fig. 26 
objects the effect is sufficiently tangible. 

To demonstrate the phenomenon of lateral inversion the following 
simple experiment may be made. Writing the word ‘Do’ ona piece 
of paper, hold the paper in front of a mirror either parallelly or 
normally (Fig. 26). In each case the image of ‘o’ will appear to the 
left of the image of D, whereas ‘o’ is actually to the right of D. 
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20. Some Examples on Reflection—A few instructive cases of 
reflection are given below :— 

1. Prove that a man can see the whole of his body in a mirror, 
the length of which is half his own height. [C. U.—1925] 

Ans. Let MN be the trace of the mirror, and E the eye of the 
observer PQ standing in front of the mirror (Fig. 27). Draw PN 
normal to MN and produce it to P^, such that P'N-PN. Then P’ is 
the image of P. Point Q' can be found in a similar way, to be the 
image of Q. Join P'E and Q'F meeting the mirror MN at A and B 
respectively. Join PA and QB. Then the ray PA from the upper- 
most point of the observer is reflected to his eve along AE, and the 
ray QB from the lowermost point reflected along BE. Hence the 
least size of the required mirror is AB. 


les] 


t 


E 


PER EEE ; tap Mud 
T ines 
D 
Fig. 27 Fig. 28 
The minimum size of mirror. requ ed 
Now in the APP'E, PN—P'N and AN is parallel to PE, .". A is 
the middle point of P'E. Similarly, from the AQQE it follows that 
B is middle point of Q'E. 
Now since A and B are the mid-points of the two sides of the 


AP'EQ', it follows from elementary geometry that AB is parallel to, 
and half of P’Q’. 


But P'Q'2PQ. ^ Hence AB— LPO. 


i.e., the least size of the mirror required is half the height of the 
observer. 

2. Calculate the minimum size of a plane mirror fixed on the 
wall of a room in which an observer at the centre of the room can see 
the full image of the wall behind him. [E.P.U.—1952 ; C.U.—1949] 

Ans. Let AB represent the wall on which the mirror is hanging 
Vertically, E the eye of the observer EF, and CD the wall behind 
(Fig. 28). From C draw CA prependicular to AB and produce it to 
C',such that AC=AC. Join C'È meeting AB at M. Join CM. 

Hence a ray CM from the uppermost point of the wall CD will 
be reflected to E along ME. 

S'milarly DB is normal to AB and D’ is the image of D, the 
lowermost point ofthe wall. Join D'E meeting AB at N. Join DN. 
"Then the ray DN from D is reflected to the eye along NE. Hence the 
least size of the mirror required MF. As the man stands at the centre 


of the room, BF-IBD-lprm or DB =2BF. 


Bp 
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D‘B+BF=2BF-+-BF, or D'F=3BF=30'B, 


or, D'B-2prr. So BF=5x> DF=!pF. 
Now in the two similar A*D'FE and D'BN, as BF= 
3D'F, EN=3, ED. 

Similarity of the two A, EMN and EC'D' prove that 
EM=} EC' and MNİC'D' = CD. 

In other words, the least size of the mirror required is one-third 
the height of the wall. à 

Prove that if an object in front of a plane mirror moves 
through a distance away frum the mirror, the image moves through 
the same distance, whereas if the mirror moves parallel to itself 
through a distanced (ihe object remaining fixed), the image will move 
through a distance 2d. — [P.U.—1952 ; C.U.—1946 ; Dac. U.—1943] 

Ans. When the object is at distance x in front of the mirror, the 
image also is ata distance x behind the mirror. If the object now 
moves throuh a distance d, say, away from the mirror, its distance 
from the mirror becomes x--d; so the distance of the image also 
becomes x--d behind the mirror. Hence the image moves through a 
distance d. 

In the second case, let the distance of the object at first from the 
mirror be x; then the image also is at a distance x behind the 
mirror. If the mirror moves through a distance d, say towards the 
object, the distance of the latter from the now position of the mirror 
isx—d. The second image is, therefore, at a distance x—d behind 
the second position of the mirror, while the first image is at a dis- 
tance x+d from this position of the mirror. 

Hence the distance between the two images —(x---d)— (x — d) 24. 

Thus the distance moved through by the image is 2d. 

4. Prove that when a plane mirror is rotated through any angle 
the reflected ray is rotated through twice the angle. [E.P.U.—1952 ; 

Gau. U.— 1955 ; Raj. U.—1949, '55 ; P.U.—1922 ; C.U.—1947] 

Ans. Let OM (Fig. 29) be the 
first position of the mirror, and 
LO an incident ray. Draw the 
normal ON at O and let OR be 
the reflected ray. As usual, 
denote the ZLON by i. 

Rotate tne mirror through 
an angle 0, Let its new position 
be OM'. Through O draw the 
normal ON’. Let OR'be the new ~ 
direction of the reflected ray. Fig. 29—Rotation of Mirror 
The Z MON'— Z NON'—5 
We are to show that Z ROR'—29. 

Here / LON— Z NOR =i, so that Z LOR —2i. 
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Also / LON'— Z N'OR'- i--6, so that ZLOR'— X(i 4-0). 
Difference gives / LOR'— 7LOR=20. ;. ZROR’=90. 


The principle is often utilised in measuring a very small rotatiun of an object. 
in which case a small mirror is attached toit, A narrow pe cil of light from a 
suitable source is thrown on the mirror and the reflected beam is made to fall on 
a scale placed in front of the mirror. When the mirror with the system rotates 
through an angle, the reflected beam rotates through twice the angle which is 
clearly shown by the shift of the spot of light onthe scale. The larger is the 
distance of the scale from the mirror, the greater is the shift of the spot of light 
for the same rotation of the mirror An instrument, known as sextant which is 
widely used in measuring the angular separation between any two objects, also 
works on the same principle. (Vide Chap. VII) 

Example : 

The distance between the scale and the mirror ata certain instant was 2 
metres and the deflection along the scale was 50mm. Calculate in cegrees the 
angular rotation of the mirror and aiso the lea t angular deflection which could be 


measured, if the scale was graduated up to 0:5 mm. (Raj. U.—1955] 
Ans. The angular deflection @ of light is given by 
“= deflection along the scale 50mm. S5cm. _, 
tan @=—_ : = = 025. 
distance between scale and mirror 2m. 200 cm. 


From the table of tangents we get 9—1^26'. 

Since the mirror rotates through half this value, the actual rotation of the 
mirror is 0/2 or 43’. 

The les is the turning of the mirror, the less is the shift of the spot of light 
on the scale. Since the scale is graduated in 0'5 mm. the minimum shift of the 
spot of light, that can be red accurate y, is also 0 5 mm. Thus if the least angular 
deflection of the mirror, which could be measured, is >, then 

tan 269 —9 Lm. 7700025, or in circular measure, 26—'00025, j.e., 


$—'0€0125. 
Now, 3'14 radians=180°, 


il radian=( 280)", 


or, '000125 radian = 180000125 degree=0°-007166. 


Ma for this particular setting the least count of the apparatus is 0°°007166 

21. Reflection at two Plane Mirrors—Two plane mirrors maybe 
either parallel or inclined to each other, 

(i) Two Parallel Mirrors—Let M ı and M, (Fig. 30) be two 
plane mirrors placed parallel to and facing, each othe and let P be a 
point source of light placed between them. Through P draw a line 
APB normai to the mirrors and produce it both ways. We proceed 
to prove that there will be a series of images, all of which lie on the 
common normal APB produced either way. 

The actual positions of the images can be determined in the foll- 
owing way. Consider the image of P due to the reflection on M,. 
Then an image is formed atP, such that P,A=PA. Looking upon P, 
asan object before M,, we find that an image is formed at P, such 
that P;B—P, B. Again with P, as the object an image is formed at P, 
due to the mirror M, such that P,A=P,A. In this way a series of 
images with the first reflection on M, will be formed indefinitely. An 


image such as P, or P, serving ss an object before a mirror is known 
as virtual object. 
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Similarly consider the image of P due to the first reflection atM;. 
Then P’ would be the first image of P. Due to reflection on M, of P’ 
the second image would be P". Due to reflection on Ms, P” would be 
me Ae image. In this way another series of images would be 

ed, 


Fig. 30—Parallel Mirrors 


From a theoretial standpoint, therefore, an infinite number of 
images due to successive reflections at two parallel plane mirrors 
emerge. But at each reflection a considerable amount of light is lost 
by absorption and diffusion and so the images gradually become 
fainter and fainter, until they become too faintto be visible, The 
number of visible images is thus limited in actual practice. 

The distances of the images from the source P can be easily 
obtained in the following way. 

Let — PA—a and PB =b, so that AB=a+b=d, say. 

Hence PP;-2PA-2a; 

PP, =PB+BP,=PB+BP, =2b+2a=2(a+b)=2d ; 
PP,=PA+AP,;=PA+AP,=PA+AP+PP,=2(a+d) ; 
and so on. 


Again PP'— =2bs PP =2d; 
PP"—2(b--d); and so on, 
Simple Periscope—The principle of reflection at two parallel 
mirrors is utilised in the construction of reflecting periscope (Fig. 31). 
This instrument consists of two adjustable meni 
parallel plane mirrors M and M’ placed with- IN, 
in a tube. One faces the lower aperture of the 
tube in front of the observer and the other 
faces the upper aperture which is turned 
towardsthe objectsto be viewed at a distance. 
When the mirrors are adjusted at correct 
angles, rays of light from the distant object 
get reflected by the upper mirror M along the 4 
axis of the tube; on being reflected by the — ^ 
lower mirror M' this reaches the eye of the 
observer and thereby enables him to havea Fi 


A 
7 
: ; ig. 31 
view of the distant objects. With the help A Simple Periscope 
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of this instrument a person in a trench can without raising his head 
get a view of objects beyond. A simple type, in which the mirrors are 
fixed at the correct angles, is used in larger numbers in football 
season by the persons eager to witness the game froma distance over 
the headsof the crowd represented by A in the figure. 


I, 
drTt------ p ES 


My (ii) Two Mirrors at right 
angles—Let OM, and OM, be the 
I vertical 
i mirrors placed facing inward and at 
! right angles to each other (Fig. 32). 
i Let P be a luminous point placed 
: between 
ka aimes 2 Me M; image of P due to the mirror M,O, 
i 
i 
! 
\ 
1 
1 


sections of two plane 


the two. P, is the 


where the normal PM, —M,P, and 
3 P’ is another image of P due to the 
D // mirror OM,. If theright line PP’ 
bn IN cuts the mirror M, (vertically) at C, 
VA b it proves that CP/—CP. Now as 
P, lies in front of the mirror OM,, 
imagc P, would be formed. 


Fig. 32—Two Mirrors at rt. Angle Again, because P” lies in front of 
OM,, an image of this is formed at 
P" which geometrically coincides with P,, since PP’=P,P,, PP, = 
P'P" and Z P,PP'—one right angle. As P, and P" f Il behiad both 
the mirrors, no further reflection takes place. An eye placed suitably 
within the mirrors sees the three images P,, P’ and Pa at the three 
corners of a rectangle, the object P itself being at the fourth.) The 
figure gives the cones of rays by whicn the images are simultaneously 
seen by one eye. This can be verified by placing a candle flame 
between two mirrors at right angles to cach other. 
(iii) Two Mirrors inclined at any angle—Let OM, and OM, 
(Eig.33) be the vertical sections of two mirrors inclined to each oiher 
at any angle. Suppose P is a point object placed between them. 


Draw PN, perpendicular to OM, 
and produce it to P, such that 
P,N,=PN, ; then P, is the image 
ofP due to the first reflection at 
Mı Since P, is in front of OMs, 
there will be a second image P, due 
to reflection at OM. The position 
ofthis image is obtained in the usual 
way. Bzinz ia front of OM,,P, acts 
as a virtual object to OM, and an 
image is formedat P}. Thus a series 
of images P,, Ps, Ps, are formed,the 
last images of the series being for- 
med bzhind both the mirrors (as 
P, here) when no further reflection 
can take place. 


tov C 
PTET ZA 
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Fig. 33—Inclined Mirrors 
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Again, by taking the first reflection at M;0, an image is formed 
at P. Proceeding as before, we find that a second series of images 
P’, P”, P^ will be formed, till an image is formed behind both the 
mirrors (as P"' here). 

The similarity of the A? OPN, and OP,N, gives OP=OP,. 

Similarly OP, = OP; —OP,, so that 

OP=OP -0P,—OP,-... 

Also, | OP-2OP'-OP"—OP" — .... 

Thus all the images lie on the circumference of the circle drawn 
with O as centre and OP as radius. 


Itisevident that the number of images is limited. It can be 
proved that the total number of images formed by successive reflec- 


tions at the two mirrors is given by (72-1). where 6, the 


angle between the two mirzors, is a submultiple of 180°. If is not 
a submultiple of 1 80°, the total number of images is the integer next 
higher than p -1). 

Kaleidoscope— This is a beautiful toy based on the principle of 
the tormation of symmetrical images by successive reflections at two 
mirrors inclined to each other. Two long narrow Strips of mirrors 
inclined at an angle of 60? are enclosed in a tube, one end of which 
is closed by a circular piece of glass, while the other is closed by a 
cardboard disc with a small opening at the centre, through which the 
observer looks. The circular glass. plate has a ground glass behind 
it. Several pieces of coloured glass are loosely placed between the 
two plates. “As the mirror strips are inclined at an angle of 60° five 
images of each bit of coloured glass are formed, which together with 
the object form beautiful hexagonal patterns. As the tube is rotated, 
the coloured bits take different positions and thus an almost endless 
variety of patterns may be observed. 

22. Diffused Reflection or Scattering—If a beam of light falls 
upon a plane mirror placed in a dark room, the beam is found to be 
reflected in a certain direction. If an observer looks at the mirror 
along the path of the reflected beam, an image of the source is seen, 
while outside the path neither the image nor the mirror is visible. 
On replacing the mirror by a piece of white card the light does not 
get reflected along a particular course but is scattered in all direc- 
tions ; the card is visible from different positions and the room also 
appears to be partially lighted. - Hence we may conclude that objects 
except the self luminous ones become visible due to the light diffu- 
sively reflected from their surfaces. The amo.nt of light diffusively 
refl-cied in a particular direction depends upon the nature and 
colour of the substance on which the light is incident. Such diffused 
reflection of light also takes place from floating particles in liquids 
and gases, But the amount of light reflected in this case is much 
smaller than that from solid surfaces. 
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Twilight may be explained on this Principle. Even when the sun 
has set at a particular locality, its rays falling upon clouds, dust and 
other floating particles in the air are diffusively reflected. Some of 
these rays reach the earth and continue illumination for some time 
even after sunset. Twilight comes to an end when this diffused light 
becomes imperceptible. 

Example : 

Rays of light strike a horizontal plane mirror at an angle of 45°. Show by a 
diagram how you would arrange a second mirror in order that the reflected ray 
may finally be reflected from the second mirror horizontally. 

Ans. Inthe adjoining figure (Fig. 34), OM is 
a horizontal .lane mirror, OM’ is another mirror 
inclined to OM at an angle ĝ, say. Incident on OM 
atan angle of 45°,a ray IO, is reflected along 
0,01, meets OM at O, and isreflected horizontally 
along O, L. To find f we note that the law of 
reflection gives 

Z£10,M= 20,0,0=45° 
and / M'0,L—-050,0—0, 
Further. as O,L is parallel to OM, 
£050,057 0100,. 
Therefore from the tringle O; 250 it follows 20+45°=180°, or 09-675 degrees, 


EXEROISES ON CHAPTER II 


Reference 

Arts, 1, State the laws of reflecticn of light. How would you verify 
15 &19 them experimentally ? (P. U.—1962 ; C, U.—1945, '53 : 
Mad. U.—1964 ; Utk. U.—1967 ; Anna U.—1960) 


Arts. 2. Distinguish between regular reflection and diffused reflection. 
15&22 Explain—A plane mirror placed in a dark room illuminated by a 
beam of lightcan be seen only in a particular direction, wbile a 
white card-board placed in the same position can however, be seen 

from every direction. Explain also the phenomenon of twilight. 
(E. P. U.—1953) 


Art, 17 3. What is?meant by the image ofan object ? Distinguish 
between real and vertical images, 
(E. P. U.—1952 : Dac. U.—1956 ; C. U.—1958) 


Art. 17 4. Distinguish between a real and a virtual image. How would 
you experimentally find the position of a virtual image ? 
Mad. U.—1952 ; Utk, U.—1962; C. U.—1956 ; Cf. Pat. U—1961) 
Arts. 5. Show with the aid o* a diagram the formation of the image of 
18 & 19 an extended object ina plane mirror. Describe the nature of the 
image with reference to the object. 
A clock having marks instead of numbers on its dial appears to 
indicate 4°35 when viewed in a mirror. What is the correct time ? 
(Gau, U, —1962) 
Ans, 7°25 


Art. 17 6. Draw a figure showing how an image is formed in a plane 
mirror and prove that the object and its image are equally distant 
from the mirror. 

(Cf. Anna. U.—1960 ; Cf. Mad. U.—1954 1 C. U.—1960) 


} 
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7. Aman running towards a plane mirror at the rate of 5 ft. per 
second approaches his image at the rate of 10 feet per second. 
Explain. (C.U.—1953) 

8. A man, 6ft. high, wants tosee his full length imagein a 
plane mirror placed in a vertical position, Find the shortest length 
of the mirror he will require. (Del. H. $.—1952) 

Ans. 3 ft. 
9. Explain with the help of diagrams the formation of multiple 


images by two mirrors when they are inclined to each other at 90°. 
(V. U.— 1955; Cf. Pat.U.—1961 ; E. P. U.—1952) 


10. Find the number of image that will be formed ofan object 
placed between two mirrors inclined at an angle of 60°, 
(Dac. U.—1942) 


Ans. 5. 

ll. Anobjectisplaced between two plane parallel mirrors A 
and B, which are 3inches apart, so that itis 2inches from one of 
the mirrors, Find the distance between the third image behind A 
and the third image behind B. f (Pat. U.—1954) 


Ans, 18 inches. 

12. Show that the images of an object formed by successive 
reflections at two plane mirrors, inclined at an angle, lie on the 
circumference ofa circle passing throug the object, the centre of 
Which is at intersection of the two mirrors. (Pat. U.—1941) 

13. Two plane mirrors M, and Mg are inclined to each other at 
au angle of 60°. A small object O is placed between them at a point 
3 cm. from M, and Sem. from Ms. Draw a diagram showina the 
Position of the image formed by two reflections, the first at My and 
the second at M}. Draw also the Wa ofthe d by Mu an eye 
placed at a point E, 8 cm, from each mirror, will see this image. 

ors (Mad. U.—1954) 

14. Two plane mirrors are placed back to back and are opened 
Out gradually to from a wedge, the reflecting surfaces being on the 
Outside. A beam of parallel light falls on the edge of the wedge and 
itis found that the two beams reflected from the faces make ulti- 
mately an angle of 110° with each other, F.nd the angle between 


the mi ining carefully the principle of the method. 
mirrors, explaining cari y pi (Gau. U. —1955) 


Ans. 55°, 
15. Show that by diagrams how two plane mirrors can be arran- 
' ged to produce (a) lateral inversion, (5) noinversion. Hence ex- 
plaia the principle of simple periscope. (C. U.—1953) 
16. Alighted candleis placed between two plane mirrors at 
right aorte: t0 another. Draw correctly the paths of rays, by the 


m i Ci the various images simultaneously. 
cans of which an E (Anna. U.—1960 : C. U.—1959) 


i i Kaleidoscope. 
TT? Welte abriet ota oa E RETE E T.1963 ; Utk Xie 104b 


18. A ray of light is reflected successively from two plane 
mirrors inclined at righ anglesto each other. Prove that the ray 


aft ioni llel to its original direction. 
er a second reflection is para era RD Ute, E]: 1955) 


d Pt. I/L—3 
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Art, 21 


Art. 21 


Art, 21 


Art. 21 


Art. 21 


Art. 21 


Art, 21 


Art, 2l 


Art, 21 


CHAPTER III 
REFLECTION AT SPHERICAL SURFACES 


23. Some Fundamental Terms—The following are a few terms 


very frequently used in connection with reflection from a spherical 
mirror. 


A spherical mirror is a reflecting surface which forms a part of a 
sphere. A spherical mirror may be concave or convex. In a concave 
mirror, reflection occurs at the hollow side (Fig. 35) and ina convex 
mirror at the bulging or raised side (Fig. 37). The pole of the mirror 
is the central point of the reflecting surface. In both the figures the 
point A represents the pole. Any section of a mirror passing through 
the pole is called the principal section. Suppose that a plane passing 
through the pole A meets any mirror in a section XAY, which is, 
therefore, a principal section, It is customary to represent a spheri- 
cal mirror by its principal section. Thus Figures 36 and 38 are the 
principal sections of a concave anda convex mirror. 


Fig.35 Fig. 36 Fig.37 Fig. 38 


The centre of curvature of a mirror is the centre of «the sphere, 
of which the mirror is a part. The point C is the centre of curvature 
(Fig. 39, concave ; Fig. 40, convex). The radius of the Sphere is 
termed the radius of curvature of the mirror. AC represents the 
radius of curvature, 


The principal axis is the straight line passing through the pole 
of the mirror and the centre of curvature. The line passing through 


R 
2N P 


Fig. 39—Concave Mirror Fig. 40—Convex Mirror 
the pole A and the centre of curvature C in either of the figures 
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represents principal axis. When produced, the axis of the mirror 
meets the reflecting surface normally. 

The point of intersection of the principal axis and the reflected 
ray corresponding to the incident ray taken parallal to the principal 
axis is called the principal focus. The point F is the principal focus. 


The distance between the pole and the principal focus is called 
^ focal length of the spherical mirror and is denoted cy the distance 
AF. 


.. The aperture of a mirror is measured by the* angle subtended by 
its principal section at the centre of curvature. The principal plane 
of a mirror is the tangent plane at the pole of the mirror. 


In all cases of spherical mirror herein dealt with, the aperture is 
supposed to be very small, so that the principal planes of the mirror 
almost coincide with the reflecting surfaces. 


24. Incident and Reflected Rays—Let AI be the principal section: 
of a concave mirror (Fig. 39), A its pole and C its centre of curva- 
ture. Then the line AC represents the principal axis of the mirror. 
For a convex mirror these are shown in Fig. 40, 


Let a ray of light PI (Fig 39) be incident parallel to the principal 
axis AC. Draw the radius CI ; then CI is the normal at the point of 
incidence I of the ray of light and so the angle of incidence is PIN, 
where N is any point on the line IC. Draw the line IR, so that 
ZNIR=/PIN. Then IR is the corresponding reflected ray. Let 
the reflected ray cut the principal axis at the point F, which is 
obviously the principal focus of the concave mirror. 

In the case of a convex mirror the ray PI taken parallel to the 
principal axis makes an angle of incidence PIN (Fig. 40). Then IR 
is the reflected ray such that / RIN— ZPIN. On producing RI 
backwards to meet the principal axis we get the principal focus at F. 


As PI and CA are parallel and CI meets them (Figs. 39 and 40), 
ZPIN=ZICF. Also by construction, 7 PIN= Z RIN« / CIF. 

“e LICF—ZCIF, whence it is clear from AFIC that FI=FC. 

Now assume that as compared to AF, the distance AI is so smali 
that we can take IF to be very nearly equal to AF. In that case 


AF=FC=} AC. Hence f= Tata 


Hence in case the aperture of the mirror is very small, the focal 
length AF is approximately half the radius of curvature AC. 

As PI is any ray parallel and close to the principal axis, it follows 
that a pencil of such parallel rays will, after reflection, pass through 
F in a concave mirror (Fig. 41) or will appear to diverge from F ina 
convex mirror (Fig. 42). Hence the principal focus of a concave 
mirror is real, while that of a convex mirror is virtual in nature, 


The point F, which is thc principal focus, may be defined thus = 
If a narrow pencil of parallel rays is incident on a spherical mirror in 
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a direction parallel to the principal axis, the reflected pencil either 
actually converges to (as in the case of a concave mirror), or else 
appears to diverge from (as in the case of convex mirror) a point on 
the principal axis which is called the principal focus of the mirror. As 


Fig. 41 Fig. 42 


the path of light is reversible, it follows that if from a point object at 
F,a narrow divergent pencil of light be incident on a concave mirror, 
the rays will, after reflection, be parallel to the principal axis. 


25. Focal Plane— Through the principal focus the plane drawn at 
vight angles to the principal axis is called the focal plane. In Fig. 43, 
QR is the principal section of a concave mirror with the line AC as 
its principal axis and F is the principal focus. Ifa plane is drawn 
through F at right angles to AC, that plane is the focal plane. The 
Section FT of the focal plane by the plane of the paper is shown by 
the dotted line. The same for a convex mirror is shown is 
Fig. 44, 

_ Properties of Focal Plane—1f a beam of light be parallel to the 
Principal axis, then as shown ia Fig. 41, it is focussed at a point F on 
the principal axis. Take a parallel beam of light PQ inclined at a 
small angle to the principal axis. To find where it would be focussed 
select out of this beam one ray CA which passes through the centre 


AM 


5m» 


Fig. 43 Fig. 44 


of curvature C of the mirror. This ray is incident on the mirror nor- 
mally and hence on reflection it would retrace its path and meet the 
focal plane at K whereto all the rays of the beam would converge. A 
parallel beam of light inclined to the principal axis is called an 
oblique parallel beam and the corresponding converging point is called 
the secondary focus. Tt is found that when (a) the aperture of the 
mirror is small, and (b) when the parallel beam is inclined at a small 
angle to the principal axis, the beam after reflection converges always 
to some point on the focal plane. Hence the focal plane at a concave 
mirror is real in nature. Incase neither of the conditions is satisfied, 
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the secondary focus may be either in front or to the rear of the focal 
plane, and the image formed by the mirror due to an object would 
appear distorted. 


A line drawn through the centre of curvature parallel to any beam 
is called the secondary axis with respect to that beam. In Fig, 43 the 
line CA, being parallel to the incident beam, is the secondary axis. It 
follows, therefore,that the junction of the focal plane and the second- 
ary axis with reference to an incident parallel beam gives the second- 
ary focus of the reflected beam. The focal plane, the secondary focus 
and the secondary axis of a convex mirror are, shown in Fig. 44, It 
must be remembered that the secondary focus ofa convex mirror is to 
be found by producing the bundle of reflected rays in the backward 
direction. Hence the focal plane due to a convex mirror is virtual in 
nature, i 


26, Convention as to Algebraic Signs—When an objectis placed 
before a mirror, an image of it is always formed due to reflection and 
the distances of the object or its image may be measured from 
any point op the principal axis. Such distances are usually 
measured from the pole of the mirror. Distance measured against 
the direction of the incident ray is to be taken as positive, while 
those measured along the direction of the incident ray are taken as 
negative. It is clear from Figs. 39 ond 40 that in measuring the focal 
length f and the radius of curvature r with reference to the pole, they 
are to be taken positive in a concave mirror and negative in a convex 
mirror, since in either case light is travelling from right to left. 
Light always. travels from a real object towards a mirror. Hence 
the distance of the object measured from the pole of the mirror 
would be against the incident beam and would thus be counted as 
positive. 

27. Position of the Image found by a Spherical Mirror with 
reference to the Pole—The distance of the object and the corres- 
ponding image due to reflection at a spherical mirror are measured 
from some standard position such as the pole or the principal focus. 
The following calculation offers a relation between the object and 
image distances as measured from the pole of a mirror. 


(2) Concave Mirror—Let AI (Fig. 45) be the principal section of 
a concave mirror, of which the pole is at A and the centre of curva- 


Fig. 45 Fig. 46 
tureisat C. A luminous point object O is placed anywhere on the 
Principal axis OA. Rays from O start out in all directions. of 


B 
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them take the one incident along the principal axis OA. Since the 
normal at A, which is CA, coincides with the incident ray, the angle 
of incidence is zero. Hence the angle of reflection also would be zero ; 
this means that the ray is reflected back along the same path AO. OI 
is another ray incident close to A and is reflectcd along IPR, such 
that the angle of reflection RIC is equal to the angle of incidence 
OIC. The two reflected rays meet at P which is, therefore, the image 
of O. The image is real and is formed on the positive side of the 
mirror. The image distance AP may be found from the following 
geometrical considerations. 


As ZOIC= Z PIC, it follows from elementary geometry that IC 
bisects the (vertical) angle of the AOIP. So by the law of proportion 


When Iis very close to A, i.e., when the incident pencil is very 
narrow, IO and IP may be taken to be very nearly equaly to AO and 
AP respectively. . 

AP PC AC- AP 

Boss AO CO AO—AC 

Denote the object distance AO, the image distance AP and the 
radius of curvature AC by u, v and r respectively. Since all of them 
are positive in this case, we get : 


wart 
u u-r 
so (r—Y)—vw(u-r) or ur+vr=2uy, 
Dividing both sides by uvr, we get 


Eis m vv (27.1) 


The relation between u, v and f can be established from (27.1) by 
just sticking to the definition of the focal length. Since the equation 
is true for all values of u and v, imagine that the point object is re- 
moved farther and farther along the principal axis, till the object 
distance approaches an infinitely large value; in such a case u 
becomes infinity. Before being incident on the concave mirror rays 
of light from the object at infinity would form a beam parallel to the 
principal axis. Such a bundle of rays would after reflection converge 
to the principal focus. Hence the image corresponding to the object 
at infinity is at the principal focus. So we may conclude by stating 
that whe u— oc, v—f. Substituting in (27.1), we get 


TERA 21 bea al 
sf pr whence rp so that vt ua eon (2 742) 


Alternative Method —The image of the point object may also be 
determined from the properties of focal plane in the following way 
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_Let F be the principal focus, FT the focal piane of the concave 
mirror, O the point object and C the centre of curvature (Fig. 46). 


, Draw the ray OA coinciding with the principal axis. After reflec- 
tion this ray retraces the path and comes along AO. Draw another 
ray OI meeting the mirror at some point. Draw the line CB 
through the centre of curvature and parallel to OI. Let this line 
meet the focal plane at S. When the line CB a ray of light, it would 
aiter reflection come back by the same path and meet the focal plane 
atS. Hence by virtue of the property of the foca] plane the group 
of the rays parallel to CB would after reflection meet the focal plane 
ata point S. Since Ol is a ray parallel to CB, this ray after reflection 
would pass through S. So join IS and produce it to meet the 


principal axisat P. Thus after reflection the two incident rays OA ~- 


andi OI pass through the point P, which is, therefore, the real image 
of O. 


Since OI and BC are parallel and IP meets them, 
ZOIP=ZCSP and ZCOI-/ZPCS. 
“^.  AOIP ane ACSP are similar, 


OI CS 
whence PI ps" 
If I very near to A, OI=OA and PI=PA. 
Also CS=CF and PS=PF. 
, OA_CF 
°° PA PF’ 
or, vui or yf uf—ur. 


Fia Uu DRM 
On division by uyf we derive dar f 


For a given concave mirror, the radius curvature rand consequently its 
focal Jength f are constants. Hence it is evident from (27.2) that for any con- 
cave mirror the right side of the equation, which represents the reciprocal of 
the focal Jength, is constant. Now if the object distance u changes, the image 
distance y would correspondingly change. This means that if the object is 
moved relative to the mirror, the image position also moves. Re-arranging the 
terms, we may write 

ya tt vee (27.3) 

u-f 

u and f both being positive in the case. So long as wis greater than f, the right- 
hand expression, which represents the image distance v, is positive an the image 
is formed onthe side of the object. Butif wis less than f, the image distance 
becomes negative and the image is formed on the back side of the mirror, It 
Would be seen in the next Article that in the former case the image is real and 
that in the latter case is virtual, 


(b) Convex Mirror—Let AI (Fig. 47) be the principal section 
of a convex mirror, of which the pole is at A and the centre of curva- 
ture is C. O is a point object on the principal axis. Incident normally 
along the axis, the ray OA isreflected back along AO. If OI M 
another ray incident on the mirror close to A, it is reflected along IR, 
say. The two reflected rays AO and IR do not, as such meet ; but 
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if produced backwards, they would meet at P whence they appear 
to diverge. 


Fig, 47—Image at a Convex Mirror Fig. 48—Alternative Method 
Heuce P is the virtual image of O lying on the principal axis and 
is formed on the negative side of the pole. 
As LOIN= ZRIN, the line NIC externally bisects the vertical 
ZPIO of the AIPO and so divides the base OP externally into the 
segments OC and CP. 


IPS APE 
Hence 10^ 6€ 


When I is very close to A, i.e., when the incident pencil is very 
narrow. OI and IP may be taken to be approximately equal to AO 
and AP respectively. ; 

- AP PC  AC—AP 


Denoting AO, AP and AC by u, v and r respectively and applying 
* the convention of signs we have 


-v =r=(—y) ID ey 
u c-r Cu ur 


` u(r—Y9)-v(u—r), or, ur--vr-2uv. 
Dividing both sides by uvr, we derive 


Tiger? BT RAAT 
aie Spars f, —t+— == 
RU re OF, yw f 
Hence the general formula connecting u, v and f in the reflection 
at a spherical mirror, concave or convex, is given by 


Lune it (274) 


since I=} 


Corresponding to a point object on the principal axis, an image 
Position may also be found by using the properties of the focal plane 
and a similar equation may be deduced (Fig. 48). 

With reference to the equation (27.3) for a convex mirror,it may be remarked 
that fis always negative quantity. The numerator of the Tight-side expression 
is then a negative quantity; but the denominator is positive, Herce y would 
always come out to. be negative for any values of u and f. This means that the 
image due to a real object in convex mirror is under all circumstances formed 
behind the mirror and is virtual in nature. 

Conjugate Foci—In Fig. 45. Olis the incident ray, while IP is 
the reflected ray. Again if PI be regarded as the incident ray, it 
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is evident from the figure that IO is the corresponding reflected ray. 
Hence the positions of the object and the image are interchangeable. 
Two points are said to be conjugate foci when a point source 
being placed at either of the two, the corresponding point image is 
formed at the other. 


Examples : 


1. An object is placed 28 cm. from a concave mirror whose focal length is 


10cm, Find where the the image is formed. Is it real or virtual ? 
[C. U.—1926, "33 ] 


Ans, Here u=28 cm. and f=10 cm, 

kis lth whence v-155cm, 

As v comes out to be positive, the image is on the same side as the object. 
The image is, therefore, real. 


2. Acandle-flame, 3 cm. high, is placed at a distance of 3 metres froma 
wall. How far from the wall must a concave mirror be placed so that it may 
from a 9 cm. high image of the flame on the same wall? Also find the focal 
length of the mirror. [Del. H. S.—1942] 


Ans. Let the distance of the flame from the mirror be 4 cm. Since the 
image is to be projected on the wall in a direction along which the flame is 
placed, the image distance y=(u+300) cm, 

Again magnification 173 73, whence 3u=y, or, 3u-u4-300, i.e., u 150. 

So the mirror is placed at a distance of (1504-300) cm.—450 cm., i.e, 45. 
metres from the wall. 


Further. fot dot no whence f=112'5, 


Thus the desired focal length is 11275 cm. 
3. A source of light is at first 10 feet froma convex mirror and is then 


moved up toa distance of 2 feet from the mirror. How much does the image 
move, if the radius of curvature of the mirror is 4'8 inches ? (P. U,—1951] 


Ans, Asitisa convex mirror, the radius of curvature and the focal length 
are negative. 

Here the focal length of the mirror —2'4 in. 

Also the original distance of the object —10 ft.=120 in. 


Lee 1 i 
Thus FRI OA “Ty whence y=>—2'35, 


le, the image is formed 2'35 in. behind the mirror. 
In the latter case the distance of the object=2 ft,=24 in. 
Then Ly too) enm- 
‘hen es: a whence y, — —2118, 
Le, the image is now 2:18 in. bebind the mirror. 
*. the image moves through (235—218) in., i.e., 0°17 in, towards the mirror. 


28. Images of Extended Sources—However small it may be, a 


material object possesses some dimension and may be assumed to 
be an assemblage of several points. If corresponding to every point 
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on the object an image be found, the image of the object as a whole 
is obtained. 


The image of a point may be obtained graphically with the help 
of any two of the four typical rays proceeding from it, as given 
below : 

(i) the ray incident parallel to the principal axis—The direction 
of the reflected ray would be such as to pass through the principal 
focus. ; 


(ii) a ray incident in a direction passing through the principal 
focus—The reflected ray would take up a direction parallel to the 
principal axis. ; 

(i) aray incident in a direction passing through the centre of 
curvature—The ray would be reflected back along the same path. ; 


(iv) a ray incident in any direction—The reflected ray takes up 
a direction along a line joining the point of incidence and the secon- 
dary focus. 


We may select any two of the above four rays. The point, where 
these two reflected rays meet, is the position of the image of the 
point source, 


29. Graphical Determination of Image at a Spherical Mirror— 
Below we describe the variation of the position, nature and relative 
size of the image when an object is placed at various positions before 
a spherical mirror, 

(a) Concave Mirror— 


(i) Object at infinity—Suppose that the object stands on the 
prolongation of the principal axis of the mirror. Incident parallel to 
the principal axis, rays from one extremity of the object do, after 
reflection, converge to the principal focus F (Fig. 41). Rays from the 
other extremity of the object would form a parallel pencil inclined to 
the principal axis and would, after reflection, converge to the secon- 
dary focus K on the focal plane of the mirror (Fig. 43). Hence the 
image is formed on the focal plane. This image is real, inverted and 
extremely diminished in size. 


(ii) Object between infinity and the centre of curvature—PQ is an 
object placed normal to the axis beyond the centre of curvature 
C (Fig. 49). Incident parallel to the axis, the ray PL passes after 
reflection through the principal focus F. Another ray PC passing 


Fig. 49.—Object beyond C ' Fig. 50 
through the centre of curvature C, after reflection, returns along the 
Same path, These two reflected rays intersect at p which is thus the 
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image of P. Along the axisa ray from Q would, after reflection, 
retrace its path ; hence the image of Q must lie on the axis. Now 
through P draw the line pg perpendicular to the axis. This line is 
therefore, the image of the object PQ. As the reflected ray from P 
actually meets at p, the image is real and can be received on a screen. 
Further, it is inverted and diminished. 


The image of P may as well be determined directly from the focal 
property in the following way. The ray PL islaken parallel to the 
principal axis (Fig. 50) which after reflection passes through the 
principal focus F. Take another ray from P passing through princi- 
pal focus so as to meet the mirror at R. After reflection this ray 
would be parallel to the principalaxis. Let these two reflected rays 
meet at p, which is the real image of P. Thus the image of PQ is pg. 

. (iii) Object at the centre of curvature—Let an object PC be stand- 
ing normally on the principal axis at thc centre of curvature C ofa 


r N 
I P P 
1 
X pls Z] c A c a 
y e] Fg 
? [4 
Fig. 51—Object at C Fig. 52—Object between C and F 


concave mirror (Fig. 51). Take one incident ray PI parallel to the 
axis and another PF through the principal focus F. The two corres- 
ponding reflected rays intersect at p which is then the image of P. 
As any ray from C is reflected back along the same path, the image 
of Cis formed at C ; pC is thus the image of PC. It can be easily 
proved that pC=PC. The image is, therefore, inverted and equal 
in length to the object itself. 

(iv) Object between the centre of curvature and the principal focus 
—By taking two rays from P (viz. PI incident parallel to the axis and 
PN which when produced passes through the centre of curvature and 
by drawing the corresponding reflected rays, the image is seen to be 
formed at pq (Fig. 52). The image is real, inverted and magnified, 


(v) Object at the principal focus—The ray from P, one parallel 
to the axis and the other inthe direction through C (Fig. 53), 


Fig. 53—Object at F Fig. 54—Object within F 
become parallel after reflection and tend to meet at infinity either in 
front, or at the back, of the mirror. Thus the image is formed at 
a very great distance and is immensely magnified. The nature of the 
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image is indeterminate ; it may be either real and inverted or else 
virtual and erect, 

(vi) Object within the focal length of the mirror—The object 
PQ (Fig. 54) is placed perpendicularly on the axis between A and F. 
Take the incident ray PL parallel to the axis and the incident 
ray CPN radially on the mirror surface. After reflection the first 
ray passes through F and the second one retraces its path and passes 
through C. They form a divergent pencil and hence cannot give 
rise to a real image. When produced backwards, they meet at p behind 
the mirror. The image pq is, therefore, virtual, erect) and magnified, 


(b) Convex Mirror—PQ is an object (Fig. 55) placed normally . 
onthe axis of a convex mirror. The incident tray PI parallel to the 


P 


DP oU 


x Q 


' Fig. 55—Image by a Convex Mirror Fig. 56 
axis appears, after reflection, to diverge from F. Another ray PN 
proceeding towards C is reflected back along the same path. The 
reflected rays form a divergent pencil, and when they are produced 
backwards, they would interscct at p ; p is then the virtual image of 
P and the image pq is formed behind the mirror. The image is therc- 
fore, virtual, erect and diminished. 

It can be shown that in a convex mirror, the image is virtua), 
erect and diminished for all positions of a real object. But the image 
diminishes more and more as the object is taken farther and farther 
away. Fig. 56 shows the nature of formation of the image at the 
focal plane of a convex mirror when an object PQ is placed at un 
infinitely large distance from the mirror. 


30. Lateral Magnification—The ratio of the linear dimension 
of the image to the corresponding linear dimension of the object 
when placed. perpendicular to the principal axis is called the lateral 
magnification of the image. 

If PQ is an object placed normally on the principal axis of a 
Spherical mirror and if pg is its image,the lateral magnification 
is pg|PQ. If the image is erect with respect to the object, this ratio 
is taken as positive : but if the image be inverted, the ratio is taken 
as negative. 

On reference to Fig. 49, PQ is an object placed perpendicularly 
on the principal axis and pq is the corresponding image ; also pq is 
parallel to PQ. 


As A PCQ and A pCq are similar, FO C 


The inversion of pq with respect to PQ may be mathematically 
represented by giving a negative sign before pq. 


* 
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Hence the magnificati LÉ-P. 
gnifica X m FQ 
Then Um- A parE Ca NEES NN " 
FQ CQ pe 3) (by Art. 27) | ....(30.1) 
In the case of a convex mirror also the magnification is given. by 
the ratio Dq/PQ, where both are positive in sign, since the image is 
erect (Fig. 55). Since ACpq and ACPQ are similar, 


mb Cg n 

PQ CQ utr 
But since v and r are negative. /— becomes | — =—*. 
ur u—r u 


. Hence the magnification produced by a convex mirror is also 
given by—v]u. 
1 


: 1 
A er 
gain 5 im 7 


Multiplying by v, we get L4: 7, so that e 1e. 

plying by get Lem unies 

Hence P MU ent EU (30; 

f n (30.2) 
Also multiplying the general equation by u, we get E Ti 
qut dera fo 

or i 1, or dinem 

D Shay mee a ir .. (30. 
(by 30.2), m=— Tala 1 (90.3), 


Any one of the three equations (30.1), (30 2) and (30.3) represents 
the linear magnification of an image. In solving problems the nega- 
tive sign before the magnification term is not essential. 

31. Position and Nature of the Image—Changes in the position 
and nature of the image, as the object moves along the principal axis 
of a spherical mirror from a very great distance close up to it, may 
be thus summarised in a tabular form : 


Concave Mirror 


Position of Reference | Position of Nature of 
Object to figure Image Image 
| 
1. Atinfinit Fig. 41 At tbe principle Real, inverted 
d focus and extremely 
diminished 
: Real, inverted 
2. Beyond the Fig. 49 Between the princi- | anddimioished 
centre of pa! focus and the centre 
curvature of curvature 


————M—— ——€ 


* 
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Position of Reference Position of Name of 
Object to figure Image Image 
| | 

3. At the centre of | Fig. 51 At the centre oí| Real, inverted 
curvature curvature and equal 

4. Between thecen-| Fig. 52 Beyond the centre| Real, inverted 
tre of Curvature of curvature and magnified 
and the princi- 
pal focus 

5. At the principal | Fig. 53 At infinity Extremely 
focus magnified 

6. Between the | Fig. 54 Behind the mirror Virtual, erect 
principal focus and magnified 
and the pole. 


Convex Mirror 


Position of Reference Position of Nature of 
Object to figure | Image Image 
f — 
1, At infinity Fig. 56 Appears at the Virtual erect and 
principal focus extremely dimini- 
shed 


2. Betweeninfinity | Fig. 55 
and the pole 


Appears between 
the principal focus 


Virtual,erect 
and the pole 


and diminished 


ee — 


It is to be noted that for various positions of the object the 
nature of the images dueto a concave mirror may be either real or 
virtual. But those due to a convex mirror are under all circumstances 
virtual. It may also be noticed in thisconnection that due to a single - 
reflection (or refraction) whenevet the image is real, it is inverted 
and that whenever the image is virtual, it is erect. 


Mathematical verification—The abovechanges can also be verified 
for typical positions with the help of the formula for a spherical 
mirror, concave or convex, connecting u, v and either r or f, 


Consider the following cases for a concave mirror. 
(i) The object is at an infinite distance. 


The general equation isl + =} In this case u=oc 


ART, 31 REFLEOTION AT SPHERICAL SURFAQES 47 


pw 
Thi ==. = 
en yn So that y—f. 


, Hence the image is at distance f from the mirror, i.&, at the 
principal focus. 


which indicates that the image is inverted and ex tremely dim inished. 
(i) The object is at the centre of curvature. 

In this case put u—r in ibi E 

pig s 


1 ; x 1 
care or v=r, i.e., the image is formed atthe centre of 


y 
curvature. 
š ^y r 
Again m-—--—'--1 
rx Ce quem r q 


which indicates that the image is inverted and is of the same size 
as the object. Combining (i) and (ii), we may conclude that as the 
object is moved from a very large distance to the centre of curvature 
of a concave mirror, the image, always real in nature, moves in an 
opposite direction from the focal plane to the position of the centre 
of curavature and the magnification ‘rises from an infinitely small 
value to unity. 


(iii) The object is at the focal plane. 
Here put u — f in Pl so that 1-0 orv=c 


f 


This indicates that the image is inverted and extremely magnified. 
From (ii) and (iii) we may conclude that as the object is moved 
from the centre of curvature to the principal focus of a concave 
mirror, its image, real in nature, moves in an opposite direction from 
the centre of curvature to an infinitely large distance and that its 
magnification rises from unity to an infinitely large value. 

(iv) The object is near the pole. 

In this case, u<f. 

Now 141-1 whence v —... 

ya us 

If u<f,v becomes negative which indicates that image is formed 
on the back side of the mirror. When u is just less than f, v assumes 
a large negative value. But when u—0, v also becomes zero. t 

From (iii) and (iv) we may conclude that when the object is 
shifted from the principal focus to the pole of the concave mirror, an 
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image of it moves from an infinitely large distance on the back side 
of the mirror to the pole and remains always virtual in nature. 

In the case of a convex mirror also we can mathematically locate 
the position, and find the nature, of image. 

Conjugate Foci for Plane Mirror—The radius of curvature for a 
plane surface may be taken to be infinity. Hence putting r=% in the 
expression (27.1), we may obtain a relation between the object 
distance and the image distance due to reflection at a plane mirror. 


Thus L phe? 22-0, whence v —u, 


i.e., the image distance equals the object distance ; but the image 
is formed on the side of the mirror opposite to the object’. 


Conjugate Foci with the Principal Focus as Origin —Equation 
(27.2) may be simplified in the following way. We have. 


fu 1, or uveuf-rvf, 


or uv—vf—uf--f* =f", or vu—f)- flu—fy=f*, 

or (u—/v—/y=f* (31.1) 

Ifthe distance of the object and that of the corresponding image 
as measured from the principal focus, be depromuied bY x oa x 
respectively, then x=u—f and x’ my-f. 

i xx' e f*, by (31.1) (31.2) 

Whether f is positive or negative, f? is always positive and 
and x’ must be of the same sign. In other ab melee es of 
the nature of the mirror the object and the image are on the same 
side of the principal focus. This is known as the Newton's equation 
of conjugate foci. 


Examples : 

1, Given that aa object is wtisated at a dista 
mirror of radius of curvature 50 em , fiat the Loo v ag a ponpye 
Am. Here u-75 em, and r«$0 cm, IP. U.—1951] 
Thus l+ beg or, Lot tad, whence v375, 
Hence the Image distance is 375 em. 


2. The radius of c irvature of a concave mirror is 12cm. Find ti 
waea an object mast be placed so aito produco its real inian, Ld 
times. 


Ans, The magoification $710, whence y »10u . 
For a real image in a concave mirror wo must have 
1,1.2 111.2 
ytu7 r9 gtu riy Whence um S'S. 
Thus the object is to be placed at a distance of 5*5 cm. from the mirror. 


LN i 
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3. Fron a concave mirror, whose focal /h is 106m. an et te 
placed 18 cm, aw: Find the position and size of tne i 
12 mm, long oy "ow broád. w 7 ELE bs 
Ans, Here uwi8 cn, aod felüem, If as usual, the object distance 
be v cms. 


T» : 
"AT aT] whence ve27$ om, 


r .'z:rofimage v. 22$ 5 
Now la:eral majnification KTI I T 
<. the length of iaveced imagem (ix 12) mm. 15 mm. 


and its breadth is e (3x4) mm. 5mm. y 
Hence the size of the image 15 mm. x 5 mm, 
: 4 A mall object is olscsd oa the axis of a soherical mirror at a distance 
of 20cm fomit, A virtual image is formed which is 126m, from the mirror. 
Deter niae. wiether tae ni of is concave of coavex aad (dad its o 
l curvature, 1 Utkal 0.952] 
Ans Since tne image is vi aul, it is formed on the back side of the mirror. 
|»  Henceus20 cin. aod ye —12 cm, s» that 


-—d- whence r= —60 cm, 
" S. the radius of corva ure of tbe mirror is 60cm. tong ; but since it is 
negative, the mirror ise» vex. 

*32, Images due to two Spherical Mirrors —As already stated, 
namely, that wach (he | nage of aa object ser ves as the object balore 
à reflecting or a refracting surface, such a0 image is called a virti 
object. A virtual oojsct may be due to a real of à virtual image. in 
tne case of reflections from two plane mirrors a virtual image at one 
mirror dus to an onjsct serves. af the virtual object at (he other, In 
this case the nature of tae virtual object is virtual in character, « 

Ia the case olg — Pa hg "t, T either a real e 
virtual image of an object suital , Toit image may serve 
the object ax soother spnerical alter and would consequently have 

| another iniga There may also be a serics of images due to 

| successive reflections. Tne position of the second image may be 
determined in either of the followiag two ways :— 

(a) Virtua! object due to one mirror in front of another— The care 

would be ea as an object. placed at the usual position and the. 


Fig. $7—Image in a Concave Mirror due to a Virtual Object 


final image is to be found zsometrically or analytically according. 
to directions given in Arts. 29 aad 31. ims 


Pt. I/L—4 
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(b) Virtual object due to one mirror at the back of another—The 
case may be illus‘rated by a diagram as shown in Fig. 57. PQ is an 
object before a concave mirror M, and its real image is P,Q,. But 
before the real image could be formed, another concave mirror M, is 
placed coaxially so as to receive the image. In so far as the reflection 
on M, is concerned, the virtual object P,Q, is at the back of the 
mirror. Take two rays from P, one of which PE passes througih the 
principlal focus F, of the first mirror and meets M, at the point E. 
This ray after first reflection would proceed along EH which is 
parallel to the axis A,A,. Take another incident ray PD parallel to 
the principal axis A}A which after reflection at M, passes F, and 
meets the second mirror M, in a direction DF,G. In the absence of 
the second mirror a real image P,Q, would have formed. But due to 


Fig. 58—Image in a Convex Mirror due to a Virtual Object 

the interposition of the mirror M; the two rays would be refleted in 
the following way. The ray EH after reflection on M, proceeds in 
the direction of the principal focus F of the second mirror. Through 
the centre of curvature C, of the second mirror draw the line C,S 
parallel to DG cutting the focal plane F,T at S. Then S is the 
secondary focus corresponding to a beam of rays parallel to DG. Join 
GS and let HF, and GS meet at P. Then p is the final image of P and 
pq is the final image of PQ. For a convex mirror the same is shown 
in Fig. 58. 

In so far as the reflection at the mirror M, is concerned, the vir- 
tual object F,Q, is at the back of the mirror (Fig. 57) The virtual 
object distance A,Q, is evidently negative, as it occurs on the back 
ke ofthe mirror. Calling A;Q,— —u and A,F,=f, the equation 
reduces to 


Thus for any portion of the virtual object behind a concave 
mirror, y can never be negative. When u—cc, v=f, and when u=0, 
y—0. Therefore as the virtual object moves from the pole to an infi- 
nitely large distance on the back side, the final image moves from the 
pole to the focus of the concave mirror. 

In the case ofa convex mirror (Fig. 58) A.Q, =u and A,F,— 


qu oL uf 
e =p Whence Vy 
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Therefore so long as u<f, v is positive and the final image is real 
ia nature. When the virtual object is beyond the focal length, ihe 
image is virtual. À 

33. Determination of the Focal Length of a Spherical Mirror— 
The following are a few of the various methods employed to deter- 
mine the focal length of a spherical mirror. 

(a) Concave Mirror :— 

() Parallax Method—Mount a hair pin in front of a concave, 
mirror with its top on the principal axis and is moved 10-gad-fro. 
Observe its image till for a particular position there is no parallax 
between the pin and its image, i.e., till on moving the eye from side 
to side, the pin and its image appear to move together. The image 
is now formed at the same position as the object. This is possible, 
only when the object is placed atthe centre or curvature o! the 
mirror. Measure the distance of the pin from the pole of the mirror. 
This gives the radius of curvature, half of which is the focal length. 
(Vide J. Chatterjee’s Intermediate Practical Physics.) 

(ii) U-V Method—Mount a concave mirror M on a suitabie stand 
(Fig. 59) and place it on a table in a dark room with its axis horizon- 


tal. Place a candle flame and a pe 
paper screen Sin front of the te af hye 
mirror. If the candle is passed Arnon dr 
beyond the focal length of the [d 

mirror, a real and inverted - i : 
image of the flame is formed on Fig. 59. U-V Method 


the screen. Move the screen 
until the image is sharply defined, Measure the distances of the flame 
and of its image from the mirror and denote these distances respec 


tively by u and v. Then from the formula uf the value of f 


is calculated. With different values of u and v number of readings is 
in practice taken; and fis found is each case. The meam of these 
focal lengths is the observed focal length. (For further details vide 
J. Chatterjee’s Intermediate Practical Physics.) f 
(b) Convex mirror—Take a convex mirror M (Fig. 60), suitably 
I 


Fig. 60—Focal length of a Convex Mirror 


mounted with its axis horizontal. Place a convex lens L of short focal 
length in front of M. Then hold a pin PQ in front of the lens and 
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ata distance greater than its focal length. Now adjust the position 
of M till there is no parallax between PQ and its image Pg. 
Measure the distance LM. Keeping the positions of PQ and the lens 
L undisturbed, remove the mirror M. Take another pin and Ircate by 
method of parallax the position pg. of the inverted image of PQ as 
formed by the lens. Measure the distance Lp. Afterrefraction through 
L the rays from P would have converged to p, if M were not present. 
if Mp be equal to the radius of curvature of M, refracted rays from 
L would be incident normally on Mand would, therefore, be reflected 
back along the same path. After second reflection through L these 
rays would converge to P, forming the inverted image Pq’ of PQ. 


Thus with the above arrangement Lp—LM =Mp=radius of cur- 
vature of M =2x (focal length of M), whence the radius of curvature 
arid the focal length of the mirror are obtained. Place PQ at different 
distances from L but always away from the principal focus and ob- 
tain the focal length of the mirror in each case. The mean value ofa 
number of readings is taken as the correct focal length. 

Examples : 

A convex lens is placed {4 cm. in front of a convex mirror and an object 
placed 20 cm. in front of the lens gives an image coincideat with itself, Irthe 
focal length of the lens is 10 cm., find the radius of curvature of the mirror. 

[Utkal U.—'951)} 


Ans. Evidently the arrangement of the apparatus is that.of determining the 
foe, length of a convex mirror with a convex lens, where the real image due 
tö the convex lens is at the centre of curvature of the convex mirror. 
Te E 
u Y 10 20 V 

MA the.numerical value of the radius of curvature of the mirror = (20—14) 
cm, =6 cm, 

34. Identification and Use of Mirrors—From .an observation of 

the image produced by it in different positions of the object the 
nature of a given mirror may be identified even from a distance. 
Place an object before the mirror. If the image is erect and of the 
game size as the object and if at the sametime it appears to be formed 
behind the mirror, the reflecting surface must be a plane. Again, if 
the image is erect and formed behind the mirror but diminished in 
size, the mirror must be convex. But if, on the other hand, the image 
is erect, is formed behind the mirror and is magnified or even inver- 
fed, diminished or magnified, the mirror is concave. 


Use— Different types or mirrors are used in various optical instru- 
ments and for various other purposes. $ 


(i) Plane Mirror—Looking glasses we use everyday are plane 
mirrors. Ina ‘good’ looking glass. 


(i) the surface should be plane, 


(ii) the thickness should be small and uniform, 
and (ii) the silvering at the back should be good. 


Jf the surface is not plane, it would possess concavity or convexit 
of different amounts at different parts on the surface; this MO 


Now for the lens, } whence v=20 cms. 
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cause unequal magnification in different parts of the image which in 
consequence appears distorted, If the thickness of the mirror is not 
uniform, the angle between any two reflected rays is not the same E 
that between the corresponding incicent rays, so that the image is not 
an exact copy of the object but appears crumbled or distorted. 


If the silvering is good, the image due to reflection at the back 
surpasses in brilliancy the faint image formed by reflection at the 
front surface and so there would be no confusion. To test whether 
the surface is plane, the mirror is held in hand horizontally, just 
below the level of the eye and the image of a distant vertical object 
(say a window bar) is observed. If the image appears sharp and 
straight, the mirror is plane ; . if wavy and crumbled, it is not. Being 
neither plane nor of uniform thickness, cheap looking glass presents 
a distorted image. 

(ii) Concave Mirror—A concave mirror of suitable size is some- 
times used asa shaving glass. When held near the face, it gives an 
erect and magnified image. For purposes of internal examination 
concave mirrors of small aperture are used by surgeons to throw a 
sharp but narrow beam of light into ear, nose, throat and eye. 

A reflector is a bright polished metallic surface placed behind a 
source oflight so asto reflect those rays which would otherwise 
proceed towards the back of the M ; 
Source and would be of no use. A 
reflector, therefore increases the 
intensity of light in a particular 
direction. A mirror, the principal 
Section of which is a parabola, is 
called a parabolic mirror. A para- 
bolic mirror brings to a group of 
parallel rays incident parallel to 
the principal axis accurately ata 
point S which is the focus (Fig. 
61). The head lights of bicycles, 
motor cars, railroad engines etc, 
are fitted with parabolic reflectors. 
The source of light is placed a 
little nearer to the principal focus, 
so that the reflected light is a pen- 
cil of small divergence and con- Fig: 61—Parabolic Miner 
sequently reaches a great distance í ü i 
in front. Large astronomical telescopes are proyided with parabolic 
reflectors so as to concentrate light from stars. Of such reflectors the 
biggest is housed in the Observatory of Mount Palomar at Pasadena, 
California and has a facial diameter of 16:6 feet, Used in steamships 
and locomotives, the search-lights are fitted with concave parabolíe 
reflectors. A very powerful arc lamp is placed almost at the focus 
of the reflector which thus reflects the beam to a great distance. 

(iii) Convex Mirror—A convex mirror provides a wider field of 
view than a plane mirror or a concave mirror. A convex mirror is, 
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therefore, often fixed toa motor car by the side of the wind. screen 
wheretlirough the driver can get a view of vehicles approaching from 
behind. Street lamps are provided with convex reflectors, while table 
lamps have got concave ones. f 

(iv) Cylindrical Mirror—A mirror, whose reflecting surface 
forms the part of a cylinder, is called a cylindrical mirror. One 
section of a cylindrical mirror is plane, while a section at right angles 
to it is circular. Held with its axis horizontal or vertical a convex 
cylindrical mirror would produce a disproportionate distortion of 
the image of different parts of an object placed in front of it. Such 
mirrors are used in a laughing gallery. 


*35. Defects of Image due to Reflection—When there is an 
object before a plane or a spherical mirror, an image either virtual or 
real is formed of it somewhere either at the back or in front of the 
mirror. This image may be of the same size as the object or else larger 
or smaller than it; in any case, however, if the image presents an exact- 
ly similar appearance as the object there is no defect of the image. 
But if the image appears disproportionately magnified at some part 
only or if it is curved or distorted a defect in the image appears. 


When an image is formed in a plane mirror the object distance is 
always equalto the image distance and there is always a point to 
point correspondence between the object and its image. Consequently, 
magnification is unity at all distances. Hence the virtual image of an 
object due to reflection at a plane mirroris always equal to the object, 
and there is no question of any distortion of the image in any part. 


In order that an iniage due to reflection or refraction may be free 
from any defect the following conditions should be satisfied.— 


(i) A group of rays starting from any point of the object, would 
after reflection actually converge to a second point or appear to 
ee from a second paint. The second point would be the image of 
the first. 

(ii) The magnification of any part of the image in relation to the 
corresponding part of the object would be the same. 

, These two conditions are satisfied entirely by a plane mirror. But 
in case of reflection from a spherical mirror the above conditions are 
approximately true only when (i) thé aperture of the spherical mirror 


is small and (ii) the rays are inclined at a small angle to the principal 
axis. 


Spherical Aberration—We shall now investigate the effectof a 
large aperture of a concave mirror on the formation of image due to 
apoint source of light. Let NA (Fig. 62) represent half of the 
principal section of a concave mirror of large aperture, anó AO the 
principal axis. Let O be a point source of light on the principal axis. 
Take a number of incident rays OB,OD,...... , ON, of different slope 
angles with the principal axis. By drawing normals at all points 
of incidence the corresponding reflected rays Tay be traced in all 
cases. The reflected rays are found to pass through defferent 
points on the principal axis unlike the case of a concave 
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mirror of small aperture. But such small groups of reflected rays 
would be found to meet alonga curve IY. Reflection of similar cones 
of light on the lower side of the mirror generates another identical 
curve IZ (Fig. 63). Hence for a large aperture of the mirror the 
image of the point source is not confined to a point, but is distributed 
over a curved surface. A point image would not be obtained, wher- 
ever a screen may be placed. In fact, the image of O lies on a surface 
obtained by rotating the curve YIZ about the axis AO, when 
reflections from all parts of the mirror are taken into account. 
Such a surface is called caustic, and the point I, where the surface 
tapers to a point, is called a cusp. The cusp is the nearest 
approximation to a point image formed due to a small part AB of 
the mirror. 

When the incident beam is parallel to the principal axis, the cusp 
I of the caustic so formed coincides with the principal focus. The 
best location of the image is a little behind the cusp. If we 
consider reflection from a very thin annular zone passing through N, 
this zone would form an image of O at L. The image for the polar 
zone is atI. The distance LI is called the axial spherical aberration 


Fig. 63 


Fig. 62—Formation of a caustic due to Concave Mirror 
atin: ab—from ; errure—wander) for a cone of incident rays 
TE n slope angle AON. A. small cone of rays (such as one 
making a considerable angle with the axis is called on oblique centr E 
pencil, Even when a small region of the mirror 18 considered ju 
removed from the pole, and such that an oblique centric enu pe 
any point object is incident at this region, the reflected rays lo heen 
pass through a single point. Consequently, on ees an o! of 
centric pencil does not produce a well-defined image. Suc! a at 
of concurrence of the reflected rays is known as astigmatism ( e ji 
a—no ; stigma—point). Hence we may say that reflection n a 
spherical mirror by on oblique centric pencil gives rises 


astigmatic pencil. 
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Reference 
Art. 23 


Art.27 


Art. 27 


Art. 27 


Art. 27 


Art. 27 


Arts, 
27 & 30 


Art, 27 


Arts, 
27 & 30 


Art, 29 


Art, 29 


Art 29 


Art. 26 
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EXEROISHS ON CHAPTER III 


1. Distinguish carefully be'ween the following terms as 
applied to a concave mirror; (a) pri cipal focus, (b) focal 
length, (c) radius of curvature, (d) centre of caryat ire, 
(e) pole. (C. U.—1954; Del H S —1950j 


2. Prove Pg in the case of concave spherical mirror 
Du P 
(Nag. U —1955; V U.—19/2, ‘55; B. H. U —1960; 
Gau, U.—1961; And U.—:958; C. U.—1951; Del, 
H S.-1958; Aina U —1551;. 

3. An object, 5 cm. long.is *0cm froma concave mirror of 

focal length 39 cm. Where is the image and what is i ssze? 
(Dac U.—1953; Mad U —1950) 

Ans. ve75cm.; 7:5 cm. 

4. A' what distance from a concave mirror of focal length 
15cm should an object be placed to ‘orm a rea! image having 
linear dimension three time that of the object ? (Mad. U. —1950) 

Ans. 20cm, 

5. An object is at a dista ce of 10 cm. from a mirror and the 
image of the obj«c is ata distance of 30cm. from the mirror on 
the same side asthe Object. Isthe mirror concave or convex? 
What is the oca! length ? 

Ans. As the image is onthe same side as the object, the 
mirror must be concave ; f=7'5 em 

,6. Prove the relation 141-1 for a convex spherical mirror. 


(B H U.—1958 ; P. U. 195: ; And. U.—19:1 ; R, P. B.— 

1955, 59; Raj. U. —1964 ; Utk.U.—1959 ; Del, H.S —1960) 

7. Show that the image of a real ohject produc -d ^y a convex 

mirror is always virtual ard viminished. IR. P; B.—1:65) 

8. A concave mirror, whose focal length is. 10 cm, ig laced 

at distance of 35 cm, froma wall How far from ‘he wall should 
an object be placed to get its rea} image on the wall ? 


E. P. U.—19 
Ans. 21cm. : per 


size and 
1 em. high and distant (a 20 cm., (bi 5 cm ‘trom the mirror 
Ans, (a) 60cm.;3em.;real, b) 7b em ; 1} em. ; virtual, 


Ans. (a) 225em.; (b) 75 em. (And. U.—1 57) 
13. Define lincar magnification, Derive the formu'a for the 
linear magnification by 8 Convex mirror in terms ot wand f, and 
show that for a real object the image formed by a convex mirror 
is always smaller than the object. (Nag. U.—1959) 
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_ 14 Show that if p and q are oistances of an object and its 
image from the principal focus of a concave mirror, then pq=f 
(P U.—1952; And. U.—1960) 

15, Trace the changes in the position of the image and its 
magnification as the object moves from a considerable distance 
close up to a concave mirror. 

(R. P, B.—1945; C. U.—1959; V. U.—1952; Gau. U.—1951) 

16. A convex and à concave mirror, each of radius 10 cma 
are placed facing each other and 15cm. apart. An object is 
placed midway be'ween them. Fine the position of the final 
image, if the reflection takes place first in concave mirror and 
then in tho convex mirror. 


Ans. For the concave mirror, w= em. and f$ cm, 


«<. the image is at a distance of 15 cm, 

Hence the imagé is formed a! the pole of the concave mirror 
and so the final image dueto reflection in the convex mirror is 
formed at the polé of the convex mirror just behind it, 


17. Explain carefully how you will determine the radius of 
curveture of a convex mirror using pins and a convex lens on an 
optical hench, Draw reat disgrams. IR P. B= 194%) 

18. Describe any optical method of determining the focal 
length of à convex mirror. 

(Pat. U.—1952 ; And. 1950 ; U, P. B.—1951) 

19. Explain briefly how the focal length of convex mirror can 
be determined with the help ofa co vex lens. 

Aco: vex mirror is placed 20cm. behind a thin convex lens 
at a distance of 20cm fromit, The image is seen formed in the 
15 cm. focal length. When a sma'l object is | laced in front o! the 
lens at a distance of 20 cm. from it, the image is seen formed in 
the same position as the object. Calculate the focal length of the 
convex mirror. 

Ans, 20cm. 

20. State the reasons why the driving mirror of motor car is 
either convex or plane, 

An object, 4 in. high, is placed 8 in. in front of a convex mirror 
or racius 10 in. Find by graphical method or otherwise the 
position and size of the image, Iste image real or virtual, et 
or inverted ? (C. U.—1954) 

Ans, ye —24y in. 14 in. ; virtual and erect. 

21. The sun subtends an angle of half a degree at the centre 
ofa concave mirrorand the diameter of the image of the sun 


157 1t. dius of curvature of the mirror. 
is 0157 1t, Find the radius of vi OY. U;—1954) 
Ans. 36 ft. 


22, You ere arked to decide whether a given mirror is plane, 
convex or concave without touching it, What method would you 


Ü i i 1 

ere aa ou —1951 ; Del U.—1940; Utk. U.—1952) 

23. You want t» purchase a good looking glass. How would’ 

you test its quality while shopring ? 
Í 


(C. U.—1949 ; Dac, U, = 1947) 


24. Explain why, ihe ee ofan object seen in a cheap 
looking glass gives. disicrted images. 
i i of bolic mirrors. 
25. Explain the working and use of para (PA 1952 
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Reference 
Art. 31 


Art. 31 


‘Art. 32 


Art, 33 


Art. 33 


Art, 33 


Art, 34 


Art, 4 
Art. u 


CHAPTER IV 
REFRACTION AT PLANE SURFACES 


36. Refraction— When a ray of light passes from one transparent 
medium into another, the ray suffers, in general, a change of direc- 
tion at the surface of separtion of the two media. The ray is then 
es to be refracted and the phenomenon is known as refraction of 
ight. E 


XY represents the surface of separation between two media. 
Travelling in the upper medium (say, air), a ray 
of light IO (Fig. 64) meets XY at O and passes 
into the denser medium (say. water) along a 
different direction OQ. Then IO is the incident 
ray and OQ is the corresponding refracted ray. 
MON is normal to the surface at O. The angle 
ION (Zi), which the incident ray makes with 
the normal at the point of incidence, is termed 
the angle of incidence. The angle QOM (Zr), 
which the refracted ray makes with normal, 
Fig. 64 is called the angle of refraction. 


Laws of Refraction—The following are the two laws of 
refraction :— 


(i) The incident ray, the normal to the surface of separation at 
the point of incidence and the refracted ray lie in one plane. 


(ii) For the same pair of media and the colour of light, the 
ratio of the sine of the angle of incidence to the sine of the angle of 
refraction is constant. 


If i be the engle of incidence, and r the corresponding angle of 
refraction, thensin i/sin r=constant. The Second Law is generally 
known as the Law of Sines ; it is also called Snell's Law after the 
name of Willebrod Snellius, who first discovered it in 1626. 


To simplify the Second Law we may state that when the yellow 
light from a sodium flame is incident from air on a plate of ordinary 
crown glass, the value of the ratio sin i / sin r is found to be 1-5190. 
while for the same yellow light moving from air to water the value 
of the ratio becomes 1°3330. This shows that for the same colour of 
light, when either or both the media are changed, the ratio changes. 
Again for the same pair of media (say, air and ordinary crown glass) 
when the red light from hydrogen passes from the former to the 
latter, the value of the ratio is 15064, while for the violet light from 
hydrogen, it becomes 1*5216. This shows that for the same pair of 
media, if we change the colour of light, the value of the constant 
undergoes slight changes. 
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Verification—The laws of refraction can be experimentally 
verified by Hartle's Optical Dise or by Pin Method. 


(1) Hartle's Optical Dise—The instrument has already been 
described in Art. 15. A piece of semi-circular glass plate MD (Fig. 
65) is fixed at the centre of the disc, so ERI. 
that the plane face lies along the 909-90? T. am 
diameter, while the 0°-0° diameter passes 
normally through the centre of the plate. 
The instrument is adjusted, so that a thin 
pencil of light passing througha slit in 
the screen S and tracing its path or the 
disc is incident obliquely at the centre 
of the glass plate. It is observed that a 
part of the incident pencil is refracted, 
while another part is reflected. Both the 
pencils trace their paths on the disc astwo 
white linear patches. The refracted pencil 
meets the curved surface of the plate 
normally and so emerges undeviated. The 
angles of incidence and refraction are Fig. 65 
directly read off from the graduations on a 
the disc and are noted. By keeping the screen fixed and rotating the 
disc to a different positions, the angle of incidence is changed and 
the corresponding angle of refraction is noted. The sines of the 
angles of incidence and refraction are found on reference tothe Table 
of Sines. The ratio of the sine of the angle of incidence to the sine - 
of the corresponding angle of refration is found to be the same in 
each case ; this verifies the Second Law. Again the incident ray, the 
normal and the refracted ray are in each case found to lie on the 
plane of the disc which verifies the First Law. 1 

(2) Pin Method—Fix a sheet of white paper on à drawing 
board. Place a rectangular slab of glass ABCD on the paper (Fig. 66) 
and draw its outline by a pointed 
pencil. Insert a pin vertically at P 
in contant with the surface AB of the 
slab and another at P, on the same 
side, so that the line P; P is oblique 
to AB. Look through the slab from 
the side CD and stick successively 
two pins, one at Q, in contact with 
the face CD and the other at R, 
some distance apart, such that 
these pins and those at P and P; 
appear to be inthesame straightline 

Fig 66. Again fix a va Ps Li ia 
side and looking through the slab from the side > 
pin at ra; PTN, with the face CD and another at Re some 


i i > d P, appear 
distance apart, such tbat these pins and those at P and P, e 
‘a te in the same straight line. Now remove the slab and the pins 
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join P,P, P,P, PQ,, Qi Ri, PQ, and Q,R,. - Draw the normal nPn 
to AB at P. Evidently, P,P is an incident ray, PQ, the correspond- 
ing refracted ray in the glass and Q,R, the emergent ray. Similarly 
for the incident ray P,P, the corresponding refracted and emergent 
rays are PQ, and QR, respectively. 

With centre P and any convenient radius describe a circle cutting 
P,P, PoP, PQ, and PQ, at L, K, T and S respectively Draw the 
respective perpendiculars Ln, Kn, Tn and Sn to the normal at P. 

Now for the incident fay P,P, 

sin P,Prn_ Lan. Tn. Lg 
5n Q,Pn PL‘ PT Tr’ 
since being radii of the same circle, PL and PT are equal. 
Similarly for the incident ray P,P, 
Sin PePn Kn. Sn Kn 
sin Q,Ph PK PS Sy’ 
since the radii PK and PS are equal. 

Measure Ln, Ln, Kn and Sn carefully with a metre or a diagonal 

Scale. It will be found that to a sufficient degree of accuracy, 
En. Kn. 
Tn Sn 

But taking any other ray, the corresponding relation is always 
found to be practically equal to Ln/Tn. Hence the relation is always 
found to be a constant ; this verifies the Second Law. Also the 
incident ray P,P, the corresponding refracted ray PQ, and the 
normal at P lie on the plane. of the paper. This verifies the First 
Lew. (Vide J. Chatterjee’s Intermediate Practical Physics.) 

37. Refractive Index—When a ray of light passes from one 
medium a into anothe medium b, the ratio of the sine of the angle of 
incidence i to the sine to the angle of refraction r is called’ the 
refractive index of the medium b relative to the medium a and js 
represented by 


snr as +37.) 


Ifthe second medium is optically denser than the first, the 
refracted ray bends towards the normal, so that i is greater than r ; 
hence sin i>sin r, and so the refractive index is preater than unity. 
In case light passes from a denser to a. rarer medium, the angle of 
incideoce is less than the angle of refraction and so the refracive 
index is Jess than unity. 


When light travels from vacuum into any refracting medium, the 
refractive index is called the absolute refractive index or simply the 
refractive index of that medium. The absolute Tefractive indices for 
ali substances are greater than unity. 


In most practical cases, however, light travels from air into a 
refracting medium, so that the refractive index of a medium generally 
means the one relative to air. As the absolute refractive index of air 


ART, 37 REFRACTION AT PLANE SURFACES 61 


ds very nearly unity (1:00027 at N.T.P.) the refractive index of any 
ere relative to air differs very slightly from the absolute refrac- 
e index. 


Since the path of light is reversible, a ray of light travelling in th 

^ , e 
lower medium b along QO (Fg. 64) proceeds along OI in the. upper 
medium a. In this case tae angle of incidence is r and the angle of 
refraction is 7 and hence, 


itu alba (37.2) 


where yug denotes the refractive index of a relative to b. 
From equations (37.1) and (37.2), 


sin z sin r 
Hy X pla = — X— = 
pL Ole E AT A 
1 
whence uge — ^. (37.3) 
ally 


Hence if the refractive index of any medium with respect to air 
be represented simply by y, the refractive index of air with respect to 
that medium is given by l u. For examole, the refractive index of 
water with respect to air is 4/3; andso the refractive index of air 
with respect to water is 3/4. 


Relative Refractive Index —Let a ray of light PQ in air be incident 
at Q (Fiz. 67) on the surface of water. Suppose it is refracted 
along QR. Let the ray QR meet another medium, say glass placed in 
contact with water and De refracted into glass 
along RS. Let RS finally emerge out in air 
along ST. It is assumed that all the surfaces of 
separation are parallel, As the first and the 
last media are the same, it can be experimen- 
tally shown that the final direction of the ray 
is always parallel to its initial direction, so 
that the angle of emergence at S is equal to 
the angle of incidence at Q. Let 1.4445 
be the angles of incidence in the successive 
media. 


; _sin $, 
Then by the law of refraction, ale= ing. de 
P d in sin 
Similarly, w!s— x and oi, — — 5. 


: sinasin a tin ga 1 
~e aw X ulla X oa am $4 mn pe BING, ? 


Hence from (37.3), ata X wg = Es =allg, by (37.3), 
gla 


alg (74) 


or É Pg= 
PiN allo 
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Hence the relative index of refraction of a medium g with respect 
to another medium w is the ratio of the absolute index of the medium 
g to that of the medium w. 


sin $e alg 
Sin Qs allw 

+ alg Sin s — ats Sin $3. 

So, in general, we may state that if i, and ua be the absolute 
refractive indices of two media and if by way of refraction a ray of 


light makes an angle $, with the normal in the first medium and 4 
with the same normal in the second medium, then «u, sin $ , —ug sin ds. 


Again qug 


Examples : 


1. A ray of the light is incident from vacuum to a plane parallel glass plate of 
refractive index 1'502 at an angle of 60° wita tae normal. Find the angle of 
refraction. If the vacuum be filled with air of refractive index 10003, calculate 
the change of deviation of the refracted ray in glass. 


Ans, Ifr be the angle of refraction when light proceeds from vacuum to glass, 
sin 60° 1'502, Now sin 60°="8660, whence sin r="5766. 
Now on reference to the Table of sines the angle, whose sine is 5766, is found 
to be 35913’. Hence the desired angle of refraction r 35-13". 


When vacuum is filled with air, there ts no change in the angle of incidence ; 
but light is now Proceeding from air, to glass. If r’ be the sive of refraction in 
glass, then by the condition of the problem 

1'502 x sin r’ = 1°0003 x sin 60°, or, 1°502Xsin r' = 1°003X*2660, 
whence sin r’="5767. 


Now on reference to the Table, the angle, whose sine is “5767, is found to be 
3571320". Taus the refracted ray bends away from the norma from its previous 
Pond byonly20 seconds. This slight change cannot, however, be ordinarily 


, 2. The refractive indices of water and glass are 4/3 and 3/2 respectively. What. 
is the refractive index for a ray travelling from glass to water ? 


Ans. By the problem, aug=3 and aio d. 


3. A rectangular glass slab rests at the bottom of a trough of water. Incident 
on water surface at an angle of 509, a ray of light passes throuzh water into the 
glass. Calculate the angle of refraction in the glass. (Refractive index of water 
is 4/3 and that of glass 3/2.) 

Ans. Since the ray is incident on the water surface at 50°: the angle of 
incidence—9J*—50" =40°, Now since the refractive index of water is 4/3, the 
angle of refraction r in water is given by sin 40°/sin r=4)3, 

Hence sin r=3/4 sin 40°. 


This angle r is the angle of incidence at the separating surface of glass and water. 
If rı be tue angle of refraction in glass, then 3/2 sin r4 —4/3 sin Fi. 


Thus 3/2 sin r, =sin 40° ; hence rı —25722'. 
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38. Refraction at a Plane Surface— The following cases occur 
due to refraction at a plane surface :— 


(1) An object in a Denser medium observed vertically from a 
Rarer medium—P is point object in 
a denser medium, say water. A ray 
PO (Fig. 68) is incident normally at O 
onthe surface of water and proceeds 
undeviated along ON into air. Another 
ray PO’ is incident at O^ very close to 
O and is refracted obliquely along O'Q. 
The two refracted rays diverge in air 
and if they are produced backwards, 
they would meet at P. Hence P'is the 
virtual image of P due to refraction, 
so that to an eye receiving the rays 
between O'Q and ON, P appears to 
be raised to P’. If 4 be the refractive Fig. 68. 
index of water with respect to air, then 

—sinZ QON  sinZO'P'O PO’ 
sinZ PO'N' sinZO'PO PO” 

When O’ is very close to O, P'O’ and P’O may be taken to be very 
nearly equal to P'O and PO respectively. 

.PO . realdepth _u 

ane P'O apparent depth v 
where u and vare the distances of the object and its image from the 
refracting surface. | 

NEUE us (38,1) 

As >l, the image appears to be nearer than the object. By 

measuring u and v the refractive index of a medium may be found. 


Application—This principle is applied in the determination of 
refractive index of a material, solid or liquid, having parallel faces. 
The instrument consists of a microscope whieh is capable moving 
along a vertical scale attached to a stand, its position being read by 
a vernier attached to the microscope (Fig, 69). 


Take a piece of glass plate of suitable thickness. Make a fine 
pencil mark on a piece of paper and stick it to the platform. Focus 
the microscope, with the axis vertical, on the mark and note its posi- 
tion from the scale and the vernier. Place the glass plate on the 
mark ; the image of the mark due to refraction through the glass 
plate appears to be lifted abit. Raise the microscope along the vertical 
scale until the mark is clearly focussed and read the vernier again. 
Next sprinkle a very small quantity of lycopodium power on the 
uppersurface of the plate. Focus the microscope on this and note 
its position. The real thickness of the plate is the the difference of 
the third and the second readings and its apparent thickness is the 
difference of the third and the first readines. 
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third reading —first reading 
(ie o 

Heme third reading—second reading 

In the case of a liquid (say, water) take a glass trough having a 
flat bottom with a scratch mark on the inside. Make the platform 
horizontal, place the empty vessel on the platform and focus the 
microscope on the mark. Pour a quantity of the liquid the 


(382) 


Fig. 69—Vernier Microscope 
trough and focus on the mark once again. Lastly, sprinkle a few 
grains of lycopodium or cork powder on the surface of the liquid 
and focus the microscope on these. From the scale and the venier 
note the position of the microscope in each case. As before, p is 
found from equation (38.2) 
(2) An Object placed in a Rarer medium and observed ver- 
tically: from a Denser medium—P is an object in a rarer medium, 
: (say, air). Take a ray PO (Fig. 70) falling norm- 
ally at O on the surface of a denser medium, (say 
water); the ray passes on undeviated. Another 
ray PO' is incident at O' very close to O and is 
refracted along OʻQ. Let NO'N’ be the normal 
to the surface at O’. If produced backwards, the 
two refracted rays would meet at P' whence 
they appear to diverge. P’ is thus the virtual 
image of P due to refraction, so that to an eye 
placed under water in a suitable position, the 
object P appears to be raised to P’. If & is the 
refractive index of water, then when the pencil 
in narrow, O' is very close to O, so that =. 


— sin ZPO'N sin ZO'PO O'P 
sin Z QO'N' sin ZO'P'O OP 


| 
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Now. OP’ and O'P' may be taken to be approximately equal t 
object distance u and image distance y, thus we get il, k 
u= OP ow a 
OFT Or, v—uu ++(38.3) 
As &>1, the image apprears to be farther away from the object, 


Deviation by Refraction—Whenever a ray of light is: refracted 
obliquely from one medium into another, there is aways a bending of 
the ray at the point of 
incidence, Sucha change mv IN 
in the direction of the ray vr 
is known as deviation and Y 
is measured by the diff- 2 
erence between the angle 
of incidence and the 
angle of refraction. In : 
Fig. 71 the ray IO is 
produced to any point 
S and the refracted ray i " 
is OT. Then the angle of Fig. 71 Fig. 72 
deviation is SOT. If à is the angle of deviation, then 3—i—r 

Ifthe angle of incidence is continuously increased, it is found 
that the angle of refraction does not increase at the same ratio ;80 
the angle of deviation increases as the angle of incidence is increased. 
In Fig. 71 the angle of incidence is nearly 38° and the angle of 
refraction is about 24^, if the reiractive index of the medium is taken 
to be 1'5. In Fig. 72 the angle of incidence in nearly 70? and the 
corresponding angle-of refraction for the same medium is about 39°. 
The deviation in the former case is (38—24)? =14°, whiie in the 
latter it is (70—39)°=31°. This shows that the deviation increases 
with the angle of incidence. The fact can be methematically estab- 
lished in the following way. 
sin i 
sin r 
By Componendo and Dividendo. 

i itr 8 i—r 

u+1_ sin i+sin IN 2 m 2. 

u—l sini—sinr Seon einen t 
2 et uc Spe 

Now i—r=5, where 5=deviation of the refracted ray Con, oi ODL 


T 


n 
X 


We know w= 


By cross-multiplication we derive — 
- B E-l qan Er i «(38,5 
tan 275 t 7 (38.5) 


If then i increases, r would thereby increase. Hence fora given 
value of u, right-hand expression increases ; consequently the left- 


Pt. I/L—5 
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hand side increases, i.e., 8 increases. Thus the deviation for a refrac- 
tion at a plane surface increases continuously with the angle of 
incidence. 


Examples :— 
1. Calculate the apparent depth ofa tank ofa clear water, 16 feet deep, 
given that the refractive index of water is 1°34. j [And. U.—1952] 


Ans. Letthe apparent depth of the tank be / ft. 


Then —tealdenth — _16 4.34 whence the required depth h=11°94 ft. 
apparent depth A 

2. A transparent cube of 15cm. edge contains a small air bubble. Its 
apparent depth when viewed through one face of the cube is 6 cm., and when 
viewed through the opposite face itis 4 cm. What is the actual distance of the 
bubble from the first face and what is the refractive index of the substance of 
the cube ? [Gau. U.—1952] 

Ans. Lettheactual distance of the bubble from the first face be x cm. and 
let the refractive index of the substance be g. 


kay, whence 4— 15 and x=9. 


Then gh and 


Thus the required distance is 9 cm. and the refractive in dex is 1'5. 

3. Calculate the index of refraction of a liquid by the microscope method 
from the following data,—reading ofthe bottom of an empty beaker: 11:324 
cm, ; reading for the bottom of the beaker when partially filled with a liquid 
11:802 cm. ; reading for the upper level of the liquid in the beaker : 12:895 cm. 

(Del. H. $.—195:) 

Ans. The required refractive index 

real depth of liquid = third reading— first reading 
apparent depth of liquid third reading—second reading 
.12895—11:324 1'571 447 

12:895—11'802 1'093 g 
. .39. Practical Illustrations of Simple Refraction—The point 
P in Fig. 62 appears to be raised to P’. If P be supposed to be at 
the botton of a tank of clear water then on looking downwards, the 
bottom appears to be raised, so that the water appears to be less 
deep than it really is. As au=4/3, an object under water appears to 
be at three quarters of its actual distance from the surface. Thereby 
for a fish moving under clear water, an estimation of its real 
position can be made. The same principle also explains why a 
piece of paper stuck to the bottom ofa glass block appears to be 
raised, when seen from above. 


An object under water appears to be raised more and more when 
observed more and more obliquely (Art. 51). This explains why on 
looking along the length of a cistern filled with water, the plane of 
the bottom appears to be raised in an inclined manner, the farthest 
point appearing to be raised most. 


A portion of a straight rod OQP (Fig. 73) is immersed obliquely i 
in water. When seen from above, the immersed portion seems to be 
shortened and raised, so that the rod presents a bent appearence 
at the surface of water. Points such as P and Q on the immersed 
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portion appears to be raised to P^ and Q' respectively, each point 
being raised by an amount very nearly proportionalto its actualdepth. 
The immersed portion OP, therefore, maintains a nearly straight. 
appearance and appears shorter but occupying the position OP’. 


Fig. 73 i Fig, 74 
Place a coin P at the bottom of a vessel with opaque sides 
(Fig. 74) and move away till the coin is just cut off from view by the 
edge of the vessel. When water is poured into the vessel, notice 
that the coin comes into sight again. The explanation is given below. 
Rays of light starting from P are bent away from the normal at the 
surface. Some of these would reach the eye of the observer, making 
the coin appear to be raised to P’ and thus it would become visible 
to hira. 
Atmospheric Refraction—The density of atmosphere becomes 
less as we go up to higher levels. Since the refracting power of a 
substance increases with its density the atmosphere may be supposed 
to consist of layers, such as C, B,A, of. gradually decreasing reíractive 
indices towards the upper regions. A ray oflightcoming, for example, 
from the sun S even when below the horizon OH (Fi ig. 75) is refracted 
at each successive layer and so does not proceed along a straight line. 
«When the.ray finally reaches 
the eye of the observer O on 
the earth, itcomes in the direc- 
tion S'O, and so the sun S | 
appears to be raised (in the 
ane vertical plane) to x above 
the horizon. The angle SOS' I noo iM 
is nearly Bie à dedic or, Fig. 75—Atmospheric Reíraction ; 
more accurately, 36 minutes of an arc. For this reason the sun or the 
moon is visible a little while before itrises or after it has actually 
Sel. As the sun continues to be visible even for some time after it 
— actually sets, the duration of twilight is increased and the day is 
| lengthened by a few minutes, although the period of twilight slightly 
varies with the season. S 
- . For positions nearer the horizon the apparent raising due to 
refraction is greater. When the sun or the moon is nearer the horizon, 
its lower limb along the vertical diameter appears to be raised more 
| than the upper side, while the two extremeties along a horizontal 
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diameter are raised to the same extent. Consequently the vertical 
diameter appears to be shortened and so the disc of the sun appears 
to be somewhat elliptical or flattened. 


Different layers of air above a hot surface have different densities 
that change continuously. Seen through such layers, a distant object 
appears to be quivering. The twinkling of stars may be similarly 
explained, Even at the same level the refractive index of air varies 
periodically. The rays of light from a star are sometimes concen- 
trated at a point when it appears bright. Next moment the concen- 
tration of rays decreases and the star appears faint. Thus toa fixed 
observer the star appears to twinkle. The planets being nearer, the 
amount of light received from them is greater and so the variation of 
brightness is not appreciable. 


*40. Lateral Deviation in a Plane Parallel Plate—Let ABCD 
(Fig. 76) represent the section of a 
plate of transparent medium, (glass) 
placed in air and let a ray PQ be 
incident obliquely. Faces AB and CD 
are parallel to each other. The ray is 
refracted along QR, and let it meet 
the surface CD at R, wherefrom 
it emerges out of the glass into the 
air along RS. Let # be the refractive 
of glass. 


sin ZPQN 
"sin ZRQN^ 
sin Z QRM. 
sin ZSRM' 


Then considering refraction at Q, p 


Again considering refraction at RJ = 
u 

we 1f LPQN sin Z SRM' 

'"" sin ZRQN' sin ZQRM: 

But /RQN'—the alternate / QRM. So / PQN—Z SRM. 

Now since NQN' and MRM' are normals on parallel faces, they 
are parallel. So RS is parallel to the incident ray PQ. Hence in 
passing through a plane parallel plate of any refracting medium, a 
ray of light does not suffer any change of direction. 

Draw RV perpendicular to PQ produced. Then RV measures 
the lateral displacement of the ray. Denote the angle of incidence 


and that of refraction at the face AB by i andr respecti 
the thickness of the plate be t. d penu ccu 


Then VR=QR sin Z ROV—QR sin (i—r)=! aa 
r 


When the ray is incident normally, i—0 and also r=0 ;sothat ray 
passes straight through without undergoing any lateral displacement. 

Shift of Image position due to Refraction in a Plane Parallel ` 
Plate—Let P be a point source of light, and E the position of the 
sye. Let a transparent plane parallel glass plate ABCD of thickness t 
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beintroduced in the path, so thatthe surface AB ofthe plate is 
normal to the line of slight PE (Fig. 77). Take an incident ray PQ 
i very near to the normal PN and D A 

let QR be the refracted ray in 
glass. Produce RQ backwards 
to meet NPat P, which becomes 
the image due to first refraction. 
If u be the refractive index of 
glass and PN=u, then NP, — yu, 

Again there is refraction 
at the second face CD froma 
denser to a rare medium. Due 


Fig. 77 

to this refraction the object distance MP, is t--uu, and the finally 
refracted ray RS when produced backwards would meet the normal 
at a point Ps. 


Thus Mu or MP,=MPs _t+uu_t 
n nop 
Thusthe shift of the final image position towards the observer 
PP, -MP-MP,-t--u-[- &)- (1 -) t ...(40,2) 
u n 


The amount of shift is independent of the object distance or the 
position of the plate, provided it is always kept perpendicular to the 
line of sight. 

Multiple Images in a Thick Glass Mirror—If a luminous object (say, 
candle-flame) is held in front of a thick glass mirror, several images 
are often seen when viewed obliquely. The second image is usually 
much brighter than the first, while the others rapidly fade away. 

P is a luminous object (Fig. 78) placed in front of a thick mirror 
AB. AtP draw the normal to the mirror. Letus consider what 
happens to a single ray Pa incident at a. A small portion is reflected 
at the front surface along aS, which when produced backwards inter^ 
sects the normal at P4 which thus turns out to be the virtual image 
due to reflection at the front surface. , , 

The greater part of the incident light, which is refracted into the 
mirror along ab, is wholly reflected at the silver surface along bc 

and is then mostly reflected at the front 
surface along cS5, which appears to come 
.from the second virtual image Py. A 
small portion of the light is internally 
reflected at c along cd, which is almost 
completly reflected at the silvered surface 
along de this is partly reflected at e and 
partly refracted along eS, which appears 
` to proceed from the third virtual image 
MP, Pa. The same process may be repeated a 
NJ p. number oftimes. Thus by successive re- 
3  flections and refractions a series of virtual 
Fig. 78 images are formed, which appear to lie 
on the normal to the mirror at P. 
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When incident almost normally, greater portion of the light 
proceeds along cS, and causes the second image P, be the brightest. 
As the incidence becomes more oblique, 4 greater part of the 
incident light is reflected at the first surface ; so the first image 
gradually increases in brightness and ultimately becomes the bright- 
est. When we stand before a thick glass mirror and look normally, 
there is no apparent confusion and the images due to two surfaces 
almost exactly overlap. 


Example : 


A small object on the axis of a concaye mirror, distant 20 cm. from its pole, 
is imaged at a distance of a 30 cm. A glass slab with parallel sides 6 cm, thick 
is placed between the object and the mirror, with one sice close to the object 
and perpendicular to the axis. Calculate the consequent shift in tbe position of. | 
theimage; 4 for glass is 1°5. 

Ans, The glass s'ab apparently shifts the image of a poict object towards 
the pole of the concave mirror. The shift in the image position is 

hey ve EX M 1 £ 
=(1 1 6x(1 i3) (6x3) cm,=2 cm 
Thus the virtual object distance (20—2) cm. —18 cm, 
The focal length f ofthe concave mirror is obtained from the relation 
1 1 
j-M-$4- d. whence f=12 cm, 
Again, if the image distance in air without intervention of the glass slab be 
^ ese ad 
yi cm; them = "238 whence v, —36. 

Now, if the final image distance due to refraction through the slab be Ya 
cm, then considering the rays to be reversed and taking the amount of shitt 
through it to be 2 cm., we obtain 

Yg 7 Y4--2—5364-2—38. 


4, Therefore the total -shift of the image position —(38—30) cm.=8 cm. away 
from the mirror. 


41. Total Internal Reflection—When a ray of light passes from 
an optically denser medium to a rarer one, the refracted ray is bent 
away from the normal, so the angle 
of refraction is always greater than the 
angle of incidence. Let OK represent 
the surface of separation of two media 
(say, air and glass). A ray P,O (Fig. 79) 
in glass is refracted along OQ, in air. 
NON' being the normal drawn atO 
ZQ,ON’>ZP,0ON. As the angle of 
.| incidence increases, the angle of refrac- 

tion also increases, till for a particular 
position PO of the incident ray, the 
refracted Tay emerges along OQ, 
just grazing the surface of Separation, 
i.e. the angle of refraction becomes 90°. 


Fig. 79 
The angle of incidence in the denser medium at this stage is called 
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the critical angle for the pair of those media. Ifthe angle of 
incidence is increased even by a little amount, there would be no 
refraction ; but by the ordinary laws of reflection the incident ray is 
totally reflected in the denser medium. Thus the ray P,O would 
be internally reflected along OR. The phenomenon is called total 
internal reflection, since in. this case the total amount of the incident 
light is reflected internally within the denser medium. 

Critical Angle—When a ray of light is proceeding from a denser 
medium to a rarer one, the limiting value of the’ angle of incidence 
in the denser medium, corresponding to which the refracted ray just 
grazes the surface of separation, is called the critical angle for that 
pair of media. 

If the refractive index of glass (g) with respect to air (a) be u and 
if ZP,ON=6 (Fig. 79) be the critical angle for the pair of media, 


sin ZP;ON - : sinü — 1 ey Re 
then sin ZN'OB =a, Togs = iu? or sin 0 m 
: u 1 
beyna Ses (41.1) 


As the refractive index depends on the colour of light, the 
value of the critical angle even for the same pair of media is slightly 
different for lights of different colours. 

Thus the conditions for total reflections are :— 

(i) Of the two media, light must be travelling from the denser 
to the rarer. 1h 

(ii) The angle of incidence must be greater than the critical 
angle for the pair of media. Y 

It is evident from eqn. (41.1) that of the critical angle and the 
refractive index, one being known, the other may be calculated. The 
critical angle for air and water (u.—1'33) is found to be 48? ; the sine 
of the angle, as found from the table of constants, 18 076. Again 
for air and crown glass, 4 is 1°55 ; hence for this pair of media sin 0 
is 1/u which is 0°65, whence 6 between air and crown glass is 
about 40°. MA 

Critical Angle in Multiple Media—The magnitude of the critical 
angle between any two media is not affect- 
ed by the intervention of a third transpa- 
rent medium in the form ofa plane parallel 
plate. Suppose that the critical angle 
between water and air is $, for which the 
ray in air just grazes the surface of water 
(Fig. 80). Ifnow a plane parallel glass 
plate is placed between water and air, the 
angle of incidence in glass becomes the 
critical angle for glass and air, so that the 
emergent ray grazes the surface of glass. 


To prove this let 0 be the angle of re- 
fraction in glass fot the incident ray PQ. 
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Then in where p, and p, are the refractive indices of 
s 


water and glass respectively. If the refractive index of air be unity, 
then 
rel indes 
Ping: OF Ba sin 6-1. 


And we find u, sinó—u, Siné—l, so that u= 


1 
sind: 
This shows that ZN,QR=the critical angle for glass and air— 


ZM,RQ. Thus the finally emergent ray in air grazes the surface 
of separation of the media. 


Examples : 
1. Ifthe critical angle for a given liquid with respect to air be 45°, find the 
refractive index of the liquid, [Del. U.—1949 ; U. P. B.—1950] 


Ans. Since the refractive index 4i is equal to the reciprocal of the sine of the 
critical angle, we find 


1 5 
bm as V2=1'41, 
2. The refractive indices of glass and water are 1:52 and 1°33 respectively. 
Calculate the critical angle when light passes from glass to water. 


Ans. When light passes from glass to water, the relative refractive index 
of water with respect to glass is given by #yy=1°33-+1'52='8750. 


By reason of the condition for critical angle 


1 A 1 ^ uud. ogr 
sho i ar or, sin arms i 8750, whence §=sin-1"8750=61°3', 


42. Instances of Total Refléction.—(i) Take a test-tube nearly 
half-filled with water and hold it in an inclined position in water 
contained in a glass vessel(Fig.81). On looking 
AE at the test-tube the upper part of theimmersed 
portion of the tube, containing air only, 
presents a silvery appearence, while the lower 
Part containing water appears dull. At the 
upper part, a ray of light from the sky enters 
the water of beaker and suffers total internal 
reflection from theair medium of the test tube. 
It then reaches the eye of the observer and 
makes the surface appear silvery, while at the 
lower portion total reflection is not Possible, 
: (ii) Hold a glass tumbler filled with water 
Fig. 81 just above the level of the eye. The upper 
Surface of the water appears silvery, for light passing through 
water surface suffers total reflection at the upper surface. 
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(iii) Take a metal ball coated with soot and hold it immersed 
in a beaker of water. Water does not come in very close contact 
with the surface of the ball anda film of air intervenes. Light 
passing through water is totally reflected at the air film. In conse- 
quence the surface of the ball appears silvery. 

(iv) The brilliance of many precious stones is due to total reflec- 
tion. These substances possess high refractive indices and conse- 
quently small critical angles. So light entering a cut diamond 
surfaces suffers total reflection again and again at almost all the cut 
surfaces and comes out only at a few points. This causes the emer- 
gent beam in any of these directions to be bright. 

(vy) Due to total reflestion air bubbles in water and cracks in 


transparent bodies appear glistening. 

Total Reflection Prism—A prism is a portion of a medium 
bounded by two plane surfaces which are inclined to each other at 
some angle. Take an isosceles right-angled prism ABC (Fig. 82) 
made of crown glass. Incident normally on AC, a parallel beam 
passes undeviated into the prism. Any ray of this beam is incident 
on the face AB at an angle of 45°. As the critical angle between 
crown glass and air is about 41°, the ray suffers total reflection at the 
surface AB and falls normally on the face BC. Finally it emerges out. 
Thus the whole amount: of light is internally reflected at the face 
AB. Such a prism is, therefore, termed a Total Reflection Prism. 

The incident beam is thus deviated through 90? and the prism 
in this respect acts like a plane mirror inclined at an angle of 45° 
to the axis of the incident beam. But A 
the prism has the following advantages S 
over a plane mirror ; 

'(a). In a plane mirror, due to reflec- 
tion at the silvered as well as the 
front surfaces, generally two images 
may be seen, which may occasionally 
cause confusion ; but the prism always 
gives one image. 

(b) Aslight is totally reflected at 
one face of the prism, the image is very : ; 
bright, while $5 a mirror light is Fig. 82 — Reflection Prism 
shared between two images and is also partly diffused at the front 
surface. M 
(c) To avoid reflection at the back, a good mirror is sometimes 
silvered on. the front surface. But then it tarnishes easily, while a 


prism does not. 

Erecting Prism—An isosceles right-angled prism placed on the hy- 
potenuse side as the base is sometimes used to produce erect pictures 
of inverted images. Suppose that a pencil of light proceeding along 
a direction A (Fig. 83) is incident parallel to the base of the prism 
on one of the rectangular faces. After refraction the pencil becomes 


C. 


Pu 
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incident on the base at an angle greater than the critical angle, gets 
totally refracted and emerges at the third face parallel to its original 
direction. Ina similar way another 
pencil of light travelling in a 
direction B parallel to A would 
emerge, from the prism in a direc- 
tion B’ above the line A’ and 
paralell to its original direction. 
Fig 83 Hence on emergence the relative 
, 5 positions of A and B would be 
interchanged. Ifthe pencils A and B are due to an inverted image 
produced by an optical system, the emergent images due to B' and A’ 
would be erect. The total reflection prism is, therefore, termed an 
Erecting Prism. 
. 43. Mirage—The mirage is an example of total reflection. It 
is an optical illusion seen on desert (or over any extended heated 
surface), by which inverted image of distant objects or of the sky 
appears reflected as if on a sheet of water. 


In a desert the sandy bed is very much heated by the sun. Thus 
by contact with hot surface the lower layers of air become much 
heated, so that up to the height of a few feet, the density and hence 
the refracting power to air gradually increase upwards from layer to 
dayer, the iowest layer being most rarefied. A pencil of light pro- 
ceeding downwards from a point q of a distant object (say, a tree) 
(Fig. 84) passes through layer of air of gradually decreasing density 
and any ray of the pencil, therefore, bends farther and farther away 
from the normal at each refraction. So the angle of incidence from 
one layer to the next layer increases continuously, tiil at a certain 
layer, as at O, the ray is incident at an angle greater than the critical 
angle for this layer with respect to the next lower one. Here the ray 


Fig. 84—Mirage 


suffers total reflection and proceeds upwards. As the ray now travels 
through layers of gradually increasing density, it bends more and 
towards the normal at each refraction. When the ray finally reaches 
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meter passes normally through its centre 
(Fig. 85). A thin pencil of light coming 
through a silt is made incident on the 
circular edge of the plate so as to 
emerge at the straight edge. The disc 
is then rotated until the emergent 
light just grazes the straight edge. The 
angle of incidence of light, which is 
equal to the critical angle ọ is directly 


read and the refractive index “ is given / I~ 


wae 


1 
unm Fig. 85. 

(b) Of a Liguid—A thin film/ of air is enclosed between tWo 
parallel plates A and B of glass (Fig. 80) cemented together by 
sealing wax along their edges. This apparatus is attached to a vertical 
pointer and the whole may be rotated, the rotation being given bya 
pointer moving over a circular scale (shown dotted in the figure). 

In this figure G isa cubical trough of plate glass containing the 
experimental liquid in which the combination of the glass plates A 
and-B is immersed. A beam of light proceeding from a sodium 
flame S, placed on the focal plane of the lens L and narrowed down 
by the aperture K, falls normally on the glass plates and is finally 
received by the telescope T placed on the other side ofthe trough 
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and focussed for parallel tay. The plate is now rotated until the 
image of S in the telescope just disappears, The position of the 
pointer having been noted, the combination plate is rotated in the 
Opposite direction, until the image just disappears again. The angle 
between these two positions of the plates as given by the pointers is 


P 
i 
i" 


— 


Fig. 86—Determination of Critical Angle 


twice the critical angle 8 for the liquid and air. The interposition of 
the glass walls of the plates makes no difference in the critical angle 
so observed. The refractive index of the liquid is then given by the 
relation. 


“ain 8° 
When a very small quantity of liquid is available, its refractive 
index can be measured by using the total reflection method with an 
apparatus known as Pulfrich Retractometer. (For theory and 
experiment vide J, Chatterjee’s Intermediate Practical Physics, All 
India Edition.) 
45. Refraction through a Prism—A prism is a portion ofa 
transparent medium bounded by two plane faces incident to each 
other at any angle. The section, in 
which the two refracting plane faces 
T meet, is called the edge of the 
.-7 prism. The section of the edge on 
N the plane of the paper is the point A 
^ (Fig. 87). The anglebetween the two 
an faces is termed the refracting angle, 
R S  orsimply the angle of the prism, 
The face opposite to the edge is 
c called the base of the prism. A sec- 
tion of the prism by a plane at right 
Fig. 87 angles to the ir edge is 
Refraction through Prism ae ae A pat 
ABC (Fig. 88) is a principal section of a glass prism placed in air, 
Z BAC is the refracting angle and BC is the base of the prism. Allow 
a ray PQ in the plane of the Section to be incident at Q on the face 
AB. On passing through glass the tay bends towards the normal NO 


ae 


ART, 45 REFRACTION AT PLANE SURFACES 77 


at Qand preceeding along QR meets the surface AC at R. From 
this point the ray bends away from the normal RN’, it emerges into 
air along RS. Thus PQRS maps out the entire course of the ray. 
Evidently the emergent ray is bent towards the base, i.e., towards 
the thicker parts of the prism. Let NQ and N'R meet at O. 

Let à be the angle included between the directions PQ and RS 
when produced to meet at K. The angle 3 is called the deviation 
of the ray through the prism. 

Let ZPQN=i,, ZOQR=r,, Z QRO-r, and ZSRN'- is. 

If « be the refractive index of glass, then 


uina sind -«(81,0) 
sin rą  Sinrg 
Now ô= Z SKT= Z KQR+ Z KRQ=(i, -rı)+ (ia —72) 
—(,-ig)-(ru-ra) .(45.2) 
As each of the angles AQO and ARO of the quadrilateral AQOR 


is a right angle, 
ZQAR+ ZQOR=180° 
Again in AQRO, ZQOR+ ZORQ+ ZRQO=180° 
Thus ZQAR=ZOQR+ Z ORQ. 
Therefore / « of the prism=r, -rs (45.3) 
Hence from eqn. (45.2), 8—i,--i3—« ^ (45.4) 


Equation (45. 4) gives the relation between the angle of incidence, 
the angle of emergence and the deviation in a prism of given angle. 


46. Measurement of Deviation in a Prism—Place a prism ABC 
(Fig. 88) on a sheet of white paper fixed on a drawing board and 
draw its outline with a 
pointed pencil Fix 
one pin vertically at P, 
along the face AB and 
another at P a little 
away from P,. Look 
through the face AC 
and stick successively 
the pins R,, Re, such 
that these two appear =- 
collinear with those at 
P and P,. Keeping the Fig. 88— Deviation through a Prism 
pin at P fixed, remove i 
the prism and all other pins. Then the path PP, QR, R; is the entire 
course of the ray, PP, being the incident ray and QR,Rs the 
corresponding emergent ray. Produce PP, and R,R, to meet so as 
to get 8, the angle of deviation. By means of a protractor measure 
ZPP,B, and / R,QC ; also. measure 5 and ZA. Now i,=90°— 
ZPP,B and i,—90— / R,QC. Repeat the experiment by fixing pins 
at Pa, P,...successively and thereby verify the relation (45:4) in each 
case. (Vide J. Chatterjee's Intermediate Practical Physics) 
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47. Angle of Minimum Deviation—The relation 6=i,+i,—A 
shows that the deviation Produced in a prism varies with the 
angle of incidence. It can be Shown, however, that for each prism 
there is a particular angle of incidence, Corresponding to which the 
deviation is a minimum. This means that if the angle of incidence 


respect to the prism. \ 

(a) Experimental Method —Maks an experimental arrangement 
as in Art. 46 and measure the angle of deviation corresponding to the 
positions of the pins at P, P, etc. Keep 
the pin A fixed. Sticking pins suc- 
cessively at P,, Ps P, P, etc., along 
the face AB and proceeding as before 
trace the emergent ray for each of the 
incident rays and obtain i and 6 in 
each case, Now plot a gtaph with the 
values of i(=¢ in the figure) as abscissae 
and those of 8 as ordinates. From the 
curve (Fig. 89) it is seen that if i conti- 

Fig. 89 i—8 curve nuously increases, 8 reaches a minimum 
value as given by the ordinate at M, after which it goes on increasing, 

On drawing the incident ray and the corresponding emergent ray 
at the minimum deviation position and Measuring the angle with a 
protractor, it is found that i =i, and ri—r,. In other words, the ray 
at the minimum deviation passes symmetrically through the prism. 

(b) Mathematical Proof—Relation (45:1) may be expressed as 


=Sin_f, sin i sin j, sin is » by elementary algebra, 


` ACT 8 rales 
2 sin's tis cos 23 12 id Atè Co, PL 

- Tis S A x rp, “V, say (471) 
2 La eile ea sins cost — 2 


where x and y stand for the Sine and the cosine factors, With a 
change of 8, x changes; but when 8 is minimum, x attains the 
minimum value. Similarly with changes of i, andi, and conse- 
quently of r, and r,, the value of y changes. But since xXy=u=a 
constant, it proves that when x attains the minimum value at the 
minimum. deviation position, y will then have its maximum value. 
Hence the condition of minimum deviation is identical with the 
condition of maximum value of y 


cos 11 ie 
To find this we note, as before, that aya 008 $ say, 
Ti—rs cos y 


$ 


— VR 
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When i >is, the law of refraction gives r,>r, and therefore 
(i, —i2)>(ry — 7s), since deviation increases with the angle of incidence 
COS $ 
cos J 
Again when i,<ie, ri<ry; but i,—i;7r,—r;. Hence 
—¢>—¥. Since cos (—4)—cos ¢ and cos (—/)—cos V, it follows 


that in the case also eo" $ <1, 
cos Y 


Hence >, or, s m 


Hence in both the cases the ratio isless than unity. But when 
i,=i, and consequently r,;=rz, the ratio is unity. Hence for the 
minimum value of 8 the maximum value of y is 1. 


for a prism placed at minimum deviation, 
sin Avie 
= eM (47. 
E x (47.2) 


when ôm is the value of the minimum deviation. 

48. Determination of the Refractive Index of the “Material 
of a Prism—Using equ. (47.2), we find that if the angle of minimum 
deviation and the angle of the prism be experimentally determined 
the refractive index of the material of the prism can be found. 


To find the minimum deviation, place the prism ABC on a sheet 
of white paper fixed on a drawing board and mark its outline with a 
pointed pencil (Fig. 90). Mark off a length AQ at one refracting side 
AB of the prism and take an equal length AR on the other refracting 
side AC.' Fix two pins at points Q and R. Looking from the side 
AC, fix a pin at S, such the pins at R and S and the refracted image 
of the pin at Q appear 
collinear. Again looking 
from the side AB, fix a pin 
at P, such that the pins at 
P and Q and the images of 
the pins at R and S all 
appear collinear. Removing 
the prism and the pins, join 
PQ and SR. Produce PQ ; 
and SR to meet at O and i Figs 90 
measure by a protractor the ZLOR which is equal to the angle of 
minimum deviation ôm- 

The proof of this constructional principle is simple when we refer 
to Fig. 88 of Art. 45, in which we suppose that AR =AQ. Then 
AAQR is isosceles, in which ZAQR=ZARQ. Again ZAQO 
=ZARO. 

^ ZLOQR=ZORQ, or Zr, — Z rs, whence Zi, = Z is, and this 
gives the condition of minimum deviation. 


>... 
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Angle of the prism may be determined either directly by a 
protractor or by the optical method or by the:pin method. 


(i) Direct method—Trace the prism on a sheet of paper fixed on 
a board and draw its outline. with a pointed pencil. Remove the 
prism and measure the 
refracting angle A directly 
by a protractor. 

(ii) Pin method—Place 
the prism ABC (Fig. 91) on 
a sheet of white paper fixed 
on a drawing board and 
mark its outline with a 
pointed pencil. Draw two 
parallel linesEF and PQ so 
asto meet AB and AC at 
L and N respectively, Fix 

Fig. 91 two pins vertically at P 

and Q; then fix pins 

successively at R and S such that these pins and the images of those 

at P and Q due to refraction at AC appear collinear. Again, fixing 

pins at E dnd F and proceeding as before, obtain the reflected ray 

LGH. Remove the Prism and the pins, Produce HGL and SRN to 
meet at O. Draw Ay and Ox parallel to EFL or PQN. 


Then  QNA—- 7 RNC-5, say. 
But ZyAN= / QNA—8 and ZONA- / RNC- 6: 
^A ZNOx= ZQNO-—280-2/ yAN. 
Similarly Z LOx—27 yAL. 
“. ZLON-—2/ A of the prism. 
à Measure / LON by a protractor, half of which gives the angle of 
the prism. Having thus obtained A and 8, evaluate y. 


49. Image by Prism—It is to be noted that near about the 
position of minimum deviation, a small change in the angle of inci- 
dence produce only a very small change of 8. Hence if diverging from 
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„To find the refractive index of a liquid it is put into a hollow 
prism ( Fig. 94) formed by three thin parallel plates of glass and 


Fig.93 Fig. 94 « 
provided with a watertight base’plate at the bottom and a stopper 
atthe top. Then proceeding as before, a and à are determined, 
whence u of the liquid is calculated. 

50. Deviation produced by a Thin Prism—When the angle of the 
prism is small, usually not exceeding 4° to 8°, it called a thin prism. 
When the ray is incident almost normally at one face, the angle of 
incidence is very small and so the angles of refraction at the two 
faces and the angle of emergence would all be small. 

From eqn. (45.1). sin i, — sin r, and sin i —4 sin rs. 

For small angles, Í, —475 an ig —urs. 

By eqn. (15.2) i ti — (ri Hra) == irs 2) — ria) ; 

so 8=(u—1W(rs-+r2)=(H— Va .-. (50.1) 

Since p is a constant, the deviation is directly proportional to the 
angle of the prism when the refracting angle is very small and the 
incidence of the ray is nearly normal. 

#51, Caustic due to Refraction at a Plane Surface—It has been 
stated in Art. 38 that if a point object is placed ina denser medium 
and if a thin pencil of light is supposed to travel from the point 
object in a direction normal to the surface of separation, then to an 
eye placed in a rarer medium so as to receive this pencil, the object 
would appear raised up in the direction joining the object and the 
eye. That the position of the image depends, however, upon the 
inclination of the rays would be evident from the following 


Imagine a pencil of rays to start from a point object P in the 
denser medium and draw, as usual, the refracted rays PA and PB 
almost in a normal direction (Fig. 95). On producing the refracted 
rays backwards, they are found to meet at O which is called the 
par-axial image. Take another cone of rays limited by PB and 
PO, draw the corresponding refracted rays and produce them 
backwardsto meet at some point. On looking along the refracted 
pencil BB,CC,, the image of O would appear at this point. Io 


Pt. II/L—6 


89 


images would lie on a curve OR. 
dent on the surface to the 


image points, it would be found 
A, B, C, D, E, F, 


G, 


YP 
Fig. 95— Formation of Caustic due 
to Refraction at a Plane Surface 


real depth to the apparent depth 


incident normally at the surface 
pencils. It is now clear why a ho 
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left of A and 


OHAP. IV 
Taking similar cones of rays inci- 
on finding the corresponding 

that such points also lie on a 
similar curve. Thus if we consider 
the refraction of pencils of light 
starting from P at a large surface, 
the image of P is nof confined 
to a point but is distributed 
over a curve. Such a curve repre- 
senting the extended image of a 
point source for an incident beam 
oflarge angle is called a caustic. 
Hence itis evident that the dis- 
placement of the image due to a 
more oblique pencil is away from 
the vertical. The value of the re- 
fractive index of the denser medi- 
um relative to the rarer medium 
which is equal to the ratio of the 
» Strictly holds for a thin pencil 
of separation but not for oblique 
rizontal surface immersed in a 


liquid does appear slightly concave upwards and a bit shortened, 


The curve OR on being rotated wi 
known as a caustic surface with th 


Examples : 


, ,l. In what direction must a fish 1 
index of refraction of water is 1°33, 
Ans. Rays from the setti; 
dence, in which case i=90°, 
Therefore by the law of refraction, 
posin i _sin90°_ 
sinr sinr 


i TZET 1 k 
sin 774713370 7594; 
Thus in order to see the settin 
making an angle of 49°24’ 


g sun a fish 
with the vertical, 

2. Calculate the refractive index of a gl 
refracting angle of prism is 454^ and the mi 


ith PA as axis generates a surface 
e point O as the cusp. 


ook in order to see the setting sun? The 


ing sun meet the surface of water at grazing inci- 


1 


sinr’ 


r=49°24’, 


will have to look in a direction 


ass prism for sodium light when the 
nimum deviation of a ray of sodium 


light passing through it is 26°40’; (sin 35?52/—0:585 and sin 22732'—'383). 
sipA t? sin 45 4' -- 26940" i 
Ans. Clearly, u— 2 2 sin 355527 0585... 54 
si E + 45°4" sin 22°32’ 0°383 : 
g sin 


3. A ray of light traverses a 
total refraction at the second face. If th 


What is the angle of incidence at the first face ? 


prism of refractive index 1°6 and just undergoes 


erefracting angleof the prism is 60°. 
[ Mad. U.—1947 ] 
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Ans. Here r, is the angle of refraction of the ray atthe second face of the: 
prism by reversing the course of ray. By hypothesis, the critical angle with 


respect to the glass of refractive index 1'6 is r,» 


Hence p= al 


sin rg 
On reference to the Table of Sines we get r, —38'41'. 


Now since (by Art. 45) r£2-r, —a, we find r, +38°41’=60, whence r4721919".. 


Again sin i; —1'6xsin 21°19’=1'6 x "3636 ="5817. 
Thus the required angle i, —sin-^* '5817 2 35?35'. 


4. A ray of light is incident normally on one face of a glass prism of 
refractive index 1°52, What should be the angle of the prism in order that the 


ray may just emerge from the opposite face ? 


BUS Epi ade, ity f 
Therefore 4 dina" Or, A-rg-sin a7 sin 152 


5. Show that if the angle of the prism be greater than twice the critical 


+ Or, ra sint] = sin yg" 5n 625 0. 
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[ And. U.—1951 ] 


Ans. Let the required angle be A. The (from Art. 45), A-rs4-rs. Since 
the ray is incident normally on the first face, i, —0 and so r; —0. 


S. A=ry. But, by hypothesis, the emergent ray would just graze the 
surface, Hence rg is the critical angle for the glass-air media. 


angle of glass of which it is made, there will be no emergent ray. 
(Pat, U.—1953 ; P. U.—1939 ; C. U. (B. Sc. Pass)—1952) 
Ans. The limiting condition, for which there will be no emergent ray, is 


thatit willjust graze the surface of the prism ; thus, even for the maximum 
value of the angle of incidence, ie., when i; —90^, we find ig=90°. So that 


sin ij; —sin ig—1. 
EY r 

Since sin i, Joi Ps sin r4—sin r1, 
Sin ig Sin re K 


or, r,=ra=sin>(}). This denotes the critical angle for the material of 


the prism. 
4 A=srytre=2 sin-(D)- 2x he critical angle), 


That is, if the refracting angle of the prism 
exceeds this value, there would always be total 
internal reflection from the second face of the 
prism, 

6. Thecover print is not visible from any of the 
four sides of a glass cube placed ona book. Explain 
what happens, by a simple diagram. (For air to glass, 


when i=90°, r—42?. 
f d [P. U.—1927 ; C. U.—1925] 


Ans. ABC is the surface of the book. (Fig. 96). 
Suppose there isa thin film or air between the book 
and the block. Incident normally, aray BO passes 


through the block along BON. Falling at grazing inciden 


refracted along OL sucb that LON is the critical angle. 
OL is incident at an angle greater than the 


PER ho 
A B 


Fig. 96 


—8in710:6579—4106" 


ce, a ray CO is 
ZLON-4? ; so 
critical angle andis thus totally 
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reflected along LK. Hence n» light would come out at a fac and so the print 
Gs not visible from that side. 


_It can be similarly shown that the print would not be visible from any side 
of the cube. 


EXEROISES ON CHAPTER IV 


Reference 

Art. 36 1. State the laws of refraction of light. Explain what is meant 
by refractive index. Show how the laws are experimentally 
verified. (Anna. U.—1951 ; Dac. U.—1942 ; C.U.—1950, '53; 


Cf. Mad. U —196); Pat. U.—1965 ; P. U.—1952) 


Arte, 2. Define refractive index. How will you determine it 
37&38 accurately fora liquid ? Give full experimental details. 
Cf. P.U.—1961; Pat. U.—1962; Gau. U.—1952 ; 
U. P. B. 1952; V. U.—1954) 
Aris. 3. What do you understand by the refractive index of a subs- 
37.&38 tance and on what factors does it depend? Discuss any two 
methods of measuring refractive index. 


Art. 38 4. A rectangular tank, 6ft. d'es, is full of water. By how 
much does the bottom appear to. be raised when viewed normally? 
Given that refractive index of water=1°33, (E. P. U.—1951) 
Ans, 1°49 ft, 
Art. 38 5. A man is looking vertically downwards into a tank filled 


with water, the bottom of which appears to be at a depth of 10 ft. 
Find the actual depth of tank. Refractive index of water is 1°33. 


Ans. 133 ft. 


Art. 38 6. A vessel of depth 2d is half-filled with a liquid of refractive 
index //, and the other half is occupied by a liquid of refractive 
index ps. Find the apparent depth of the vessel when viewed 


normally. 
Ans. The required depth - (T. )a. 
Hi Hs 
Arts. 7. Explain the following observations :— 
30 & 40 (a) Ponds appear shallower than they actually are. 
(b) A sheet of ground glass becomes almost transparent 
when wet. 
(c) Several images of a lighted candle are seen in a thick 
mirror silvered at the back, (C. U.—1952) 
Art. 38 8. Find the expression for the shift in the apoarent position 


of an object when viewed perpendicularly th 
transparent material. i "Neb TS 
(Del. U.—1966 ; Mad. U.—1948, *59 ; Mys. U.—1951) 
Art. 42 9. Explain by the aid of a diagram how a right-angled isòsceles 


prism of glass may be used in place of a pline mirror fi cti 
a beam of light. Why is it more advantageous ? (Utk. nn ost} 


Art. 41 10. Explain the terms ‘total internal reflection’ and ‘criti 
CaL Show how the critical angle is related to the ette 
index. 


(Utk. U.—1964 ; Nag. U.—1970 ; And. U.—1960, '51 ; Raj. U.—1953) 
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11. Deduce from the laws of refraction the conditions of 
tota] internal reflection of light. Describe some phenomena 
depending on total reflection. (P U.—1951 ; C. U.—1960) 

12. The refracting indices of water and glycerine are 1:33 
and 1°47 respectively. What is the critical angle for a ray going 
from the lat'er to the former ? 

Ans. 64°48’. 


13, - Define the refractive index and critical angle. Explain 
total reflection. 


(V.U.—1952 ; C.U.— 1958' ; Raj, U,—1955 ; U.P.B.—1961) 

14, Calculate the lowest refractive incex ofa material so 
that a 45° right-angled prism made of it may turn a ray (inter- 
nally reflected by it) through 90°. 

Ans. 1°41. 


15. Explain total internal reflection and state the condition 
under which this takes place, 
Give a method of findirg the refractive index of a liquid on 
the principle of total reflection. 
(B. P. U.—1960; Nag. U.- 1952, '63; Mad. U.—1956.; 
R. P. B.—1960 ; U. P. B.—1944, '48, '50, '68) 


16. A metal tank is completely filled with a liquid baving a 
mean refractive index of 16. A thin circular mat is to be floated 
centrally over a luminous point 6 cm. below the level of the 
liquid. Calculate the least radius of the mat sufficient to prevent 
the luminous point from being observed from a point outside the 
tank. 

Ans. 4'8cm. 

17. Describe a total reflecting prism and explain its advan- 
tages over a plane mirror. 

( Gau. U.—1965 ; E.P.U.—1952 ; Dac. U.—1943 ; P.U.—1961) 

18. Write a note on right-angled prism and its uses. 

(Utk. U.—1953, *54) 

19. Explain clearly why a smoked ball on being introduced 
in a beaker of water appears silvery white. (P.U.—1950) 

20, Bubbles of air coming through water in a glass vessel 
appear silvery to an observer standing by the side of the vessel. 


Explain this. (Pat. U.—1962 ; Cf. Utk. U.—1953) 
21. Explain the mirage effected observed in desert and over 
very cold water surfaces (C. U.—1957 ; U. P. B.—1957 


(E. P.U. 1972; V. U.—1953 ; Cf. Del. H. S—1973) 


22. Explein the total reflection methcd of measuring the 
refractive index of a liquid. (A. U.—1949) 


23. How does the deviation ofa ray through a prism vary 
the angle of the prism Is increased from 0° toward 90^? Derive 
a relation between the refractive incex of. tke glass of a prism, 
its angle and the angle of minimum deviation. (R. P. B.—1951) 

24, The angles of incidenee and «mergence of a ray of light 
ina prism of refractive index 15 are fourd to be 40° ard 35° 
respectively. Find the ang'e of the prism. 

Ans. 48° (nearly). 

25. Show that the maximum refractirg angle of the prism, in 
which a light incident normally can just emerge from the other 
face, is the critical angle for the medium. 
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Reference 
Art, 41 


Art. 41 


Arts. 
37 & 4t 


Art, 41 


Art. 41 


Art. 41 


Art. 41 


Art. 42 


Art. 43 


Art. 43 


Art. 45 


Art. 45 
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Reference - 
Art. 47, 26. Show that &sin S44) gin’, where 8 in the angle of 


minimum deviation and A the angle of the prism, 
(B. P. U.—1960 ; P. U.=1952) 
Art. 47 27. A glass prism with a smal! angle deviates a ray through 6°. 
Find the angle of the Prism (u- 1*6). (Del, U.—1963) 

Ans. 10°. 

Art, 47 28. Explain the Position of minimum deviation of a Prism, 
Describe an experimental procedure for determining this Position 
for a given prism, (V. U.—1953; C. U.—1960) 


Art, 47 29. Prove that in the position of minimum deviation the ray 
passes symmetrically through a prism. If the Prism has a refracting 
angle ot 60° and refractive index— y2, calculate the minimum angle 
of deviation. 

Ans. 30°. 


Art. 47 30. What should be the refracting angle of a prism of refractive 
index 1532 in order that a ray incident on one face at an angle of 
50* may suffer minimum deviation ? 


Ans. 60°. 


Art. 47 31. Describe by means of a diagram what is meant bythe 
angle of minimum deviation for light passing through a prism, 

scribe how you would measure the refractive index of the 

material of a given prism, (Dac. U.—1961) 

Art, 47 ne soe The refracting angle of a prism is 60° and the refractive 

index for sodium light is known to be 1'5, What would be the 

angle of minimum deviation for the prism for sodium light ? 


(sin 48°36’—0'75,) (C. U.—1948) 

Ans. 37°12’, 
Art. 51 33. Explain how the flat bottom of a tank appears slightly 
concave when it is filled with water, (E. P. U.—1951) 
Art, 51 34. Writea note on Caustic curve, (V. U.—1953) 
Art. 51 35. What is Caustic curve? Draw a neat diagram showing 


formation of a caustic curve in any one typical case, (G. U.—1951) 


CHAPTER V 


REFRACTION AT SPHERICAL SURFACES : LENSES 


52. Refraction at a Spherical Surface—When a transparent 
homogeneous medium js bounded by a spherical surface, it is called 
a Spherical Refracting Surface. Rays of light incident on such a 


of the two media the angle of refraction can be found. According as 
the relative refractive index is Sreater or less than unity, the refracted 
ray in the other medium bends towards or away from the normal. 
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(i) Concave Surface—Let AP represent the principal section of 
a concave surface (Fig. 97) which separates a medium of refractive 
index u on the left from air on the right, u being greater than 1. P is 
the pole, C the centre of cur- 
vature and PC the principal 
axis of the surface. Let aray 
OA proceeding from a luminous 
point O in air on the principal 
axis be incident on the surface 
at A close to P. 


Now CA is the normal to Fig. 97 
the surface at A. The refracted Refraction at Concave Surface 
ray is bent towards the normal 
and proceeds along AB. Incident 
along the principal axis, another ray OP meets the surface normally 
and proceeds undeviated. The two refracted rays diverge and when 
produced backwards, meet the axis at I. The two refracted rays form 
a narrow pencil appearing to diverge from I which is, therefore, the 
virtual image of O. 


Here 7 OAC is the angle of incidence + and LIAC is vertically 
opposite to the angle refraction r. 


Then E i 
sin r 
Since the angles are very small, “ae or i—ur (32.1) 


Let Z AOC—«, Z AIC—B and 7 ACP—y. 

Clearly, from ACAO, i —y—«, 

Again from ACAI, r=ZCAI=y—B. 

Hence (52.1) gives p(y—B) 2 y— €. 

Expressing all angles in circular measure where the common arc 
isapproximately AP, and denoting PO, PI and IC by u, v and R 
respectively, we deduce. 

[it pir Ae 
UR cv apo dE 
Dividing by AP and re-arranging the terms, we get 
u A n—l (52.2) 
y- Mek E RANT 

Rays of light at so small an angle « to the principal axis tha! 
ann < are known as par-axial rays. Images formed by such rays 
are called par-axial images. Such a condition of image formation 
was first mathematically investigated by Gauss (1777-1855). 

(ii) Convex Surfaee—Let PA represent | the principal section of 
a convex surface (Fig. 98), separating a medium of refractive index x 
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on the left from air on the right. P isthe pole, C the centre of 
Hue curvature and PC the principal 
emg N axis of the surface. O is a lumi- 
nous point in air onthe principal 
axis. A ray OA is incident at a 
point close to P and is refracted 
within the medium in a direction 
Fig. 98 z AB, CAN being the normal at A 
Refraction at a Convex Surface Another ray OPis incident along 
the principal axis and so proceeds undeviated. The direction of the 
refracted ray AB meets the axis at L whence the refracted rays 
appear to diverge ; I is thus the virtual image of O. Hence ZOAN 
is the angle of incidence i and / BAC is the Corresponding angle of 
refraction r. 
Since the angles are small, we know t=ur. 
From ACAO, i—--«. 
Again from ACAI, i—y--. 
Hence i — y-« — ur— u(y-- B). ‘ 
Since the common arc is AP and as PO=u, PI=y, and PC=R 
Bl g-l 
we find > "w^ R (52,3) 
In this case the cone of light POA is made to diverge less (or 
Sometimes converge) after refraction through a convex Surface, 
because /PIA</POA; so it is called a converging spherical 
refracting surface. As the path of light is reversible, the points O 
and I form conjugate foci. In working out problems, the radius of 


curvature R of a convex surface (equ. 52,3) should be taken as 
negative. 


Principal Foci for a Spherical Refracting Surface—Equation 
connecting u, v and R holds for all values of such quantities from 
infinitely large negative to positive values, Aj Owing u to be 
Infinitely large, i.e., when the incident beam in air js parallel to the 
principal axis, we get 

A So E-E, or, = 8 =f, say ++(52,4) 

This value of y gives the distance of the second Principal focus 
from the pole and is termed the second focal length of the surface, 
being usually denoted by f,. 


Hence a narrow pencil of rays incident Parallel to the axis will 
after refraction through a spherical surface, either converge to (in 
case of a convex surface) or else appear to diverge from, (in case of 
a concave surface) the second principal focus. 

If corresponding to an object distance u, the tefracted beam 
becomes parallel to the principal axis, then y is infinitely large, so that 


d =1 R 
1-o. Thus z^ A or supe Say ... (52.2) 
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This value of u gives the distance of the first principal focus from 
the pole and is termed the first focal length of the refracting surface ; 
it is usually denoted by f,. 


Hence a pencil of rays diverging from (in case of a convex surface) 
or tending to converge to, (in case of a concave surface) the 
first principal focus will after refraction at the spherical surface 
be parallel to the axis. As f, and f are of opposite signs, the two 
principal foci lie on opposite sides of the pole and are connected by 
the relation : f4— —uf;. 


Lateral Magnification.—If there is a linear object standing perpen- 
dicularly on the principal axis of a single refracting spherical surface, 
it is possible to construct the image of the object. This image may 
be virtual or real according to the nature of the surface and the 
object distance, but it will always be perpendicular to the principal 
axis. Drawing figures much like the principle followed in spherical 
mirrors, it can be shown that the lateral magnification in such a case 


comes out in the form- ^ 


Application to a Plane Refracting Surface—Equation (52.2) 
can well be applied in determining the apparent position of a point 
source in a rarer medium (having a plane surface of separation) from 
a denser medium. For a plane surface R becomes infinitely large ; 
hence v—gu. 


Examples : 

1. Oneside of a block of glassis cut into a convex spherical form of radius 
10cm, A point object is placed at a distance of 30 cm. in air from the spheri- 
cal surface, Find the position and nature of the image formed. Find also the 
principal focus for such a surface, given that the refractive index of glass in 
air is 15. 

Ans. The object distance u=30 cm. and the radius of curvature R=—10 cm. 
Let the image distance be v cm. Then 

151417194 by equ. (52.3 
tr ETT y equ. (52.3) 
whence y— —90. 

This shows that the image is formed 90 cm. away on the side of the spherical 

surface opposite the object and that the image is real. 


The first principal focus fo-Ru- cm.=20 cm. The positive sign 
shows that it lies in air. a aski 
The second principal focus h= = 12X eem. =—80 cm., the negative 


sign indicating that it liesin glass. 
2. A small object is enclosed in a sphere of solid glass, 7cm. in radius, It 
is situated 1 cm. from the centre and is puo Ru DOREM e 
ill i ift active index 
nearest. Where will it appear to be, if the refr: R P. 8.1940] 
Ans. In the problem the rays of light from the object are given to pass from 
glass to air. Hence p of the equation (52:3) is to be replaced by 1/p. Thus the 
equation takes the form 
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la l l/a—l 41 ^ 1-4 
y» uu R vou R g% 
Now u=(7—1) cm. =6 and R=7 cm. Since the centre of curvature of the 
glass sphere on the same side as the object, R is to be taken positive. Thus 
IES ILS 5, whence v=8 cm. 
This shows that on the same side as the object the image is formed at a 
distance of 8 cm, from the refracting surface. 

53. Lenses—A lens is a portion of a transparent refracting 
medium bounded by two surfaces, of which both are usually 
spherical or one spherical and the other plane. In some cases the 
faces may be bounded by cylindrical surfaces. The facial appearances 
of the lenses are generally round. On a plane surface a lens is 
represented by the major section at right angles to its face. We shall 
deal with lenses with spherical surfaces. 


Lenses are divided into two classes, viz. (i) convex (or 
converging), and (ii) concave (or diverging). 
(i) A convex lens is thicker at the centre than at the edges, while 
a concave lens is thinner at the centre than at the edges. Sections 
of various patterns of lenses are shown in figures 99 and 100. 
Again, each class of lenses has three forms. Thus a convex lens 
may be (i) double convex or bi-conyex for which both the surface are 
convex (Fig. 99A), or (ii) plano- 
convex in which one side is plane 
and the other covex (Fig. 99B), or 
(iii) concavo-convex Or convex 
meniscus in which one side is 
convex while the other side is 
B C concave, (Fig. do while a con- 
Fig. ig. cave lens may be (i) double concave 
ER Fig: 100 or Bi-coneavé (Fig. 100A), or (i) 
plano concave (Fig. 100B) or (iii) convexo-concaye or concave 
meniscus (Fig. 100C). If both the surface have got an equal radius 
of curvature, the lens is termed equi-convex or equi-concave as the 
case may be. 


Principal axis—Two spherical surfarces, by which a lens is 
bounded, must have two centers of curvature. The line joining the 


, OF 


[o7] Ce 


Fig. 101 Fig. 102 
two centres of curvature is cailed the principal axis of a lens. Figure 
101 represents a double convex lens bounded by two spherical 
surfaces S, and S, having centres of curvature C, and C,. The line 
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C,C, is then the principal axis of the lens. Similarly, the principal 
axis of the convex meniscus lens is shown in vig. 102. If the lens 
be plano-convex, the straight line passing through the centre of 
curvature of the spherical surface perpendicular to the plane surface 
represents the principal axis. 


54. Principal Foci—If a narrow pencil of parallel rays is incident 
ona convex lens in a direction parallel to the principal axis, the 


refracted pencil converges to AY 241 
a point on the principal axis. i e 
This point is called the second i 
principal focus of the lens and —7o Sr 
is generally designated by F, VIE: 
(Fig. 103). * | 
OH 
The first principal focus of Fig. 103 Fig. 104 


a convex lens is the point on the 

principal axis, such that rays diverging from it become parallel to 
the axis after refraction through the lens, This point is designated 
by F, (Fig. 104). In the case of a lens placed in air these two focal 
points are placed equidistant from it and are called principal foci. 
Ifa plane, such as AB or GH, be drawn through either of the 
principal foci at right angles to the principal axis, it is called the 
focal plane. 


In the case of a concave lens the principal foci are defined thus,— 
Parallel to the principal axis, a narrow pencil of rays on being 
incident on a concave lens appears to diverge from a point on the 
principal axis. This point is 
called the second principal focus 
of the concave lens and is 
generally designated by F, (Fig. 
105). It is always the second 
principal focus (either of a convex 
lens or of a concave lens) which 
takes part in forming an image of 
an actual object. 


Fig. 105 Fig. 106 


If on being incident on a concave lens a convergent beam of light 
is found after refraction to become parallel to the principal axis, 
the point of convergence of the incident beam is found to lie at 
some point on the principal axis, which is called the first principal 
focus. This point is generally denoted by F, (Fig. 106). 


If the incident parallel pencil be broad and covers a wide area of 
the lens, then for a convex lens the refracted pencil does not come 
to a point focus on the principal axis. Similarly, for a broad parallel 
Pencil incident on a concave lens the refracted beam does not appear 
to diverge from a point focus. This phenomenon is known as the 
Spherical aberration of lens. 
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55. Optical Centre of a Lens—Let C, and C, be the centres of 
curvature of the surfaces of a convex lens (Fig. 107). Let C;Q(=r,) 
and C;R(—r,) be any two parallel radii, meeting the surfaces vat 
Q and R respectively. As these radii are normal to the respective 
elements of surfaces at Q and R, elementary portions of bounding 
surface at Q and R can be considered to be parallel to each other. 
So, as if passing through a plane parallel plate, the ray PQ may be 
so incident at Q as to emerge along RS parallel to PQ. Thus PQRS 
is the path of the ray. Let it meet the principal axis at a point O 
which is called the optical centre of the lens. 

As C,Qand C,R are parallel, A C,0Q and A C,OR are 
similar. 

: €,0 CQ C,0—-C,0 OA, ru. ivi 

* COT CR" OR C0 OA, E isda Thus O divide 
A,A% in the ratio of the radii of the surfaces. With respect to a 
particular form of a lens, therefore, the location of O is invariable. 


Hence if a ray is incident ona lens in such a way to emerge, 
after refraction, parallel to its direction of incidence, the path of the 
refracted ray in the lens must 
pass through the optical centre. 
Conversely, any ray, whose path 
within the lens passes through 
the optical centre, will emerge 
parallel to the original direction. 
Thus the optical centre (or simply, 
the centre of a lens) is a. point on 
the principal axis, fixed in position 
with respect to the lens, such 

Fig. 107 thatthe path of every ray within 
the lens, which emerges parallel 
to its direction of incidence, must pass through this point. 


Position of the Optical Centre— 


Since QA: 7r C OE RE IRA 
ap NEA OS FOAD Rr, ALA 


If the thickness of the lens be 1, then A sA,=t. Thus 


(0) 

PA E A whence GA Set! and: GA E Pat 

t fitra Fitra rita 
It can be shown that for a double convex (or a double concave) lens the 
optical centre lies within the lens, while for a plano-convex (or a plano- 
concave) lens it coincides with the pole of the spherical surface and that for a 
meniscus lens it is outside the lens. A ray passing through the optical cèntre 
does not suffer any deviation; yet it gets laterally shifted, if the lens is 


appreciably thick. 
Convention as to Algebraic Signs— Distances measured opposite 
to the direction of the incident light are taken as positive, while those 


in the same direction are negative. Usually all distances are measured 
from the optical centre of a thin lens. 
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If a converging beam of light be intercepted by a lens, the point, 
to which the rays would have converged in the absence of the lens, is 
taken as the virtual object. In such a case the object distance from 
the optical centre is taken negative. 


Focal Length—The distance of the principal focus from the 
optical centre of a lens is called the focal length of the lens. When 
the lens is surrounded by the same medium, the distances of both the 
foci from the optical centre are equal. With the accepted convention 
as to algebraic signs the focal length of a convex lens is negative and 
that of a concave lens is positive. 

56. Thin Lens—A thin lens is that whose.thickness is negligibly 
small as compared to its focal length. In sucha lens the points A,, 
A, and O are so near each other that measured from any one these 
points, the focal length, and the object and image distances do not 
vary sensibly (Fig. 109). Again in a thin lens the lateral displace- 
ment of the ray OQ is negligible. Hence any ray passing through 
the centre of such a lens is regarded as proceeding along the same 
line. Any other ray would deviate more or less and its bending may 
be supposed to occur abruptly at the plane drawn through the 
optical centre of the lens perpendicular to the axis. 

Course of Rays through Thin Lenses—In various directions the 
rays from an object placed before a lens might pass through a lens. 
The following are a few typical cases giving specified directions of 
transmissions for particular directions of incidence on the lens. 


(i) Ray through the optical cere of the lens—The tay would 
emerge with its direction unchanged. Figure 108 represents a thin 


F H 
I ` 

z AST d c 
EY B 

ai D B 
J D 

" 6 
Fig. 108 Fig. 109 


convex lens with O its as optical centre. Rays such as AO, CO, etc., 
are incident in a direction through the optical centre. The corres- 
ponding emergent rays are OB and OD, such that AOB and COD 
are sensibly straight lines. If the rays are incident from the other 
side of the Jens, the same holds good. Similar is the case with a 
concave lens as shown in Fig. 109, 


(ii) Ray incident in a direction parallel to the principal axis— 
When a ray of light is incident on a convex lens and parallel to the 
principal axis, it passes through the principal focus. Figure 110 
represents a thin convex lens with the principal focal lengths OF, 
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OF. An incident ray DE parallel to the principal axis would atter 


Fig. 110 Fig. 111 
passing through the lens be transmitted along the direction EFG 
through the principa focus on the other side. Similarly, on 
emergence another parallel incident ray AB becomes BFC passing. 
through the principa! focus to the other side. 

In a concave lens (Fig. 111) an incident ray AB parallel to the 
principal axis proceeds on emergence along BC, such that if BC is. 
iden backwards, it passes through the principal focus of the 

on the same side. Similarly another incident ray DE on emer- 
gence becomes EG so as to diverge from the principal focus F on 
the side of the incident ray. 

(iii) Ray through the fut principal focus—Such a ray would 
emerge parae to the principal axis. Take ray MN incident on the 
conyex ie er rough the first principal focus F ; the trans- 
mitted ray would be puma to principal axis FOF (Fig. 111). 
Similarly, another ay RFS would aftcr emergence be parallel to the 
icc. axis. 

In a concave lens ( Fig. 112) a ray PQ is converging towards the 
first principal focus and hence the emergent ray QR is parallel to the 
principal axis. 


57. Geometrical Method of finding the Image corresponding 
to an Object— 

(a) Concave Lens— Let FF, be the principal axis of a concave 
lens, F, its second principai focus 
and OR the line through its optical 
centre O of a concave lens perpen- 
dicular to FF, (Fig. 112). Let 
PQ be a small object standing 
Le oen to the axis. A ray 

R rms MA to the axis 

` emerges after refraction along RS 
Fig. 112—Tmage by a Concave Lens such that this line being producéd 
backwards passes through F,, Another ray POT through P 
proceeds in the same direction. When produced backwards, the two 
refracted rays RS and OT, meet at p, whence they appear to diverge ; 
pis thus the virtual image of P. Since Q, the foot of the obj 
lies on the principal axis, its image also is on the same line, 
Further, because PQ is perpendicular to the axis, the image also is 
perpendicular to the axis. Let pg be drawn perpendicular to the 
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axis ; this pq is the image of PQ, virtual, 
erect and diminished: j Ru TASE OPEN 


Let OQ=u, Og and OF, «f. 
As AOP PQ OQ uw 
5 AOPQ and AOpg are ppl o Ogy oll 


Again as i RO OR, of 
gai ARF40 and SPF 4q are similar, Pa m Las 


Le, EQ. m 
Le., Iu since RO PQ, Les of by (i) 
uf —uyzvf, or uf —vf uy, 
Dividing both sides by inf, we déduce 1T. } $21) 


No convention of signs has as yet been assigned to u, v or f in 
equation (57.1). To do so we observe that for any positive of a real 
object and for a concave lens, u, v and fare all positive in nature. 
Hence the general 4 min which is always derived by giving proper 
algebraic signs to all terms, remains unchanged, 

(b) Convex Lens— 


(i) Object within the focal length of the lens—Let LO (Pig. 113 

the section*of a thin convex lens, of which O is the optica 
centre, F, and F, are the first and second principal foci pi fey 
and F, OF, is the principal axis. Let PQ be an object placed normal 
to the axis between O and F,. 


A ray PR incident parallel to the axis is refracted along RF,. 
Another ray POT passing through the optical centre ís transmitted 
straight. When produced backwards, the two refracted rays RS and 
OT meet at p, whence they appear to diverge, Hence p is the image 
of P, On the principal axis Q would have its image and the image 
of PO will be perpendicular to the principal axis, Let Pa be drawn 
Perpendicular to the axis, 80 ea ewer p the image of PQ, The 


image is evidently wirtual, erect and magnifi 


Fig. 110 -Image by a Convex Lens Fig. 114—Real image by Convex Leos 
From Geometry let OQ u, Og=vand OF » f. 


me u 
AS AOPQ and AOpg are similar, non ol) 


RO. OF, OF, 
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Since RO=FQ, the first equation in (ii) becomes identical with 
that in (i). so that the equations in (ii) and (i) become identlcal. 


Accordingly L or w+yf=uf. 
Twibwt 


Dividing both sides by uvf, we get bru-f (57.2) 


This is the expression for the particular type of figure, i.e., for 
a convex lens throwing virtual image. To obtain the general equation 
the algebraic signs of u,v and f must be properly attached. Here 
u and v are positive ; but f is negative. Hence assigning the proper 
signs, the equation as that in (57.1) is derived. 

(il) Object beyond the focal length of the lens—PQ is the object 
beyond the focal length. Take one ray PR. parallel to the axis and 
another PQ through the optical centre. Proceed as before to find 
that two refracted rays RF, and PO (Fig. 114) actually intersect 
atq. Then, drawn perpendicular to the axis, pq is the image of PG; 
it is evidently real and iuverted. 

PQ OQ, ,RO OF OF 
As before, =——~and -——-—.-.——*.. 
pg Oq pq qF, Oq-OF, 7 
Denote OQ, Og and OFj by u, v and f respectively. Since RO= 
PQ, we compare, as before, the above relations and find 
ins f = 
M whence uf 4-vf — uv. 
ee Pehl 
Division by wf points to vtuty (513) 


This is the equation of ofa convex lens throwing a real image. 
To get the general equation both v and f will have negative signs and 
we get the same equation as (57.2). 


Hence the general relation. connecting u, v and f in the case of 
refraction through a lens, concave or convex, is given by 


TAPAL 


a7 (57.4) 


Conjugate foci —From various cases considered above it is evident 
that corresponding to any position of the object, there must be an 
image of it at some place due to refraction at à concave or a convex 
lens. Since the path of light is reversible, the object on being placed 
at its image position it would throw the image at the former object 
position. The positions of the object and its image are, therefore, 
interchangeable and hence such positions are cailed the conjugate foci. 


New Convention of Sigas—By the convention of signs to'signify 
positive and negative distances, which has all along been adopted in 
this book, the object distance, the focal lengths of concave mirrors, 
the real image distances in spherical mirrors and the virtual image 
distances have been taken as negative. For both the mirrors the 
general formula turns out to be the same. 
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To adopt the same convention, the object distances, the focal 
lengths of concave lenses and the corresponding image distances are 
positive, while the focal lengths of convex lenses and the real image 
distances are negative. The general formula for both kinds of lenses 
is the same, but is different from that of mirrors. 


To secure uniformity of expressions derived from the laws of 
reflection and refraction a new convention of signs was recommended 
by the Committee of Physical Society in 1934. According to the 
recommendation of the Committee, the distance actually traversed by 
light either in coming from an object or in going to a real image 
should be taken as positive. These are called real distances. Distances 
traversed by light in appearing to go to a virtual object or in coming 
from a virtual image are taken as negative. These are called virtual 
distances. In fine, all real distances are positive, and all virtual 
distances negative. z 

58. Refraction through a Lens: Direct Deduction of the 
Formula.—Refraction through a lens may be considered from the 
point of view of successive refractions at the two curved surfaces. 

Let the refractive index of the material of the lens AB placed in 
air be p. P is a point source of light (Fig. 115) on the principal axis 
of the lens. Let r, and rẹ be the radii of curvatures of the front and 


Fig. 115 Fig. 116 
Refraction through Lenses 


the back surfaces respectively of the lens. Consider a ray PR incident 
at a small angle with the axis on the first surface, Denote the course 
of the ray through the lens by RS. If RS be produced backwards 
to meet the principal axis at p’, then p' denotes the image of P due 
to refraction at the first surface. Let the distance of P and that of 
the first image p’ at the first surface B be u and v;, respectively, 

Then from equation (52.2) we get E = Iam d) 

1 

Suppose the ray emergent from S proceeds in the direction of the 
arrow along ST. Produce the emergent ray backwards to meet the 
axis atp. Then corresponding to the virtual object p’, p is the final 
image due to refraction at the second surface of the lens. If the 
thickness of the lens be #, the distance of p' from A isv,--t. Let the 
final image p be distant v from A. 


Pt. IIJL—7 
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As light passes from the lens into air, the index of refraction 
becomes 1/u and we have 


1 l| 
Ep tUm. DEEP (ii) 
Y ntt rs Y Xu fo i 


When the lens is very thin, ż is negligible as compared to u and v. 
So by adding (i) and (ii), we have lli qu) (- ~ ES (58. 1) 
vou TS ole 


If the object be at infinity, the position of the image is at the 
principal focus and the corresponding image distance. is equal to the 
focal length. Hence if the focal length of the lens be f corresponding 
to u=%, then v=f, On substitution in eqn. (58.1) we have 


in (EC 

j^ -) siat --. (58.2) 
D 1 nbus 

-. from eqn. (58.1) and (58.2) we deduce vut ^. (58,3) 


A similar equation can be deduced when we consider refraction 
through a convex lens (Fig. 116). Hence the general equation of 
refraction through a lens is given by (58.3). 


For a double convex lens, r, is negative, and rg positive. 
deg 1 1 ) 
oe = —(u—1) [— +. — s (58. 
TET (u—1) (7 TH (58.4) 
which shows that for a convex lens f is negative. 


Again, for a double concave lens, r, is positive, and r$ negative. 
1 ( 1 1 
3=(u-—1) (— + — (58.5 
f ( ) ry Tr 2 ( ) 
showing that for a concave lens, f is positive. 


The focallength derived from eqn. (58.4) and (58:5) is known 
as the focal length of the image space. There is also a focal length of 
the object space on the opposite side of the lens. In case of a lens 
placed in an isotropic medium, such as air, these two focal lengths 
for a given lens are equal in magnitude and opposite in sign, 


Examples : 


. 1. The faces of a double convex lens have radii of 18 cm. and 24 cm. respec- 
gU and its focal length is 20 cm. Find the refractive index of the materia] of 
the lens. 


[Raj. U.—1972) 
Ans. The general equation connecting the focal length, the refractive index 
and the radii of curvature is 


J-e-0(4-2) 


Here r, ——18 cm,, r,—24 cm. and f=—20 cm. 
the lens is convex). 
Hence the above formula turns into, 


- (being taken negative since 


VENT 1 ; fuoi 
—(#—1) (539-3 whence the desired refractive index 15 1:514. 


| 
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2. The radii of curvature of the surfaces of a double concave lens are 1 
and17cm. If its refractive index is 1°51, calculate the focal length of yaam. 


Ans. Since the lens is double concave, r4 =+13 cm., say ; =— 
Then from the general equation it follows that say then ra gne 
Wet)? ( 3 
fT D GC zi 
Due correction for signs being made, we get M 
iru 141 liq Leal 
pound (Le) or, jeasst-n. ($e), whence 214. 
Thus the required focal length is 14°6 cm. 


3. Show that the radius of curvature of an equiconcave or equiconvex 
neire to its focal length, if the refractive index of the ma'erial of the 
lens be 1'5. 


Ans. Let the radius of curvature and the focal length of either lens be r 
and f respectively. Then since the lens is equiconvex, 


-j--e-n (1+1)=-0:5-1). Z=} whence for, 
For the equiconcave lens, 

J-G-n (4+})=as— 2-l whence f=r, 
These prove tbe results in question. 


59. Lateral Magnification— The ratio of the linear dimension 
ofthe image to the corresponding linear dimention of the object 
placed perpendicular to the principal axis is called the latera! magni- 
fication of the image. 

In Figures 113 and 114 the lateral magnification is given by 

PF Od. X. (5 
m PQ^OQ ^w (59.1) 

But in Figure 117 the sign of m is negative, because v is negative. 
Thus when m is positive, the image is virtual and erect, and when m 
is negative, the image is real and inverted. 


y 
From eqn. (57.4) we have pasar A 
Hence m=, ++ (59.2) 
Again from the same equation it follows that 

ule stus du 

= imm whence m 2715 (59.3) 


In considering lateral magnification the object is placed with its 
length at right angles to the principal axis. This explains why it is 
also termed the transverse magnification. 

60. Position and Nature of the Image—The position and nature 
of the image change as the object moves along the principal axis of 
the lens. Below we consider a few typical cases. 

(a). Convex Lens—The following cases may be taken account of. 

(i) Object at infinity—Let PQ be an object standing on 


GILDA 
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the axis of the lens and very far removed from it. Incident parallel to 
the principal axis, rays from one extremity Q (Fig. 117) of the object 


From P 


P 


Q 


Fig. 117—Object at Infinity 
converge, after refraction, to the principal focus g. Rays from the 
other extremity P of the object form a parallel pencil inclined at a 
small angle to the principal axis and will after refraction converge to 
another point p on the focal plane. Hence pq is the image formed 
practically at the focal plane; the image is real, inverted and 
extremely diminished in size. 


As fis negative, rey Taking u infinitely large, we find 


yz — f, which proves that, the image is formed on the focal plane. 


Further, m-— -—L-5 which shows that the image is real 


inverted and extremely diminished in size. 

(ii) Image lying between infinity and twice the focal length— 
PQ is an object placed normal to the axis at a distance greater than 
twice the focal length of the convex lens. Incident parallel to the 
axis, the ray PR passes, after refraction, through the principal focus 
F,. Another ray PO through the centre proceeds undeviated along 
Op. The two refracted rays actually intersect at p. If pg is drawn 
normal to the axis then pq is the image of the object PQ. The image 
is formed between f and 2f and it is real, inverted and diminished. . 

(iii) Object at twice the focal length—PQ is the object 
(Fig. 118). Taking two rays from P (viz., PR incident parallel to the 
axis and PO through the optical centre) and drawing the corres- 
ponding refracted rays, the image is seen to be formed at pq. 


p Here u=2f ini. I 
D 


I. whence »— —2f, that is,the image 
; is on the other side at twice the 
<— 2f—-» focal length. 
Further m=” e x 
» 2 Fig logge This suggests that the image 
is real, inverted equal in size of the object. 
^ efo’ 
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(iv) Object within twice the focal length but beyond the focal 
length.—PQ is the object (Fig. 119). ` Proceeding as usual, we can 
show that the image is seen to be formed at pq on the other side of 
the lens beyond twice the focal length. Further, it is real, inverted 
and magnified. 


0) Object at a distance equal to the focal length—PQ is the 
object at a distance equal to f (Fig. 120). Consider two rays from P, 


R p 
Fy 
Fig. 119 Fig. 120 
Object distance between f and 2f Object distance=f 


one being parallel to the axis and the other passing through O. 
Evidently these rays after refraction become parallel and meet only 
at infinity. The image is, therefore, formed at an infinite distance. 
Its position is indeterminate and may be on either side of the lens s 
it is extremely magnified. The reasons are given below. 


Here u=f in L whence 1—0, or, v=+to, i. e, the 
y Sitz» P y 
image is formed at infinity, 
Further mae 2, 


which indicates that the image is extremely magnified. 


(vi) Object within the focal length—The object PQ (Fig. 113) 
is placed normal to the axis between O and F,. Take two rays from 
P (viz., PR parallel to the axis and PO through the centre) and we 
find that the corresponding refracted rays do not actually meet ; but 
if produced backwards, their directions would meet at p, whence the 
refracted rays appear to diverge, pq drawn normal to the axis being 
the image of PQ. The image is on the same side of the object. It is 
virtual, erect and magnified. RS 

b) Concave Lens—PQ is an object placed normal to the axis 
E in front of a concave lens RO (Fig. 112). By taking two 
rays from P (viz., PR incident parallel to the axis and PO passing 
through the optical centre), we find the corresponding refracted rays 
do not actually meet ; but if produced backwards, their directions 
would meet atp whence they appear to diverge, pg drawn normal 
totheaxis being the image of PQ. The image ís seen to be on the 
same side as the object. It is virtual, erect and diminished. n 

Hence in a concave lens the image is virtual, erect and diminished 
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for all positions of a real object, although slowly increasing in size as 
the object is gradually brought nearer and nearer. 

For different positions of the object the changes in the position 
of the image for a convex lens may be tabluated as follows : 


Convex Lens 
} "n I 
Position of Object n ited T of | Nature of Image 
1. At infinity Fig. 117 At the principal | Real, extremely 
focus | diminished 
2. At a distance At a distance | Real, inverted 
greater than 2f greater than f but | and diminished 
less than 2f | 
3. At a distance | Fig. 118 | At a distance | Real, inverted 
equal of 2f | equal to 2f and equal 
| 
4. Atadistance | Fig. 119 Beyond 2f Real, inverted 
less than 2f but | and magnified 
greater than f 
5. Ata distance | Fig. 120 At infinity Real, inverted 
equal to f. and extremely 
magnified. 
6. At a distance Fig. 114 On the same 
less then f | side of the lens Virtual, erect 
as the object and magnified 


Note that in the case of refraction through a lens, convex or con- 
cave, if the object is made to movealong a certain direction along the 
principal axis, then its image moves in the same direction along the 


axis. 


61. Power of Lens—The power ofa lens indicates to what 


degree it can converge or di 
pencil incident parallel to t 
divergence produced by the lens, 
the reciprocal of the focal length 

A lens of focal length of o 
the unit being termed a diopt 
is recognised by the opticians as 
negative; so the power of alens is of oppo: 
its focal length. Hence expressed in metre: 
the reciprocal of the focal length of a len 
dioptres. Thus for a convex lens of 25c 
expressed in dioptre is+4D. Again, 
spectacles of power— 5D, he uses concave 1 


metre, i.e., 20 cm. 


he axis, the 


verge an incident beam of light. Fora 
greater is the convergence or 


theshorter is thefocal length. Hence 
indicates the power of the lens. 


ne metre is said to possess unit power, 
re. 


Further, the power of a convex lens 


positive 


and that of concave lens as 
Site algebraic sign tothat of 
s and with the sign changed, 
s gives thelpower of a lens in 
m. focal length of the power 
when a person is using 
ens of focal length 1/5 of 
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Examples : 


1. Animage of length 1 cm. is formed by a convex lens when an object of 
length 5 cm. is placed at a distance of 40 cm. from it, Calculate the focal length 
of the lens, [Mad. U.—1951] 


~<a se 


Ans. The magnification ta, or, u=5?, Since u=40, v—8. 


Since for virtual images due to a convex lens, magnification cannot be less 
than unity. the problem, refers to a real image formed by the lens. Applying, 
therefore, the formula for real image, we get 


i 4, on p= gt ay whence f=63. 


Thus the required focal length is 6 cm, 


2. Aconvex lens gives a real image 5 times as large as a small object when 
the latter is at a certain distance from the lens. When the object is moved 3 cm. 
further from the lens, the magnification is only 2 times. Find the focal length 
of the lens at the original position of the object. 


Ans. Letuandv be the object and the image distance in the first setting. 
f being the focal length of the convex lens. Then for real image 


Li dolond Y= ation Hives ip lech OURS 
VE f and 2 5. Combination gives satu fon f: mone) 
For the second setting, the object distance=u-+-3 and the image distance y, 
say. Then avi 
5 IL = 5 
Si ub pand Ud 2, or, v, =2(u+3) 
Combining these two relations, we get 
| x: Anin pling & 2 (4-3) ley d n n 
XGi3 i3 fA or, fe 5 (u+3) „(2) 
Hence by (1) and (2). we get, bu- I3» or, 5u=4(u+3), whence u=12, 


Thus from (1), feix 12-10. 

The required fccal length 'is, therefore, 10 cm, and the original object 
distance - 12 cm. 

3. A real image ofan object magnified three times is formed when the object 


is placed at a distarce of 12 cm. from the convex lens. Ifit is required to get an 
image magnified four times, how mueh should the object be shifted ? 


Ans, Proper corrections for signs being made, the general formula for a 
realimage due 3 E ee Jens gives 
v 
type) and m=" «(2) 


In the first case m=3 and u=12, So by (2), i whence y=36 cm. 


j Lehi i a 
| So by 0) eR , whence f=9 cm 


In the second case, let u, and v, be the image and object distances ; then, 
by (2) 4=4, or, v, —4u,. 
uy 


So (1) gives Jy tej, or, 144 =}, whence u; —11725. 
= 1 
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62. Determination of the Focal Length of Convex Lens— 


(i) Plane Mirror Method—If a source P (Fig. 121) is placed at 
the principal focus of a convex lens L, the rays of light after refrac- 
tion become parallel to the principal axis. If the rays be now incident 
normally on a plane mirror M placed behind the lens, the rays 
Would be reflected back normally, and after passing through the 
lens, they would converge to the position of the object. (For further 
details vide J. Chatterjee's Intermediate Practical Physics.) 


Fig. 121 Fig. 122 


(ii) U-V Method—A candle-flame is placed on one side of 
the lens mounted vertically on a suitable holder so as to produce a 
sharp image of the flame on the screen on the other side. Let the 
distanec from lens to the flame be u, and from the lens to the 
Screen be v. Then substituting the numerical values of u and v in 


4 +h =3, which is the formula for a convex lens producing real image, 


fis calculated. (Vide J. Chatterjee's Intermediate Practical Physics.) 
(iii) Displacement Method—Suppose that a screen is placed so far 
from a luminous sources that the distance exceeds four times the focal 
length of a convex lens. Let L and S be positions of light and Screen, 
LS being the distance D, where D is numerically greater than 4f. 
Now, for some position C,, of 
the lens a magnified image 
would be found on the screen. 
Without altering the positions 
ofthe screen and the source, 
thelens is moved towards the 
Screen and for another position 
C; of the lensa magnified 
image is found on the screen 


Fig. 123 


(fig. 123). If c, —c, be x, then the focal length is given by the formula 
f=(D*—x?)/ 4D asshown below. Hence ifxand D be measured ` 
experimentally, f can be found out. 


Proof —If the object distance is u, then the image distance is 
D—u. Since the image is real, 


s pep whence u*—uD--Df—0. 
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This quadratic equation gives values u, and u i 
iir 2 of u from 
the two positions c, and c; of the lens are obtained. ay 


Now, eee D and ped et D . (624) 


: Thus, we get u,—u5— V D?—4fD. Denoting this intervening 
bail 2 by x, we get x=VD?-4/D. or x*-D*-4fD, 
T Vir .. (622) 


When the two positions coincide, x—0 ; so that f-D, or D=4f. 


Again, D=u-+v. So when the two positions coincide, u+v=4f. 
Hence in the case of real image formed by a convex lens, the mini- 
mum distance between an object and its image is 4f. 

Magnification by the Displacement Method—Before the lens place 
an object of length I perpendicular to the axis. Let I, be the length 
of image at object distance u,. Since the image distance is D—u,, 


we get, 


At the second position of the lens, let the image be of length I; 
when the object distance is us. Since in this case the image distance 
is D—us, we find " 

Y I; _ Dus 
Tj Ug 
Multiplying the two equations, we get 
LI? (D-u)(D—u,. 
e I,* Uruz 

Since u, +u, =D, it is clear that (D—u,) (D—tg)=usU2- 

Hence I, I, —I,? 

Example : 

The distance between a source of light and the screen is kept fixed at 1 metre. 
Fora certain position of a convex lens placed in between, a sharp image of the 
object is thrown on the screen. On shifting the position of the lens by 40 cm., 
along a line joining the source and the screen, another sharp image of the 
object is obtained, Calculate the focal length of the lens, If the lefigths of the 
images in the two positions be 0°66 cm. and 1'51 cm. respectively, find the 
length of the object. 

Ans. For two positions of the lens to throw real images for a given , distance 
D between the source and the screen, D must be greater than four times the 
focallength fofthe lens. For such a case. 


DD. where D=100 cm. and x=40 cm. 


1002—40? 140x60 
o fol Ue oT 2l cm. 
f 00 AOA TET 

The algebraic sign of the focal length is to be taken negative, because the 
nature of the lens is convex. Again since L =0°66 cm. and Ip=1'51 cm., 
we obtain from the relation T; I;-Io? that Io ="66X1'5S1, whence Io=1 cm. 


(very nearly). 
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*63. Thin Lenses in Contact—Place two thin lenses L and I/ 
offocal lengths f; and f, in contact on the same axis. We may 
consider this as a case of successive refractions, the image due to one 
lens serving as the object for the other. 


Let u be the object distance of a point source P (Fig. 124) on the 
axis of the combination, and Y, the distance of the image P’ formed 
by the lens L of focal length f,. Then from the general equation of 
the lens it follows 


z ++. (63.1) 


Now to the lens L’ of focal length f,. P' acts as the object. As the 
lenses are thin, the distance of a 
from L’ is also taken to be vx. Let 
the distance of the final image p 
from the second lens be y, 


Then a oe sai SID 
Adding (1) and’), 

le Ds 1 

USE ++. (63.3) Fig. 124 

A single lens, which being placed at the position of the combina- 


tion produces an image of the object P at the position of the final 
image q, is called the equivalent lens of the combination. n 


If F be the focal length of the equivalent lens. 


7 


CIKA 
777. 


ol 
222127 


ZZ 


ZZ 


ZZ 


DIT Lal 1 
sump 8 depu (63.4) 


64. Thin Lenses separated by a Distance.—In the preceding 
Article, we have seen that when two thin lenses are kept in contact 
on a common axis, it is possible to replace them by a single lens, 
Which we call the equivalent lens of the combination. This equiva- 
lent lens is capable of producing an image of the same size and 
also in the same position as that formed by the combination. 


A single lens which gives an image of the same sizeas that formed 
by a combination of two thin lenses separated by a distance on the 
common axis is called an equivalent lens. 
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Let us now find out the focal length and position of such an 
equivalent lens for a system of two lenses separated by a distance. 
As in most practical cases such combinations are made of thin 
convex lenses, we shall denote focal lengths of thin lenses as f, and 
fo and the focal length of the equivalent lens F (Fig. 125). Let 
O,F,=f, be the first lens L, aad O.F,=/, be that of the second 
lens Lg. Let O,O,=d be the distance between the lenses. 


Fig. 125 Fig. 126 

Let AB be a ray incident on Lj parallel to the common axis. 
After refraction the ray proceeds along BF,,the focus ofthe first 
lens. But as the ray meets G, there will be refraction by the 
second lens Lg. To find the finally emergent ray from G, make 
the following construction. Imagine a ray through B parallel to the 
principal axis, this ray will after refraction pass through Fe, the 
Second principal focus of L, where O,F,—f;. Imagine another 
ray through the optical centre O, of the second lens, this ray will 
go undeviated. On producing these two rays backwards we get 
the image of B at E by the lens Ly. So any ray meeting the first 
lens at B and incident on Lg may be imagined to have started from 
E. Join EG and produce it to meet the axis at F. Consequently GF 
is the finally emergent ray from L, corresponding to BG. Let EF 
meet AC at I. 

Then if we have a single lens placed along DH instead of two 
lenses, then a ray AI parallel principal axis, will after refraction 
converge at F, (fig. 125). The focal length of this is HF, which is 
say F. This is the equivalent focal length. In fig. (126), the 
equivalent lens is separately drawn. 

Calculations :—Since F,CE, FIE and O,BE meet at E and 
FFO% is parallel to CIB, 

IB CB d 

FOs OsF. -fo 

*. IB—distance of the equivalent lens L, from L,— — 


[ fs 
Again since F,B, F,IL and O,C cut at the same point G, and all 
meet between the parallel lines CB and F,O., 

CI 


CB B — .. 4 c(orrectingforsign).(64,2) 
F,0; OF, O,F,—0,0, —fi—d : 


(correcting for sign) «+ (64,1) 
dX FO» 
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Adding equations (64,1) and (64,2), we get, 
HE Ol d d . —(df,-d*tdf,) —d(f, +fa+d) 


O,E, OF, —f -fa-d- falfitd) ~~ f, id) 
La! pug y, tl) Li fafta) Er 
"OKT hurt) (o4 OPT erg (ed 
Call IB=a, Then a. f+) — d(f, d) (64,4) 


f fit feta f ford 
If now, we remove the two lenses L, and L, and replace them 
by a single lens, shown by dotted boundary whose optical centre is 
H and if we allow the incident parallel ray AB to meet this equiva- 
lent lens at I, this ray after refraction at I, will meet the principal 
axis at F,. Therefore HF,—F will beits focal length. The length 
HF, is called the equivalent focal length. 


IC 
Now HF, F— HO, -O,F,-IC-0,F,—0,F, (1 tog) 


Or, Ff. d) d faf. --d) if = faf. 
A SE E ETAT AETI fe tfatd 
---(64,5) 
Remember that when the equation has been derived attributing 
convention of signs, eqn. (64,5) is the general equation of equivalent 
focal length of a conbination of lenses Separated by a distance. 


Concave Lens Combination.—In this case F, f, and fe are all 
negative being the corresponding focal lengths of the image space. 
Therefore eqn, (64,5) takes the form, 

-F= Sifa or, F= fife 
—fi-foFd fitfe—d 
1 T ST d (64,6) 
OT, Sep + (04, 
Yon fe A 

Convex Lens Combination.—In this case F, fi and f, are all 
positive being the corresponding focallengths of the image space. 
Hence equ. (64,5) remains without change, 

d 
pes fife 1 AE T 
fithata s”. EAEn fa 

The combined lens method is s»metimes utilised in measuring th> refractive 


index of a liquid available ina small quantity. (For exp?rim^ntal de'ails vid» 
J. Caatterjes's Intermediate Practical PAysics, A'\-Ladia E lition.] 


or, +».(64,7) 


Examples :— 


l. It is Proposed to project the real image of the sun at a distance sf 2 
metres from a convex leas of fo:alleagth 5)cn Fini tre nitu'e and foca 
length of a lens which b3ing placed in coatact with the convex lèns would bz 
able to fulfil the condition, : 


Ans. Let f,——50 cm, Denote the fozal length. of the anoth or lens by fy. 
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Since the combination would be convex in character in order tobe able to throw 
a real image, the focal length F of the combination would have to be —200 cm. 


St d 1 1e vind hae A 
Now teeth on lee Rp doge ded = 6667. 
RAE Ta UA 200 aS TAE O50 300" ened 


Thus the lens is concave and is of focal length 66°67 cm. 

2. Find the nature and foca! length of a lens which must be placed in 
contact with a concave lens of focal length 25 cm. in order thatthe lens 
combination may produce a real image three times the size of the object placed 
25 cm. from the combination. 

Ans. The object distance u from the combination is 25 cm. and the magni- 


fication of the image is 3. Hence from m=* the image distance is given by 


T £m = 
35 3, whence v=75 cm. 


Again, for a real image to be formed, the combination must be convex and the 
image must be formed on the negative side of the lens. Hence from the 
equation for the lens and with corrections for signs, 


F EI whence F=2 1875 cm, 

Now, F, which is the focal length of the combined convex system, should be 
prefixed by a negative sign. Let f be the focal length of the lens to be combined 
with the concave lens of focal length 25cm. Then 

ti- or j=- so that f--B=-1071, 

Thus the nature of the lens is convex and the lens is of focal length 

10771 cm. ái 

65. Determination of Focal Length of a Concave Lens—As 
we cannot get a real image for a real object by a concave lens, its 
focal lengh is determined by any of the following indirect methods.— 

(i) Combination method—If a concave lens be combined with a 
convex one of greater power, the combination behaves like a convex 
lens. The focal length f, of the convex lens is known. Also F of the 
cambination is determined. Then with proper algebraic signs the 
focal length f; of the concave lens is calculated from the relation 


- "E zs A In actuality, F and f, are negative and, therefore, 
1 2 
vA i ws (65.1) 
CM 


(ii) Virtual Object Method—When the power of the convex lens 
supplied is not large, the following method is adopted. Of the source 
P(Fig127)asharp image V is obtained ona screen bya convex 
lens L,. The positions of P and L, are kept fixed and the given 
concave lens Ls is interposed between L, and the screen, As the rays 
converging to V suffer diver- 
gence due to Ls, real image 
Q is now formed ata greater 
distance and the screen is 
moved away to receive this 
image. Here V is the Position 
of the virtual object, and Q is 
the real image of it cast on 


Fig. 127 
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the same side of L,. Write O,V-uand O, Q =v, both u and v 
being taken negative. From the general formula fora lens, the 
proper algebraic signs being given, the equation takes the form, 


- mm whence f is found. 


Identification of Lenses—The zature of a given lens may be 
found by observingthe image produced by it for different posi- 
tions of an object. Hold the lens very close to the object and look 
from the other side. If the image is erect and magnified, the lens is 
convex ; if the image is erect and diminisned, the lens is concave. If 
the magnification is unity, it is a plane parallel plate of glass. Point 
the lens towards a distant object (say, a house) and hold a paper 
screen behind it. Ifon the screen an image obtained, the lens is 
convex. 


66. Spherical Aberration of a Lens—It is only when the 
incident pencil is narrow and almost parallel to the axis or when 
effective aperture of a refracting surface is small thata system of 
rays diverging from a point source will, after refraction, either 
actually converge to, or appear to diverge from, a single point image. 
If, however, the 
effective aperture be 
large, the rays incident 
at different points of 
the surface will not 
give rise to a single 
point image, real or 
virtual. After refrac- 
tion the central rays 
pass approximately 
through a single point 

Fig. 128—Formation of Caustic due image on the axis, 

to a Convex Lens while a marginal ray 

cuts the axis at a nearer point. Of the marginal rays the one incident 

at a point more remote from the principal axis will intersect the axis 

ata point nearer the lens. This phenomenon is known as spherical 
aberration of a lens. 


Let O denote the principal section of a convex lens of large 
aperture, and OF the principal axis (Fig. 128). Limited by gh and 
incident at the central part of the lens, a thin pencil of parallel ray 
rays meets on emergence at the principal focus F. Limited by eg, 
another thin pencil of rays converges after refraction at E above the 
axis. Similarly it can be shown that on emergence bundles of pencils 
(a, b), (b, c), (c, d) and (d, e) meet the axis at the respective points 

B,C and D. Ifthe incident pencils both above and below the 
axis be taken, the refracted rays meet at various points on a curve 
ABCDEFEDCBA which is known as the caustic curve. 

Owing to spherical aberration the image ofa straight object by 
a lens of large aperture is found to be curved and disproportionately 
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magnified. As the aberration becomes inappreciable in 
ture is small, the defect in the image may » reduced by- thé cabot 
stop, allowing only the central rays to take part in refraction. 


Examples : 

1. Silvered on its spherical surface, a thin planoconvex | is 
Nes m Ee EM SU [a n then DUM as a concave mirror deitas 
o light incident on the plane surface. culate t i 
PAL p u he focal length of the mirror 

Ans. Let a parallel beam of light MX be incident ont 

l XY of the lens along the principal axis (Fig. 129). This Doe eng eae 
undeviated through the plane glass surface and would be incident on the dod 
cave silvered surface. Thust he reflected beam from the concave SERE 

surface of radius curvature 

X > r would tend to converge to 

M| a point A, where the distace 

à PAis=r/2 (Vide Art. 28). 


>| But since refraction is 
taking place from glass to 
air, at a plane surface the 
zl rays would converge finally 
"| at F, where PF is the 
ii image distance and PA is 
the virtual object distance 
Hence PF=PA/M4=7/2y, 
Fig. 129 (Vide Art, 38.) 


Itis at F thata parallel beam of light converges and so the point F is 
the principal focus of the lens-mirror combination, Call PE-f,. 


Then the focal length fı of the mirror i ts «(D 
Again for a plano-convex lens of focal length fo, 

12 Liol\ ip ud 

z--(u—1) (G- -— p Ax) Ted] 


" f. eel wiati 
From (1) and (2) we (Has ahs m^ or A zs to 


The negative sign indicates that the focal length f, ofthe lens is negative, 
while that of the concave mirror is positive. 


2. Athin planoconvex lens of focal length f, and refractive index u is 
silvered on its plane side, In then acts as a concave mirror with regard to the 
incident rays on the spherical surface, Calculate the focal length of this 


mirror, ` 


Ans, Let a parallel beam of light be incident on the spherical surface of the 
leas along the principal axis (Fig. 130). The beam would tend to conveige to 
the point A on the principal axis, where the distance PA is the second princi- 
pal focal Jength f of the spherical refracting surface given by 

f=-“, rbeing the radius of curvature of the surface. 
a 

But before the rays can actually converge, there is reflection from the 
silvered plane surface as shown at O and the reflected rays tend to converge to 
B, where QB=QC. The lens being thin, PA is very nearly equal to QA. 


era 
Therefore QB-PA— 1 mu) 
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The reflected converging system of rayS producing the virtual object at B 
actually converge to F. Here the virtual object distance is QB aad ison the 
positive side, Since light passes from glass to air, the relative refractive index 
is 1/u, If PF—f,, fg may be called the focal length ofthe concave mitror so 
formed. Thus from (22.2) we get 

t 1 

BENS io ME Len Eel 

fa QB -r Bf? ur Br y 0) 
Multiplying by p and transposing, we have 


1 24-1) tes (2) 

pee, nla ED 

1 u—1l F o (3) 
But fier Fa Hence fo=—5 fo, ¢ 


This shows that under all circumstances the focal length of the mirror so 
formed is half that of the plane-conyex lens, 


Fig. 130 

3. A plano-convex lens is silvered on its plane side and then it acts like a 

concave mirror of 20 cm. focal length. When the convex side is silvered, it 

acts as a concave miiror of 7 cm. focal length. Calculate the refractive index 

of the material of the lens. [Nag. U.—1951 ; U. P. B.—1953] 

Ans. Ifr be the radius of curvature of the spherical surface, then on silver- 

ingthe plane side it acts asa coneave mirror of focal length fa. which is 
given by 

r E 
= >—., or, L— — .—20, by (2) of Example 2 sa (1 
Manem e O p m 


Again, on silvering the sphericai surface it acts as a concaye mirror of focal 
lengths f, given by 


fies or, Ach by (1) in Example 1 «e (2) 
Thus from (1) and (2), we get 


I or , 20u—20=74, whence 4=1'54. 


4. A concave lens is placed at distances of 25 cm. in front ofa concave 
mirror of focal length 20 cm. andit isfound thata pin placed 68:6 cm. in 
front of the lens coincides with its own inverted image formed by the lens and 
mirror, Find the focal length of the lens and draw a diagram to show how 
the image is formed. [Gau. U.—1953) 


Ans, Let the focal length of thelensbefcm. The object distance u of the 
pin is 68°6 cm, Then by the stated condition the image of the pin due to the 
lens must be formed on a plane passing through the centre of curvature of the 
concave mirror, in order that rays from the centre of curvature reflected from 
the mirror might retrace their path and the final image due to the lens might 
be formed on the object itself. 


LENSES 118 


Thus v=(2X 20—25) cm=15 cm. 
Hence we find 


E E T um zi —19- 
is eee =F" or, f 0667 — 01458 —:05209, whence f=19:2. 


The required focal length is, therefore, 19:2 cm. 

A beam of light is converged by a lens A toa point B, 10 inches from 
thelens, Ifa second lens of focal length 10 inches is placed between A and B 
and 8 inches from A, determine the new point of convergence of the beam, 
when the second lens is (i) convex, and (ii) cancave, 

Ans. If Lis the position of the second lens, L4 —8 in. and LB=2 in. 


(i) For the convex lens, 4— —2 in. and when lens is a convex one, 
f=—10 in. 


oe ,-(4)= E whence v=—1°67. In other words, the beam converges 
to à point at a distance of 1°67 inches behind the lens, i 
(i) When the lens is concave, u=—2 in. and f=10 in. 
iiu -(1)-1, whence y=—2'5, Thusthe beam converges to a point at 
y N=2F 10 


a distance of 2'5 inches behind the lens. 


6. Tho convex lenses of focal lengths 3 inches and 4 inches respectively are 
placed ata distance 6 inches apart and a luminous object, 1 inch in length, is 
Situated on the common axis ofthe lenses at a distance of 4 inches in front of 
the lens of smaller focal length. Find the position, nature and size of the image. 


Aus. Consider refraction first at the lens?of focal length 3in. Let the 
be formed at a distance of xin. Then 


D =}, whence y=12] i.e., the imaee is real and is formed 12 in. 
mpn 


behind the first Jens and so 6 inches behind the second lens, 
Now for the lens, u=6 inch. and f= —4 in. 
©. tebe 1 whence y —24, i:e., the final image is formed at a distance 
y —6 . 4 ; 
of 2:4 in. behind the second lens. It is, therefore real and inverted. 


275. d 
Now the magnification by the first lens mee ; and that by the secon 
j ‘ 2_6 
lens m'=2, So the total magniflcation=mX m —3x5—5- 


* 6 TA 1s 
Hence the desired length of the image= (ix 1) in, 1$ in. 


EXERCISES ON OHAPTER V 


Reference 
1. Prove that far a concave refracting surface Arts. 
elon. 52 & 58 


y ur i 
where # is the refractive indez ead mM this formula to obtain 
i focal length o! B t TA 
wn Nag U 1934: Cf. V. U—1953 ; Del. U,—1958; Dac, U.—1960) — s5 
2. “Defne the following terms used ig rennen o focal 
gim lens; (a) optical centre, (b) princip: (C. U.—1953) 
gth. 


Pt. II/L 8 
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Reference 
Art. 55 


Art. 57 


Arts, 
57 & 58 


Art. 57 


Art. 57 


Art, 57 


Art. 57 


Arts. 
57 & 61 


Art. 57 


Art. 58 


Art. 57 


Art, 58 
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3. Whatis meant by the optical centre of a lens? Show that 
the optical centre ofa lens divides its thickness in the Tatio of the 
radii of curvature. (Raj. U.—1967) 

4. Where must an object be placed with respect to a convex 
lens of 1 inch focal length in order that (a) a real image, (b) a virtual 
image may be formed, a foot away from the lens? Givea diagram 
showing in each case how the image is formed. (U. P.B.—1964) 


Ans. 14 in. for real image ; n in. for virtual image. 


5. A convex lens of focal length 25 cm. is placed 15 cm. in 
front of a convex mirror. Itis found that when a pin is placed 45 
cm. in front of the lens, it coincides with its own inverted image 
formed by the lens and the mirror. Find the focal length of the 
mirror. 

Ans. 20'625 cm. 

6. An object 3 inches long, is placed 6 cm. from (a)a convex 
lens, and (b) a concave iens, each of focal length 8 cm. Find in each 
case the size of the image. (V. U.—1952) 


Ans. (a) 12 in. ; (b) 12 in, 


7. Calculate the distance at which an object should be placed 
from a concave lens of 30 cms. focal length so that its image may be 
magnified three times. 

Find the position and nature of this image. (Pat. U.—1951) 
Ans. u=40 cm. ; v=—120 cm. The image is real and inverted. 


8. Derive an expression for refraction at a spherical surface, 
Hence deduce a relation between the focal length ofa lens, its 
refractive index and the radii of curvature. (Raj. U. —1971) 


9. Two convex lenses of focal lengths 3 cm. and 4 cm, respec- 
tively are placed at a distance 8 cm. apart and a luminous object, 1 
cm. in length, is situated on their common axis, 4 cm. in front of the 
lens of smaller focal length. Calculate the position and size- of the 
image. 


Ans. 2 cm, farther from the lens of larger focal length ; 3 cm. 


10. Derive the formula for the focal length ofa thin double 
concave lens. What is meant by the power of a lens ? 
(Andh, U.—1973, E. P, U.—1952) 
11, Explain what is meant by conjugate foci. The teal image 
formed by a lens is twice the size of the object, and 18 cm. from fr 
Find the focal length of the lens. (C. U.—1957) 
Ans, f—6cm, The lens used is convex. 


12. Prove the relation Fa) (1-3 for a lens, 
(U. P. B.—1955 ; Mys. U.—1951) 
13. Deduce the formula LL for a lens. 
(C. U.—1956 ; Del. H, S.—1964 3 Nag, U.—1963 ; 
Del. U.—1971 ; Mys. U.—1961) 
14. Calculate the focal length of ap}; i 5 
155 and radius of curvature of the CODN e R SERE 


Ans. 20cm (U. P. B.—1955) 
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15. The radii of curvature of the surfaces of a doubleconvex lens 
are 20 cm, and 40cm, respectively and its focal length is 20 cm, What 
is the refractive index of the material of the lens ? (C.U.—1958) 

Ans. 1°66. 

16. What wonld be the size of the sun formed bya convex 
lens of 110. cm, focal length, assuming that the angle subtended by 
the diameter of the sun's disc atthe centre of the lens is equal to 

1/100 of a radian ? 
Ans. 1cm. 

17. Describe with suitable diagrams the formation of an image 
by convex lens of an object placed at different distances from it. 

(Cf. C. U.—1955 ; Cf. E. P. U.—1962 ; Dac. U.—1953) 

18. Calculate at what distance from a conversing lens of focal 
length 20 cm, an object must be placed in order that the image may 
be (a) real and three times the size of the object, (b) virtual and 
three times the size of the object. (Gau. U.—1965) 


Ans. (a) 262 cm, ; (b) 135 cm. 


19. Under what circumstances are real and virtual images for- 
med by a convex lens? Illustrate your answer with neat diagrams. 

20. Asymmetrical bi-convex lens has a focal length of 30 cm, 
Calculate the radius of curvature of either face, if the refractive 
index of the material of the lens ts 1°51. (Nag, U.—1960) 

Ans. 30'6 cm. 

21. Two lenses of powers 6 and —2 dioptres are placed in 

Contact, Find the power and the focal length of the combination. 
(E. P. U.—1971) 
Ans. P=4 dioptres ; F=25 cm, A 

22 Where must an object be placed in front ofa convex lens 
of32cm. focal length so as to obtain an image of four-fold 
magnification ? . 

Ans. v=40 cm. 
. 23. What is the focal length of a lens whose power is +2 
dioptres ? Is this lens convergent or divergent ? (U. P. B.—1961) 
Ans. —50cm. Thelens is convergent, 

24. Explain the focal length of a lens. Mention the various 
methods which may be used to determine the focal length of a 
converging lens and describe one of them. Reasons for your choice 
may be given. (Raj. U.—1962) 

25. Describe any method for the determination of focal length 


of a convex lens, Derive the formula used. 
it x (V. U.—1952 ; Del. U.—1962 ; P. U.—1971) 


26. Describe two methods of determining the focal length of 
a thin convex lens, Give neat diagrams. (C. U.—1962) 
27. Show that the power of two thin lenses in contact is the 


sum of the powers of each of them, 
(Mys, U.—1972 ; Dac. U. —1968 ; E.P.U.—1970) 


28. Each 10 inches in focal length, a convex and concave lens 
are held coaxially at a distance 3 inches apart. Find the position of 
the image, if the object is at a distance of 15 inches beyond (a) the 


Convex lens, and (5) the concave lens. 
Ans. (a) The image is formed at a distance of 157; inches in 


front of the concave lens. (b) The image is formed ata distance 
90 inches in front of the convex lens. 
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Reference 
Art. 58 


Art. 59 


Art. 60: 


Art, 59 


Art. 60 


Art. 58 


“Art, 61 


Art. 60 


Art. 61 


Art. 60 


Art. 52 


Art, 62, 


Art. 62 


Art. 64 
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Reference 
Art. 62 


Art. 64 


Art. 62 


Art. 62 


Art, 62 


Art. 59 


Art. 64 


Arts 
57 & 27 


Art. 63 


Art. 63 
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29. An object is placed is front ofa convex lens so that a 
real image of the same size is obtained. Itisthen moved 16 inches 
nearer the lens whenthe image, still real, is 3 times aslarge as 
the object. What is the focal length of the lens ? 

Ans. 24 inches. A 

30, The image ofa pin is found to coincide with the pin itself 
when it is placed at a distance of 25cm, froma concave mirror, 
When a concave lens is placed between the pin and the mirror at a 
distance of 20 cm. from mirror, the image again coincides with 
the pin when it is moved joa distance of 35 cm. from the mirror. 
Find the power of the lens. 

Ans. T'5. 


31. An image, 1 cm. long. of an object is formed on a screen by 
a convex lens. “Keeping the object and the screen fixed, the lens is 
moved until a second image is formed on the screen. If the image is 
0°75 cm. long. what is the length of the object ? (C.U.—1957) 
Ans. 0'86 em. 

32. Explain with diagrams how you would find the focal length 
fofa convergent lens by the displacement method. Establish the 
D?—4? 

4D 


light and the screen andd isthe distance between two positions 
of the lens. (R.P.B.—1970) 

33. An electric lamp is 6 ft. distant from a wall. A convex lens 
gives a sharp image of light on the wall when it is held 2 feet away 
from the light. A second sharp image is obtained on the wall when 
the lens is held 2 feet away fromthe wall, Determine the focal 
length of the lens and compare the magnifications produced in the 


formula f= where Dis the distance between the source of 


two positions of the lens. (C.U.—1950) 
Ans, f-- ft. 54:1 


34. A lens of 12 inches focal length is used to throw an image 
of a lantern slide, 3 inches square, on a screen 25 feet away from the 
lens, Where mus} the slide be placed and what will be the size of 
the picture ? 

Ans. 12°5in. ; 6 ft. square. 


35. Describe a method by which the focal length of a concave 
lens may be experimentally determinod, 

(Mys. U.—1952 ; V. U.—1962 ; P. U.—1972; 

U.P.B.—1969, 50; Mad. U.—1949, '60) 

36. A concave lens, whose focal length is 12 inches, is placed 

on the axis of a concave mirror of 12 inches radius at a distance of 6 

inchesfrom the mirror, An object is so placed that light from it 

passes through the lens, isreflected from the mirror, again passes 

through the lens and forms an inverted image over the object itself. 

Where will object be placed ? (P. U.—1972) 

Ans. 12 inches in front of the lens. $ 

37. Prove that the focal length of the combination of two lenses 


ES f 
is given by raft, where f, and fa are the focal lengths of the 


two lenses. (E P.U.— 1963) 


38. A combination is formed by a convex lens of focal length 5 
cm. placed in contact with a concave lens of focal lergth 1U em. 
Rays from an object placed ot a distance 15 cm. from combination 
pass through it and fall upon a concave mirror of radius of 
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References 
curvature 200 cm. placed 5 cm, from the combination, Find the final 
position of the image, 
Ans. 6 cm. from the combination of the side of the object. 

39. Describe any two methods for the determining the focal Act. 63 
length of a concave lens. (Gau. U.—1963) 

40. Youare given a lens, You can look through ft., but you Att. 63 
use not allowed to handle it. What tests would you apply in order 
to determine whether it is concave or convex ? 

4l. Describe some optical test to distinguish between a convex Art. 65 
lens, a Concave leas and a thia parallel plate of glass, 

(Del. U.—1970) 


42, A plano convex lens floats on mercury with its plane surface Art. 65 
in contact with the liquid. Parallaxis removed betweena pin and 
itsimage when the pin is held ata distance of 40cm. above the 
lens. Calculate the radius of the convex surfoce of the lens, if its 
refractive index is 1°54, 
Ans. 2l'6 cm. 


CHAPTER VI 
OPTICAL INSTRUMENTS 


67. Magnifying Glass—The sizə of an object, as we see it, 
depends upon the angle subtended by the object to the eye ; ise., its 
apparent size is dependent on the linear dimension of the object as 
well as on its distance from the eye. If the object is brought nearer, 


p 
OP 
9 
VE = N ZG 


Fig. 131 A ; eic 

the angle subtended at the eye increases an So the object appears 
bisae ead more distinct. In Fig. 131 an object of a definite length 
is placed at three different distances from the eye. Of its three 
Positions the angle CED subtended by it at it nearest position CD 
is the greatest, and so it would appear largest. At it is removed 
farther and farther, the angle subtended by it at the eye becomes 
less and less; consequently it appears smaller and smaller. If " 
Were possible to see at the same time two objects PQ and MN R 
different lengths and placed at different distances but subtending the 
same angle 0 at the eye, they would appear to be of the same size 
(Fig. 132). i j 

It follows therefore that nearer to eye we bring an object the 
longer it appears. But with every eye there isa minimum. oss 
at which an object appears most distinct. This distance is kno 
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as the least distance of distinct vision. For a normal eye this ls 
approximately 10 inches from the eye. If the object is brought 
still closer, its apparent size increases ; but it becomes hazy and 
indistinct. 


Fig. 133 ig. 134 

If an objeet of length PQ be placed within the focal length of a 
convex lens LO (Fig. 133), a virtual, erect and magnified image of 
length pq is seen by eye placed close behind the lens. The convex 
lens used in this case is called a magnifying glass, a reading glass or 
a simple microscope. 

To understand how a convex lens magnifies, suppose that the 
distance Og (Fig. 133) is the least distance of distinct vision and 
that the object PQ is placed at this distance with the lens removed. 
Let the object occupy the position rg. The eye E would then get 
the best vision of the object and the size of the object is deter- 
mined by the angle rOg. If now the object is brought nearer such 
as at PQ, the magnificantion positively increases, since 7 POQ> 
ZrOq ; but to the naked eye it becomes indistinct at this distance. 
Now suppose that with the object in this position we place a convex 
lens close to the eye and adjust the position of the lens such that the 

; image of PQ is formed at 
pq at the least distance of 
distinct vision. We should 
then be able to see the most 
distinct image of PQ 
subtending an angle to the 
eye equal to ZPOQ which 
ien ine than ZrOgq. 
i : us theeffect of using a 
ij Fig. 135—Magnifing Glass convex lens as petere 
glass isto bring an object much nearer to the eye than the least 
distance of distinct vision but throwing its image, for clarity of 
P À TU , yo 
un to the ex datane of distinct vision. Fig. 135 shows an 
ordinary magnifying glass with the co: 1 
elite rable, g nvex lens fitted to a metal rim 


Magnification—The magnifying power of a readin i 
defined as the ratio of the angle subtended at the eye “anes 
(for least distance of distinct vision when seen through the instru- 
ment) to the angle subtended by the object placed at the least 
prom s distinct vision and seen directly. 

t OQ=u, Oq=v and the focal length of the lens=f. I i 
case Og=D, where D is the least distance of distinct en ae 


zu 
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Cut off a length rg equal to PQ. Join rO. Then the magnificati 
m-— £POQ _ tan Z POQ _ tanZpOq th T Eel armi 
A LrOq ~tan ZrOq ` tanZrOq’ c angles being (supposed 
small. 


palOg pq pa _Og_¥v 


As the image is virtual, v is positive. Also, f of a convex lens is 
negative. > 
bou v y Vices 
Now -2-.5 wh —-2lta =1+, a 
3 ytf whence z In orm 1at-js poe mes 


But as y=D in this case, =P=14? ee CVAD) 


f being the numerical value of the focal length. Since D is constant, 
the smaller is the focal length, the higher is the magnifying power of 
the convex lens. 

Figure 136 shows a combination of two magnifying glasses, which 
can be kept inside a socket and slided out whenever required. The 
smaller one has got a shorter focal length and so it has a larger mag- 
nification. Ifa still higher magnification be required, the two lenses 
may be combined and observation may be made with the eye very 
close to the lenses. If a concave lens 
is used as an eye-piece, the sign of f 
in equation (67.1) would be nega- 
tive and D would be always less 
than u. Hence the magnification is 
always less than unity. For this 
reason a concave lens is never used 
as a magnifying glass. In Fig134 an 
object PQis placed beyond the least 
distance of distinct vision and the Fig. 136—Pocket Magnifier 
image pg, much smaller in length, . 
is formed with a concave lens at the least distance of distinct vision, 

68. Photographie Camera—This apparatus is used to get a 

ermanent impression of an object on a photographic plate. The 
mportant parts of a photographic camera are four in number, 
yiz. :— 

(1) A camera box C (Fig. 137)—It has an extensible body, 
being made. of folded leather or stiff black paper. It hasa lens 
system L at the front and a screen at the back. The inside 
of the box is painted black, so that any light falling on the inside 
walls is absorbed and nothing is reflected to disturb the image. The 
camera box may be fitted to a stand capable of being of raised, 
lowered or tilted. The distance between the lens system and the 
glass-screen may be altered with a rack and pinion arrangement, 

(2) The camera lens L—It is acombination of lenses acting as 
a converging system. The combination is achromatic ; that is, it 
maintains the purity of transmitted light and produces negligible 
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distortion of image. It is provided with (i) a shutter, which may be 
opened or closed for any desired interval and (ii) an iris diaphragm, 
(Fig. 138) so as to regulate the amount of light to be admitted. 
An iris disphragm is a circular opening before the camera lens which 
can be made larger or smaller. 


(3) The screen S—It consists of a ground-glass plate fully cover- 
ing the back of the camera box. 
The image of the object to be 
photographed is first focussed 
sharply on this plate by a rack and 
pinion arrangement. 


(4) The plate and slide—The 
slide is a flat portable wooden box 
for holding the Photographic plate. 
The plate consists of a glass plate, 
on which an emulsion of one or 
more halides of silver in gelatin is 
evenly poured, cooled and dried. 


The photographic Plate is next fitted into the slide and placed 
at the position of the screen. The shutter is now opened where- 
DN upona real, inverted and illuminated image is 
thrown on the plate. This process of opening 
the shutter for admission of light into the camera 
is technically called ‘exposure’. The duration of 
exposure is judged by the brightness of the 
object to be photographed and by the size of the 
: Opening in the diaphragm. Due to chemical 
Fig. 138 action the part of the plate, on which the image 
is thrown, becomes dark. The plate is covered 
and taken out from the camera box, after which 
itis developed and fixed in darkness with Some chemicals. Finally, 
a copy is obtained on the paper, which is called the positive and 
which corresponds to the object in light and Shade. There is also an 
improved process of Photographing an object in its natural colour. 
This is known as colour photography. 


: 1 
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Principle of Photography—The photographic plate consists of a sheet of glass 
or celluloid plate covered on one side with a gelatinous film mixed with silver 
halide. When light falls on any part of the plate, it acts upon the silver salts, 
Therefore as soon as the exposure is made after focussing an object. the parts 
on the plate occupied by the image are acted on by light. The shutter of the 
slide-carrier is Closed and the enclosed slideis then removed to a dark room. 
The slide is here kept immersed in a chemical solution called the developer, 
when the image gradually appears on the plate, The silver salts in those parts 
affected by light are «educed by 


the developer to a metallic state. P 
Whenthe picture is sufficiently 
revealed, the plate is washed 
very carefully with water so as V Q 


to remove any trace of the 
developer, In order to remove 
the silver salts from the parts 3 
not affected by light, the plate Fig. 139 

is washed in a solution of hypo solution (thiosulphate) called the ‘fixer’, Every 
trace of the hypo is then removed by repeated and careful washing with clear 
water, after which the plate is allowed todry. Itisnow called the ‘negative’, 
as the bright portions of the object appear dark on it and vice versa. A sensitised 
paper, coated similarly as the plate, is placed on the negative being fixed ina 
frame, Light is then allowed to act on the paper through the negative for a 
suitable period, the greater quantity of the light passing through thinner parts 
of the negative. The paper is then developed, fixed in hypo solution, washed 
fully and dried. It is in this way that a photograph is obtained. 


. 69. Human Eye—The human eye is considered as an optical 
instrument, since it partly resembles a photographic camera in 
principle and construction. The vertical section of the eye is 
represented in Fig. 140. It is nearly spherical in shape and can turn 
in its socket over a wide range with the help of muscles called 
Rectus Medialio (RM) and Rectus Lateralis (RL) attached to the 
outer surface of the eyeball. The important parts of the eye are :— 


(1). Sclera (S)—It is called the ‘white’ of the eye, consisting of a 
dense, fibrous and opaque white layer forming the outermost coating 
of the eyeball. The sclera is protective in function. 

(2) Cornea (C)—In the front, the opaque coating changes into 
a transparent layer bulging out a little and is called cornea. 

(3) Iris (D—It is an opaque diaphragm behind the cornea. It 
is differently coloured in different persons and also in persons of 
different countries. It has a central circular opening, called the pupil 
oftheeye. By means of two sets of involuntary muscle fibres the 
iris diaphragm may be contracted or relaxed, so that the pupil may 
be enlarged or diminished in size. 

(4) Crystalline lens (L)—1t is a transparent body of gelatinous 
matter and shaped like a double convex lens, being more curved at 
the back surface. This is held in position immediately behind the 
iris, being attached to the wall of the eye by means of non-contrac- 
tile tissues known as suspensory ligaments. Surrounding this, there 
is a muscular collar in contact with the sclera, being termed the 
ciliary muscles. 

(5) Ciliary Body (CB)—It is a group of muscles holding the 
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crystalline lens in the proper position. These muscles contract or 
relax, thereby altering the thickness of the lens. 

(6) Retina (R)—It is a semi-transparent membrane of nerve 
fibres, forming the innermost coating of the eye and is sensitive to 
light. The retina is formed by the spreading out of the terminals of 


RL 
Fig. 140—Section of Human Eye Fig. 141—Magnified Section of Retina 


the optic nerves, which enter the eye at the back. At about the centre 
of the retina there is a round depressed portion F, yellowish in 
colour, which is extremely sensitive to light and is called the yellow 
Spot, called the fovea centralis, the central region of the yellow spot 
is most sensitive to light. The point, at which the optic nerves enter 
the eye, is insensitive to light and is called the blind spot B. The 
line joining, the centre of the cornea and that of the lens is called 
the optic axis of the eye. 


(7) Choroid (CH)—It is a dark membranous coating just within 
the sclera, This is heavily coated with a black Pigment called 
pigmentum nigrum. 


(8) & (9). Aqueous Humour (AH) and Vitreous Humour (VH)— 

he space inside the eyeball between the crystalline lens and the 

Cornea is filled with a watery fluid known as the aqueous humour and 

that behind the lens is filled with another transparent gelatinous mass 
known as the vitreous humour. 


Structure of Retinal Layer— The structure of the retinal layer is 
represented in Fig. 141. Iisthe surface of a layer of connective 
tissues which are in contact with the vitreous humour. The optic 
nerve, which enters the cye, gives rise to the nerve filaments n. These 
Spread out through the layer just beneath the surface layer of connec- 
tive tissues and end in (ganglion) cells K, which then change into a 
network of nerve tissues Thence the nerve filaments having 
nucleated swellings S pass transversely through the retina and come 
out of the other surface J of the layer of connective: tissues. Here 
they become continuous with a number of small cylindrical and 
conical bodies r and c respectively known as rods and cones. These 
are packed closely together side by side. The rods and the cones 
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appear to be the ultimate organs of sight. The rods are found to 
be more sensitive to light than the cones are ; but the latter play the 
most important part in recognising the colours and details of an 
object distinctly. It has been found that the yellow spot is densely 
packed with cones and that this accounts for the clearest vision of 
an object when its image is cast on the yellow spot. 


Action of the eye—The cornea the aqueous humour, the crys- 
talline lens and the vitreous humour together form a convergent lens 
system which produces a real, inverted and diminished image of an 
external object on the retina. The retina, being thus excited, sends 
the impression to the brain by means of optic nerves. The black 
pigment in the choroid coat prevents any internal reflection. The 
iris acts as an adjustable stop and regulates the amount of light to 
be edmitted into the eye. The action of all the convergent lens 
systems of the eye may be considered to be equivalent to that of a 
single lens of a higher power. An eye, represented by such a single 
lens, is called reduced eye. 

Accommodation—When an observation is made with no strain, 
anormal eye can see an object at infinity. This means that in a 
state of relaxation a normal eye can on the retina focus objects 
atan infinite distance. Figure 142 shows how by the crystalline lens 
parallel rays are focused on the retina of a normal reduced eye. 
When a nearer object is looked at, the image has a tendency to be 
formed behind the retina; but the ciliary muscles automatically 
contract and pull the choroid coat in front. The ligaments, which 
are connected with the choroid, thus become loose and the surface, 
specially the anterior surface of the lens, becomes more curved. The 
effective focal length is thus' diminished to such an extent that the 


Fig. 142 Fig. 143 


image is now formed on the retina. The process is known as 
accommodation. The crystalline lens of the eye is thus a convex lens 
of adjustable focal length such that for a wide range of the object 
distance the image distance remains the same. 

There is. however, a limit to the power of accommodation which 


would, therefore, cease when the object is brought up to a certain 
minimum distance from the eye. The nearest position, at which a 
small object is distinctly visible, is called the near point. Fig. 143 
shows how by means of accommodation rays from the near point 
are brought to a focus on the retina ofa normal reduced eye. The 
distance of the near point from the eye is called the least distance 
of distinct vision. For a normal eye this distance ranges from 25 cm. 
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to 30 cm. ; it varies with the age of a person, being only 5 to 8 cm. 
for infants. The position, up to which the eye when fully relaxed can 
See, is termed the far point. For a normal eye, it is at infinity ; but 
for a defective eye, it might be any distance. The distance between 
the near point and the far point is termed the range of vision. 


70. Defects of Vision. Spectacles—A normal eyeina state of 
rest can focus parallel rays on the retina (Fig. 144), so that the far 
point for such.an eye is at infinity, the near point being at a distance 
of about 25 cm. (Fig. 143), So by virtue of accommodation this eye 
can see an object distinctly at any position from a very great distance 
up to the nearest point of distinct vision. An eye, which fails- to do 
this, is said to be defective or ametrophic. The two common defects 
of vision are (a) Myopic or Short-sight, and (b) Hypermetropic or 
long-sight. There are two other common defects, namely (c) 
Presbyopia, and (d) Astigmatism. 


(a) Myopia or short-sight—A . myopic eye is known by its 


observer (Fig. 144). This is so, Fig. 144 


too elongated or else the focal length of the reduced eye lens in the 
relaxed state is too short. Hence, for distant vision the eye lens 


the eye, becomes distinct, since the distance falls within a limiting 
range, called the far point of the myopic eye. In Fig. 145, T 
Tepresents the far point with respect the eye. As to near vision, the 
eye with the help of accommodation is able to See distinctly up to 
Some point N; which is closer than the near point N of the normal 
eye. Hence, a myopic eye wouid ordinarily read a book keeping it 
at a distance nearer than the least distance of distinct vision required 
for a normal eye. ‘ 


: The defect can, therefore, be remedied by using spectacles of 
lverging or concave lens of suitable focal length in order to lessen the 


Fig. 145—Far and Near points of a Myopic Eye 
converging power of the eye lens to the required extent. If after ^ 
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refraction through the concave lens L the parallel rays from a very 
distant object appear to diverge from the far point T (Fig. 146) of 
this eye, the eye would consider the distant object to be situated 


Fig. 146— Corrected Myopic Eye 
at T and would, therefore, be able to focus its image distinctly on 
the retina. When placed close to the eye, the lens of the spectacles 
to be used must have its focal length equal to the far point of the 
defective eye. 

Again, when an object is placed at N, the least distance of 
distinct vision for a normal eye, its 
virtual image due to the concave 
lens is formed at N,, so that this is 
the limiting position of the myopic 
eye to see it distinctly (Fig. 147). 
Thus with a concave lens of proper 
power, the myopic can see objects 
Fig. 147 from a very large distance up to the 

least distance of distinct vision. 


(b) Hypermetropia or Jong-sight—A hypermetropic eye is known 
by its inability to see very near objects distinctly. With the eye 


Fig. 148 Fig. 149 " y 
relaxed, parallel rays from a very distant object are brought to focus 
at F (Fig. 148) behind the retina. This is because either the 


R 


Fig. 150 Fig. 151 


eyeball is short or else the focal length of the eye lens becomes too 
tiro But when the object happens to be at a. considerable dis- 
tance, with the help of accommodation its image is thrown on the 
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retina and so there is not much of difficulty of distant vision. As 
the object comes nearer and nearer, the image tends to be formed 
behind the retina but is kept on the retina by the help of accom- 
modation, whose limit is reached before the object reaches the least 
distance of distinct vision. So in this case the near point N, is at 
a greater distance than the near point N for a normal eye (Fig. 
149) Hence there is difficulty about near vision, as the image of 
an object nearer than N, is formed behind the retina (Fig. 150) ; 
80 for near vision the eye lens behaves as too less convergent. 


The defect can, therefore, be remedied by using as spectacles a 
convergent or convex lens of suitable focal length. If the image of 
an object at N be formed at N, by thelensI,, the object can be 
seen distinctly by the eye(Fig. 151). The convex lens, therefore, 
forms a virtual image of the near object. If D be the least distance 
of distinct vision for a normal'eye and d that for the hypermetropic 
eye, the focal length f of the lens of the spectacles to be used is 
given by the relation : 


dod od „(70.1 
fud D EIN 
(e) Presbyopia—As age advances, the power of accommodation 
gradually decreases to such an extent that both the distant as „well 
as the near visions are affected. For the distant vision, rays incident 
onthe eye lens are brought to a focus F behind the retina R much 
like in Fig. 148 ; but in this case, due to loss of accommodation the 
eye fails to throw the image on the retina. As to the near vision, 
rays incident on the eye lens are brought to a focus still farther 
behind as in Fig. 150. The defect is remedied by using a short-focus 
convex for reading purposes and a long-focus one for outside 
movements. The two lenses are often put into the same frame, with 
a half of each, the lower one being meant to view the near objects. 
Lenses so mounted are called bifocal lenses. 


. (d) Astigmatism—An astigmatic eye cannot see with same 
distinctness the horizontal and vertical lines at the same distance, 
For example, looking at a large wall map, lines indicating the 
latitude and longitude may not be seen equally clearly ; or, there 
may be some difficulty in clearly reading or observing a cinema 
picture. The defect is often due to unequal curvatures of the 
vertical and horizontal section of the cornea or the retina. This 
defect is remedied by using cylindrical lenses. In all cases the defect 
may differ in degree in the two eyes. Sometime: astigmatism may be 
combined with myopia or hypermetropia. Sucha combined defect 
is tested individualiy and then a combination of spherical and 
cylindrical lenses are prescribed. Such combined lenses are called 
sphero: cylindrical glasses. 


Examples : 


1. A short-sighted person cannot see an object where distance is greater 
than 25 inches from his eyes. Find the power of the lens he must use to se- 
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clearly very distant objects. What will be the distance of the nearest object 
he can see while wearing the lenses, if he cannot see with naked eyes near than 
5 inches from his eyes ? [Utkal U.—1962) 
Ans, When an object is placed at a very large distance praticallo at infinity 
the person must use a lens such that the image of this object is formed on the 
same side at a distance of 25 inches from the leus in order to enable him to see 
theimage. The lens required is a concave lens of focal length 25 inches. 


Now 25 in.—(25X 2:54) cm,=63'5 cm. 
Hence expressed in dioptres, the power= E D2—1r57D. 


While wearing these glasses, the nearest object he would be able to see will 
be that whose image would be formed at a distance of 5 in. from the lenses 
supposed to be very near the eyes. In this case v—5 in. and f=25 in. 


Henced—i A whence u=6'25, Thus the required distance is 6'25 in. 


2. A long-sighted person, whose nearest distance of distinct vision is 50 cm, 
finds that this distance is reduced to 20 cm. by using spectacles. Find the nature 
and focal length of the lens used. (P, U.—1920] 

Aus. An object placed ata distance of 50 cm. will, by the nature ofthe 
problem have its image a} a distance of 50 cm. from the eyes, This is the least 
distance of distinct vision. This 220 cm. and v D-50cm. Therefore, if the 
focal length of the lens used be f cm., 

3.1.01 4 AV. 1 2210 441 
yit bri n p idee fmc rg 

Thus the lens is of focal length 333 cms. and is convex. s 

3. A short-sighted man can read printed matter distinctly when it is held at 
15m. from his eyes. Find the focal length the lens which he must use, if he 
wishes to read with ease a book at a distance of 60 cm. from his eyes, 

( C. U.-1956 ; Del. H. $.—1962) 


Ans. Evidently when the object distance u equals 60 cm, the image distance 
v equals 15 cm, on the same side as the object, Hence both have positive 
algebraic signs, 
Now from the general equation for a lens. 
1 l.l l whence f=20 
yu or -y7i5-8) " f 
Thus the lens is of focal length 20 cms. and is concave, 
4. "A person cannot see distinctly object near than 90 cm. from his eye, If 
he wants to read print held 30 cm, away from his eyes, find the lens he should 


use and find the focal length, 3 E peice 
Ans, The person has got to use a type of lens. by w ich an object being 
De ata ee of 30 cm. from the lens, the image isformed 90 cm, away 
from the lens on the same side. Let the focal length of the lens be f, From the 
general formula for the lens we have 


ge oe ee ! Tw 
17279039 whence f= —45. 
Hence it is a convex lens of focal length 45 cm. j 
71. Binocular Vision—When we look at a near object, the 
axis of both the eyes are directed towards the object. The ND 
of the object is formed on the corresponding part of the retina o 
each eye and the two impressions are united in the brain to sive the 
idea ofa single objèct. As the two eyes view the object from 
slightly different angles, the two impressions are not patie re 
so that the right eye sees a little more at the right-hand side o 
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the object. The effort to blend in the brain these two slightly 
different images into one gives us the sensation of depth or solidity 
of the object. 

Fig. 152 shows the individual impression of a cube in each of the 
two eyes. Note that a little of the left 
edge is seen when the left eye alone is 
used. Again, a little of the right edge is 
viewed by the right eye only. But when , 
both the eyes are used, a relief appearance 
of the cube is perceived, giving the idea of i 
its thickness. The simultaneous use of two Fig. 152 
eyes to view an object is called a binocular vision. The effect ofthe 
binocular vision may be tested in the following way. Fix up two 
hair pins vertically, one at a distance of, say, 5 feet and the other at 
a distance of 6 feet. Now, with one eye closed, look at them from a 
direction, so that they appear almost side by side. Then try to 
judge which pin is nearer you. It may be very difficult, if not 
impossible, to arrive at any conclusion, unless you open the other 
eye. Thisexplains why it is very difficult to thread a needle with 
one eye closed. 

Stereoscope—The principle of binocular vision is utilised in the 
construction of a stereoscope. This is a wooden box divided into two 
compartments by a partition (Fig. 154). The photographs A and B 
of the same object are taken by a double camera having two 
objectives side by side at an average distance between the two eyes. 
The two pictures are correctly mounted on card-board which is 
then introduced into the stereoscope. Two eye-pieces are fitted at 
a distance equal to that between the eyes. On looking through the 
eye-pieces a picture in relief is observed. The paths of rays, by 
which the stereoscopic images are combined into one, are shown in 
Fig, 153. The lenses L and L’ are so arranged as to give images of 
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Fig. 153 Fig. 154—Stereoscope 


corresponding points P and P, inthe two photographs and these 
images appear to combine into a single image at P. This gives the 
impression of an object in relief, i.e., of an object as actually seen. 


ART, 72 OPTIOAL INSTRUMENTS 129 


72. Comparison between the Eye and a Photographic Camera— 
The construction and action of an eye and a photographic camera 
may be compared from the following points :— 

Camera— 

. 1. A light-tight box, painted black inside, is used to prevent any 
internal scattering of light. 

. 2 On the screen a converging lens system produces a real, 
inverted and diminished image of an external object, the distance 
between the lens and the screen being altered as required. 

3. The image is formed on a sensitised plate which being 
developed retains the impression. X 

4. There is an adjustable disphragm or a stop in order to 
regulate the amount of light to be admitted. 

5. A shutter is used to regulate the time of exposure. 


Eye— 

1. The eyeball is covered by an opaque coat (the sclera) and is 
lined inside wlth the choroid which is heavily charged with black 
pigment. 

2. The cornea, aqueous humour, crystalline lens and vitreous 
humour together constitute a convergent system producing a real, 
inverted and diminished image of an external object. The focal 
length of the lens is altered by the process of accommodation. 

3. The image is formed on the retina whence the impression is 
carried to the brain by the optic nerves. 

4. The size of the pupil of the eye is changed by the automatic 
action of the iris whereby the admitted light is regulated. 

5. For any length of time the eyelids can shut out or admit 
light. 
73. Projection Lantern—This is an apparatus, by means of 
which a magnified image of a transparent object (such as a photogra- 
phic slide or film or a drawing on glass) is projected on a screen so 
as to be exhibited to a large gathering. -The important parts of the 
instrument are five in number : 

(1) A very powerful source S placed within a closed box (Fig. 
155)—It is usually a carbon arc lamp or any other lamp of sufficient 
illumination. When electric light is not available, lime-light or a 
strong acetylene burner is used. In order to concentrate light at 
the front the source has a suitable reflector at the back. 

(2) Condensing lens system C—This is usually a combination of 
two plano-convex lenses separated by a fixed distance and with their 
plane faces turned outwards. 

(3) Slide carrier B—This is a wooden or metallic framework 
in which a s/ide or drawing is placed upside down. i 

(4) Focussing lens system F—It is usually a combination of two 
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i iti be altered by 
lenses forming a convergent system whose position may 
an adjustable screw. The combination is so made that curvature, 


Fig. 155— Projection Lantern 


distortion or coloration. effect of the image are reduced to a 
minimum. 

(5) Projection screen—It is an opaque screen placed at some 
distance away in front of the lantern. On it is focussed a large erect 
image of the inverted object. 


Action—The diverging rays from the lamp are collected iby the 
condenser and concentrated by it on the slide so as to illuminate it 
strongly. Placed a little beyond the principal focus of the lens 
system F, the illuminated slide now acts as the object. Proceeding 
from the object, the rays pass through the focussing lens. An 
inverted and magnified image of the slide is formed on the screen N, 
the image being most distinctly focussed by altering the position of 
the lens system F by the adjusting screw. Since it is most conve- 
nient to study an erect image on a screen, for projection in its 
career the slide is placed in an inverted position. 


74. Epi-diascope—The apparatus consists of an arrangement 
for projecting images of opaque objects on the screen, such as 
drawings, maps, pictures, etc. Backed by a suitable reflector M,, 
light from a very powerful source L (Fig. 156) is passed through a 
condenser C; on an opaque object PQ placed on a horizontal bed. 
The object now acts as a source, whence the light travels upwards 
and passes through the focussing lens System O, placed vertically 
above the object at a distance slightly greater than the focal length 
ofthelens. The transmitted light falls thereafter on a plane mirror 
Mg inclined at an angle of 45? to the vertical, when it is reflected 
on a screen S, on which a magnified image pq of the object is 
projected. As a considerable amount of the light incident on the 
object PQ is absorbed and as only a small portion gets scattered, the 
image formed is rather faint. To keep off stray light the object and 
the mirrors must be carefully covered. 


Iu an epidiascope there is also an arrangement for projecting 
ordinarily lantern slides, for which there are the condensing lens 


^ 
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System C, and the focussing lens system O,. In this case the source 


we wn aaa $9 


T 


0, 


Fig. 156—Epidiascope 


of light with the condenser and the reflector may be turned with a 
hàndle so as to face the condenser C, (shown by the dotted part). 


Example : 
A cinema lantern at one end ofa 60 feet hall is required to project ona 
screen at the other end a 15’ x15’ picture from the section of film 1" x1". Give 


the nature and the focal length of the objective required. 
[P. U.— 1967 : U. P. B.—1968 ; C, U.—1958) 


Ans, With usual notations and terms we have 
I v 15x12 60% 12, Gente iah, 


m===-, or 
Ou 1 
Thus the distance of film from the lens=4 ins. 


Asthe image is real, rati; 74- whence the required focal length f is 


3:98 inches. 

75. Persistence of Vision—When an impression is formed on 
the retina, the sensation of sight is excited. But when the incident 
light is cut off, this sensation does not die out instantaneously but it 
persists for about j'sth of a second after the removal of light. This 
is known as persistence of vision. Hence if more than ten impres- 
sions per second be made on the retina, the eye would not be able to 
identify them separately and the idea ofa continuous impression is 
formed. The blades of a revolving electric fan give the impression of 
a rotating disc and the glowing end of a stick rotated rapidly gives 
the idea of a continuous bright circle. The principle has been utilised 
in cinematography. "d 

76. Cinematograph—It is a machine for the projection of 
moving pictures. The working of a cinematograph depends upon 
the phenomenon of persistence of vision. 
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Figure 156 represents a camera of a special device (motion picture 
camera), by which a series of instantaneous photographs of a moving 
object or continuous events is taken on a sensitised transparent 
celluloid film. L stands for the camera lens by which the object to 
be photographed is focussed. The film ribbon F, on which series of 
photographs are to be taken, is originally rolled within a light-tight 
reel box B. Thence it loosely passes into the camera-box through a 
system of rollers called 
sprockets and enters into a 
flat chamber P, which 
forms the focal plane of 
the camera lens. Thence 
the ribbon passes through 
the lower sprockets into 
another reel box D, where 
it is again rolled. The two 
spools and the sprockets 
are so synchronised that 
when the camera is oper- 
ated the ribbon is contin- 
uously let loose from the 
box B and it is coiled in 
the box D. But while the 
ribbon passes across the 
chamber, it is moved in 
steps in the focal plane of 
the camera lens, theperiod 
of rest being about „pth Fig. 156- Motion Picture Camera 
second and the pull being effected in about tooth second. During 
the period of rest one Photograph is taken, whereas during the 
period of pull the camera lens is covered so as to cut off light. 
Thus about 15 or 16 photographs are taken Per second. Thefilm. is 
then developed and fixed. On an identical film a ‘positive’ is then 


prepared. This is the actual film roll that is projected for the 
cinegoers to view. 


Ina sound-recording film, there is an additional 
the sounds in one microphone or more. 


As in an optical lantern, the apparatus for 
a strong light in the lamp house, usual! 
reflector at its back, a lens System for conde 
and the projecting ‘objective’. The film A i 
box B (Fig. 157) whence it is drawn by 
50 that each picture of the film is jerked, one after another by 


rs 
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some mechanism into a position just exactly before the gate aperture 
G, through which light passes on to the projecting lens and then 
falls on the screen. Each jerk moves the film through a distance 
equal to the height of a pictüre. Each picture is kept stationary in 
this position for about yoth of a second and is followed by the 
successive one after brief 
dark interval ofabout z;th 
second, whilethe lower por- 
tion of the film is wound 
upon the reel box B’. Dur- 
ing the interval between 
two consecutive pictures, 
light in cut off by means 
of a rotating shutter ‘Sh’ 
(shown separately). 


In order that the film may 
be fed regularly through 
the machine, the sides are 
perforated, the perfora- 
tionin question beingnow 
standardised. Thesprocket v 
wheels (or drums) S, and 1 INA, 
S, have teeth similarly 5 \ 
pitched, which engage the 
film perforations and cor- 
trol the intermittent mo- 
tions of the film. The stea- 
diness of the picture on 
oh MR ee we Led Fig. 157—Design of a Cinematograph Projector . 
regularity and accuracy of the preforations and the teeth. The film 
is pulled by an intermittent sprocket. In order thatthe film may 
not break owing to tension, loops are provided at K and L, the 
length of neither of which must be less than that of one picture. 
There is an arrangement for adjusting the film, so that each 
individual picture lies correctly in the boundaries of the aperture 
and is thrown centrally on the screen. 

Now as each picture is projected on the screen, it stays there 
for about gsth second, speedily passes off and is followed by another. 
Thereby no less than 16 pictures are released per second in the 
order in which they were at first taken. As the pictures follow 
one another very rapidly, owing to persistence of vision the impres- 
sion due to any of the pictures does not die before the next is 
formed. The impression due to successive pictures thus practically 
overlap and give an idea of a continuity, so that the whole series of 
events appear to be reproduced, as if on the screen. 

The sound-reproducing machine of a cinema projector consists ofa small 


eletric lamp burning with a constant intensity. A narrow beam from this lamp 
is made to pass through the edge of the film containing the sound photograph. 
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Thus asthe film is made to pass continuously across the beam, the dark band 
absorbs light, while the transparent beam transmits light. Asa result there is 
a periodic fluctuation of the transmitted beam. The fluctuating beam is projec- 
ted on a photo-electric cell which sends a periodic electric current. This 
periodic current is amplified by means of electronic valves and sent through a 
number of loudspeakers arranged just behind the cinema screen. 

77. Compound Microscope—The microscope is an optical 
instrument to produce a magnified image of a small object. The 
principle of action of the instrument may be explained by two convex 
lens systems O and E (Fig. 158), placed coaxially within two sliding 
tubes ata distance from each other. Turned towards the object, 
the lens O. is called the objective. It is of a very short focal length 
and ofa small aperture, It is fitted in a tube screwed to the main 
tube. Thelens E, through which observation is made is called the 
eye-piece. It is of large focal length and of an aperture wider than 
the objective. It is fitted in a draw-tube which can slide within 
the main tube, whereby the distance between the two lenses can be 
altered. The microscope tube as a whole can be raised or lowered 
by a side screw S4. Actually, the objective lens is a combination of 
a number of lenses making the combination a coverging System ofa 
very short focalléngth. The purpose of so many lenses is to correct 
the image for coloration and distortion. 

The object to be viewed is placed on an well lighted platform and 
the height of the microscope is suitably adjusted till a very clear and 
magnified image is observed. The eye-piece also is a combination of 
two convex lenses separated a little distance in air. 

Aotion—Let an object PQ be placed on the principal axis OC 
just beyond the focal length OF of the objective O (Fig. 159). Consi- 
der two rays PA and PO, one parallel to the principal axis and the 
other passing through the optical centre O of the objective. After 
refraction these two rays meet actually at a point P, and the other 
side of the objective. Thereby the real image of the point P is 
formed at P,. Consequently P,Q,, which is drawn perpendicular 

T to the principal axis, is the real image 
of the object PQ formed by the micro- 
Scope objective. 


The eye-piece is placed in such 
a position that an image PQ; 
due tothe objective now falls just 
within the focal length of the eye 
piece, and the final image PQ, which 
is virtual, magnified and inverted with 
respect to the object, is formed at the 
least distance of distinct vision with 
the eye placed close behind the eye- 
piece. To get the final image P,Q4 
due to the eye-piece take two rays, 
one of which P,B is parallel to the 
principal. axis and the other PG 
Fig. 158 passing through the optical centre C 
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of the eye-piece. The two refracted rays are found to meet on the 
same side of the eye-piece at Pz, thereby producing virtual image. 
Hence P,Q; is the final image of PQ. If the eye is kept relaxed so 
as to focus parallel rays, P.Q would be at the focal plane of 
"s eye-piece. In that case the final image P,Q. would be formed at 
infinity. 

To find the actual cone of rays from any point of the object 
reaching the eye, place the eye in a suitable position very near the 
eye-piece. To see the point Pa of the final image, we note that 
the cone of rays proceeding to the eye would by limited by ST and 


(CEST NE: 


m...- M 


N 
i) 


Fig. 159 —Principle of Magnification in a Microscope 
NV. These two rays must have proceeded from P, which is the 
real image of P. Join P,S and P,N and produce them to meet the 
objective at M and R respectively. Rays MP, and RP, must have 
started from the point of P of the object. Join MP and RP. Hence 
limited by PM and PR by refraction through the combination, a cone 
-of rays from the point P of the object reaches the eye placed at that 
osition. : - 
4 Magnification—The magnification of the final image takes place in 
two instalments, first by the objective and then by the eye-piece. 
the magnification produced by the instrument be m, we find (Fig-157) 


m PaQs _ PQs xQ 

PQ PO ^ PQ 
Let the object distance QO from the objective be u, and the 
corresponding image distance OQ, be v. The magnification M, by the 
objective is then given by 
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By geometry PQ—AO. From similar triangles AOF and QPF 


z PRO ROEE ZI where T is called the optical 
NR BARN SET EDT OEE : 


tube length. 


In an actual microscope, distance OF is about one centimetre or 
less. The point Q, is also Very near the eye-piece. So distance FQ 
is almost equal to the length. of microscope tube. So is the name 
Optical Tube Length. 


Fig. 160—Path of Rays through a Microscope 


The eye-piece merely acts as simple magnifier producing a magni- 
D 
fication given by m-pigtei4-P, 


where D is the least distance of distinct vision, and f, the focal length 
of the eye-piece. 

Hence mm, Xm, (1. P ; STA) 

o 
When obserysd with relaxed eye, the magnification of the eye- 
P TD ) à 

piece is D/f,. Thus m= Tels (77.2) 

Equation (77.1) shows that m increases, : 

(i) when f, is small, which means that the focal length of the 
objective should be small, 

or (ii) when f, is small, i.e., when the focal length of the eye-piece 
is ‘small, and (ili) when T is large. This requires the ‘tube length’ 
to be large. In other words, the objective and the _€ye-piece should 
be separated as far as practicable. 

In an actual adjustment of a microscope the image is formed 
symmetrically in the fie’d of view and the eye is so placed as to view 
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through the central portion of the eye-pieces as shown in Fig.160. For 
simplicity of drawing, Fig. 159 is given. In 
a microscope both thc objective and the 
€ye-piece consist of a combination of lenses. 
Such combination minimises theappearance 
of colour and distortion in the highly 
magnified image, Fig. 161 shows a micros- 
cope of high magnification. The objective O 
and the eye-piece lenses E are enclosed in 
two coaxial brass tubes fitted with each 
other. Hence one can be drawn out of the 
other. On increasing tube length the 
magnification of the instrument may be 
increased. For the purpose of placing the 
Object to be magnified a metal plate S, 
called the stage, is rigidly fixed in Bont of 
the objective. A mirror M at the base 
reflects light on the object so as to 
illuminate it when placed on a glass-slide 
onthestage. There are two or sometimes 
three, objectives of various magnifications, 
which may be used alternatively with the 
eye-piece. The diagram shows a microscope 
j provided with two objectives, For the 
Fig. 161 requisite focussing of the instrument a 
rack-and-pinion R is provided. 


Examples : 

1, Ifthe focal lengths of the objective and the eye-piece ofa microscope 
are 2 cm. and 5 cm, respectively and the distance between them is 20 cm., what 
is the distance of the object from the objective when the image seen by the eye is 
25 cm. from the eye-piece ? y 

Ans. In order to form a final virtual image ata distance of 25 cm, (*»;, 
say) from the eye-piece, the real image of the object due to the objective serves 
as the object before the eye-piece, Take the focal length of the eye-piece to be 
—5 cm. and let the distance of the real image from the eye-piece be», cm, 
Then the general equation gives 

CEN ce UE a i 
ae Pot 5 91 a 25" whence n, gem 
The distance between the lenses being 20 cm. ; the distance of the real image 


from the objective is- (20-2) om.= 93 cm,—the real image distance from the 


objective=y, say (to be taken negatively this time). If the object distance from 
the objective of focal length F=—2 cm. be u cm., we derive from the general 
equation that E 5 is: 
15. 12-4 90 1700 285- -229 
35-u7 8:9 ,797957 199 9. "7229. 
The distance is thus 229 cms. 
2. The focal length of the object glass of a microscope is halfan inch, and 
that of the eye-piece is 1inch. Taking the least distance of distinct vision to be 
12 inches, find the distance between the object glassand the eye-piece, when 
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the object viewed is a of an inch from the object glass. Find the magnification 
of the instrument. [Del. H. S.—1962] 


Ans. Since the objective produces a real image, and u-2 in, and Tar inch, 
the object and image distance relation gives 


13-2, whence v=image distance from the objective—3 inch. 


The final image is virtual in nature. Let the object -distance from the eye- 
piece be u, inches. Then 

1 whence wale, inch 

12 4 11 


/. the required distance between the objective and the eye-piece=p-+u,= 
GH) is. 223 in. 
Again, the magnification of the objective" 2x 22, 


and magnification of the eyepiece=1+P -1+7 =13. 
. 1 


the desired overall magnification (1+2)=2x13=26. 

78. Astronomical Telescope—It is used to produce a magnified 
and distinct image of a very distant object. The apparatus, in 
principle, consists of two convex lenses (Fig. 162) placed coaxially 
within a tube of variable length. Turned towards the object, the 
lens O is termed the objective and is ofa long focal length and of 
wide aperture. It is fixed with a collar which is screwed at one end 
of the main tube. The lens O', through which observation is made, 
is called eye-piece. It is of short focal length and is fixed within a 
using tube, whereby the distance between the two lenses can be 
altered, _ 

Action—From any point of a very distant object, the rays may 
be taken to constitute a parallel pencil. Let a system of parallel 
rays PP from the topmost position of the object be incident on the 
objective lens and make a small angle with the axis of the telescope. 
Of this group the ray passing through the optical centre of the 
objective goes undeviated ; let it meet the focal plane of the objective 
atthe point p. Hence, the point p would be the image of the top of 
the object. If, again, the bottom of the object be supposed to touch 
the prolongation of the axis OO' of the telescope, the image also 
would touch the axis. Hence ifa line is taken perpendicular to the 
telescopic axis, it would be the image of the object. So in front of the - 
eyepiece the objective forms a real, inverted and diminished image pq 
at its focal plane. When the telescope is adjusted for normal vision, 
the eye-piece is so placed as to have the image pq at its focal 
plane, so that after refraction through L' O' the rays from the 
point p of pq emerge parallel to pO’ and the final image is formed at 
infinity. Hence placed just behind the eye-piece, a relaxed eye can 
easily see a magnified virtual image which is inverted with respect to 
the object. The distance between the two lenses is now equal to the 
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sum of their focal lengths and i i 
pana gt the telescope is said to be focussed 
In actual practice, however, for more distinct vision the eye 
prefers tohave the , 
final image formed 
at the least distace 
of distinct vision. 
The eye-piece is . 
= then pushed a little 
insideto the requir- 
ed extent, so that 
the image pq due 
to the objective 
Fig. 162—Principle of an Astronomical Telescope a ou ben] 
of the eye-piece and the final image pq’, which is;virtual, magnified 
and inverted with respect to the object, is formed at the least distance 
of distinct vision. 
Magnification—The magnif ying power or angular magnification of 
a telescope is given by the ratio of the visual angle subtended at the 
eye by the image to that subtended at the eye by the object. As the 
length of the telescope is negligible in comparison with the distance 
of the object, the angle subtended by the object at the eye may be 
taken to be equal that subtended at O, the centre of the objective. 


Hence, the magnification is given by 
pO'q _pO’q _tan pO'd all the angles being supposed small, 


m= SS Se 
—pg/O'"g _O9 (78.1) 
palog O'g beh 
When the telescope is focussed for infinity, Og —F, the focal length 
of the objective ; also O'g—f, the focal length of the eye-piece. 


.. (182) 


y F 
In this case m—- 
if: 


sed at the least distance of distinct 


When the final image is focus i 
q before the eyepiece is obtained 


vision D, then object distance oO’ 
from the relation. 


1 1 1 I rb 
— = whence og” JD 


D O c e 
<. magnification m= Qu E M (78,3) 


So the image focussed at a distance D will have a slightly larger 


magnification then when focussed for relaxed eye. 

When the telescope is focussed for an object on the earth’s surface 
at a distance u from the telescope whose objective focal length is F, 
then the image distance vis given by the equation, 
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Bek 1 Fu y 
E ee Se rosea ier een 
$75 F or, Y u—F Then according to equ (78.1) 


Oq _W(f+D) _ Fu(F+D) es (084) 
Oq fD  fDb(w—F) 


50 magnification for least distance of distinct vision becom:s 
still larger. 


magnificntion m= 


Hence, for a large magnification an astronomical telescope must 
have an objective of large focal length and an eye-piece of short focal 
length. 


In some astronomical telescopes cross-wires are fitted. These consist of two 
spider lines of very fine fibres fixed in a metal ring at right angles to each other 
and perpendicular to the axis of the instrument, so that the point of intersection 
lies on the axis. The cross-wires are located 
atthe place, where the image due to the 
objective is formed, so that without any 
parallax the cross-wires and the final image 
are seen simultaneously. 

Powerful telescopes are provided 
with an objective of large diameter 
or aperture so as to collect as much 
light as is possible from the object. In 
order to avoid the chromatic error in 
the magnified image formed by a tele- 
Scope, the objective is usually made 
of combination of two lenses placed in 
Contact,—one being a convex, and the 
other a concave lens of differen: kinds 
of glass, The combination is also so 
constructed that with the aid of the 
eye-piece, the final image, which is 
formed is free from the defect of the 
image known as spherical aberration. 

Fig. 163 represents as astronomical Fig. 163— 
telescope fitted on a stand T. The Astronomical Telescope 
tube is capable of being rotated about a vertical as well as a 
horizontal axis at the point H, so that the telescope can be set along. 
and direction. The focussing screw is S. To facilitate the focussing 
of a distant object a small telescope E with a larger field of view is 
p parallel to the bigger one. The attachment is called a view- 

nder. 


79. Terrestrial Telescope—Since in an astronomical telescope- 
the final image is always inverted with respect to the object, it is not 
always suitable for observation of objects lying near or on the earth's 
surface. A terrestrial telescope is one in which an erect image is. 
produced with a combination of lenses called an erecting eye-piece. 


Due to the objective O a real and inverted image P4 of a distant 
object is produced (Fig. 164). A convex lens O, is placed between 
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the objective and the eye-piece O;, such that the distance of pq from 
O, is equal to twice the focal length of this lens. A real image mn is 
formed of the same size as pq at the same distance on the other side 
of the lens O, ; mn is inverted with respect to pq but erect with 
respect to the object. The lens O, is known as the erecting lens, 
For normal vision the eye-piece O% is so adjusted that the image mn 
lies in the focal plane of the eye-piece, so that the emergent beam is 
parallel. A virtual and magnified image is formed at infinity. In 
practice, the eye-piece is pushed inside to the required extent, so that 
mn falls within its focal length, while a virtual, magnified and erect 
image P,O is formed at the least distance of distinct vision. 


Fig. 164—Principle of a Terrestrial Telescope 


It is evident that the erecting lens O, introduces no magnifica- 
tion in pq but simply gets it erect with respect to object. Of thls 
form of telescope the disadvantage lies in the fact that by the use of 
the erecting lens the length of the telescope is increased a bit. The 
magnification terms when focussed for infinity or at the least distance 
of distinct vision, are the same as those for an astronomical 
telescope. 


Examples : 

i. An. Astronomical Telescope having a magnifying power of 8 consists of 
two thin lenses, 18 inches apart, Find the focal lengths of the lenses. 

[Del. S. H. —1953) 

Ans. For normal vision the image of a ‘distinct object is to be formed at 
the focal plane of the eye-piece. When adjusted for normal vision, the distance 
between the objective and the eye-piece is=F+f=18 inches and its magnifying 
power is F/f=8. 

Solving the two equations, we get f=2 and F—16. 

Thus the desired focal lengths are 2 in, and 16 in. 

2. Show the possible arrangements, using some or all the three convex lenses 
of focal lengths 100 cm., 25 cm. and 5cm. for constructing (i) an astronomical 
telescope, and (ii) a terrestrial telescope. What isthe magnifying power in 
each case ? [Raj. U.—1951] 

Ans. An astronomical telescope is, in principle, made of two convex lenses, 
the objective having a focal length larger than that of the eye-piece. Conse- 
quently, by combining any two of the three lenses, three telescope may be 
formed, the magnification in each case being the ratio of the focal length of the 
objective to that of the eye-piece. Thus three cases crop up: 

G) f=100 cm. as objective and f=25 cm. as eye-piece having an angular . 
magnification 4; (ii) f=100 cm. as objective and f>5 cm. as eye-piece having 
an angular magnification 20; (iii) f=25 cm. as objective and f=5 cm, as eye- 
piece having an angular magnification 5. 
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In a terrestrial telescope an extra convex lensis required, the purpose of 
which is to erect the image, so that for any combination of an astronomical 
pattern, the third lens might be used as the erecting eye-piecz. So from theo- 
retical principles the possible number of terrestrial telescopes is also three, But, 
in practice, to make the telescope compact, the focal length 100 should be the 
objective, the focal length 20 should the eye-piece and the focal length 5 
should be the erecting lens placed between the objective and the eye-piece. The 
erecting eye-piece has nothing to do with magnification. Hence from a practicai 
point of view, the magnification of this terrestrial telescope is 5. 

3. This distance between the object glass and the eye-piece of an astronomi- 
cal telescope in normal adjustment is 105 cm. and the magnification is found to 
be 20. If the eye-piece is pulled out through a distance of 5 cm. to focusona 
near object, how far away is the object in this case ? 

[Mad. U.—1948 ; And. U.—1952] 

Ans, In normal adjustment the magnifying power of a telescope is given by 

focal length of the objective E 55 whence F=20f. 
focal length of the eye-piece f 

Also the optical lenglh of the telescope=(F+/) cm.=105 cm. 

whence F=100 cm, and f—5 cm. 


Since when a near object is focussed, the eye-piece is pulled out by 5 cm., the 
opticallength of the telescope becomes 110 cm. and the image due to the 
objective is formed at a distance of 105 cm. from the objective. In this case 
v=105 cm. and F=100 cm. in the equation of a convex lens. 

Thus h La whence the desired distance u—21 metres 

80. Galilean Telescope—This is the earliest form of telescope 
and is named after its inventor Galileo. To produce an erect image 
Such a telescope is used. The essential parts of the instrument are 
two lenses LO and L'O’ (Fig. 165), placed coxially in a brass tube 
ata distance from each other and serving as the objective and the. 
eye-piece respectively. 

The objective is a convex lens of long focal length and of wide 
aperture, being screwed at one end of the main tube. The eye-piece 
isa concave lens of short focal length and of small aperture. It is 
fitted in a draw-tube which can slide within the main tube, so that 
the distance between the two lenses can be altered. 


Fig. 165—Principle of a Galilean Telescope 


Action—A bundle of parallel rays (PP, say) from one extremity 
of a distant object falls on the objective LO and after transmission 


a 


ART, 80 OPTIOAL INSTRUMENTS 148 


tends to converge to P, on the focal plane of the objective. Thus 
areal inverted and diminished image P,Q, of the distance object 
would have formed on the focal plane of LO ; but before the rays do 
actually converge to a focus, they are intercepted by the eye-piece 
L'O'. For normal vision, the eye-piece is so adjusted that its focal 
plane also coincides with that of the objective, so that in tending 
to converge to any point (say, P,) the rays would after refraction 
through L'O' emerge parallel to P,O'. Here a magnified virtual image — 
isformed at infinity and is seen without any strain by the normal 
eye placed closed behind the eye-piece. This image is inverted with 
respect to P,Q, but erect with respect to the object. The distance 
between the lenses is equal to the difference of their focal lengths. 
Generally, however, the eye-piece is pushed a little inside, 
making O'Q, slightly greater than its focal length, so that for more 
distinct vision the final image P,Q. is formed at the least distance 
of distinct vision from the eye. 
Magnification—When the instrument is focussed for infinity, the 
magnification is given. by 
maL P20 Qs | ZP,0'Q, tan P,O'Q, 
LPOQ ^ZP,0Q, tan P,0Q, 
; _ P,Q, /0'/F; OF, nis 
A TPQ OF, OF f. 
where F and f are the focal lengths of the objective and the eyes 
piece respectively. A Galilean telescope cannot be fitted with cross- 
d wires, since the focal plane of the objective 
is outside the instrument and no real image 
is formed there. It has a smaller field of 
view and a low magnifying power. When 
the eye-piece is adjusted to view the final 
image at the least distonce of distinct vision, 
the angular magnification slightly changes 
according to equ (78,2). 
The ordinary opera glasses or binoculars 
"consist of a pair of Galilean telescopes 
Fig. 166 mounted together with their axes parallel 
so that each can fitan eye of the observer 
(Fig. 166). EandO represent the eye-piece and the object glass 
of each telescope. Sis a screw, by turning which the distance 
between the eye-piece and the objective of each may be altered and 
the necessary focussing of an object may be made. 


Comparison of Astronomical and Galilean Telescopes: 

(a) Points of similarity : 

(i) Both of them are refracting telescopes, so that in both there 
are two lens systems, one forming the objective and the other the 
eye-piece ; the focal length of the former is greater than that of , 
the latter. 

. (ii) In either kind the objective is a convex lens of wide aperture 
and of long focal length. 
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(iii) When focussed for in: 
the cases is F/f. 


finity, the magnifying power in both 


(b) Points of dissimilarity :— : x3 . 
(i) In the astronomical telescope the eye-piece is of converging 
lens, while in the Galilean type the eye-piece is a concave lens. 


(ii) For normal vision the distance between the lenses in the 


former is equal to F+-f, while 


in the latter the distance. is equal to 


F—f; the latter is, therefore, shorter than the former and can be 
more conveniently used. This is distinct advantage enjoyed by 


the Galilean type. 
(iii) The former gives an 


inverted image and may, therefore, be 


used conveniently to view heavenly bodies, while:the latter gives an 
erect image and is, therefore, generally used for viewing terrestrial 


objects. This too is a distinct 


(iv) The magnifying powe 
field of view of the latter type 


advantage of the Galilean form. 


r of the former type is greater while 
is larger. 


(v) In the former type cross-wire can be placed at the common 


focal plane of the objective an 
in the latter. This makes a di 


81. Prism Binoculars—Th 
asina Galilean or ajterrestr 


d the eye-piece. Not so can be done 
stinct advantage of the former. 


e instrument produces an erect image 
ial telescope, but has a wider field of 


view anda large magnifying power. After passing through the 
objective L (Fig. 167) parallel rays from an object fall upon a total 
reflecting prism P, placed with its refracting edge vertical. Parallel 
to their original direction but laterally inverted, the rays emerge 


Fig. 167 


Fig. 167—Prism Binccular 


from P,. These Tays thereafter fall upon another total reflecting 
prism P, placed with its refracting edge horizontal, i.e., at right 
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angles to that of P,. The rays thus emerge parallel to the original 
direction and fall upon an erecting eye-piece L, L’. The optical 
path of the rays is, therefore, thrice lengthened; this indicates that 
the distance between the objective and the eye-picce is increased, 
while the length of the instrument, however, remains the same, Hence 
an objective of longer focal length can be used. Consequently, 
greater magnification is secured. As in such instrument there isa 
pair, one for each eye, andas the total reflecting prisms are essen- 
tial, the instrument is termed a prism binocular. They are also 
known as field glasses (Fig. 168). 

The distance between the eye-piece in the two. tubes is equal to 
the average distance between the eyes. But if the objectives are more 
widely separated, a stereoscopic effect is secured to a. greater degree 
than in the case of an ordinary binocular. 


82. Reflecting Telescope—It was devised by Newton in 1668. 
The objective consists a concave mirror AB (Fig. 169) of a large 
radius of curvature. It is placed at one end of a tube, the open end 
of which is turned towards the distant object. Parallel rays from the 
distant object fall upon the reflector AB and a real, inverted and 
diminished image pg would have formed at the focal plane of the 
objective. But by a small plane mirror G placed at an angle of 45° 
to the axis of the objective, the rays get intercepted and the image is 


Fig. 169—Principle of Reflecting SEPAN 1 
shifted to PQ on one side of the tube and observe y the eye-piece 
L. For sate vision the eye-piece is so adjusted that PQ is formed 
at its focal plane and a greatly magnified image is formed at infinity. 


But, in actuality, the eye-piece is so adjusted that the final image, 
virtual in uve is forded at P,Q, at the least distance of bes. 
vision. A very large reflecting type of telescope is fitted at the 
Mount Wilson Observatory, California, U.S.A. The objective 
aperture has got a diameter of 100 inches. Of a similar kind and 
with a diameter of 200 inches, a still bigger telescope has been 
constructed and is fitted in the observatory at Mount Palomar in 
California. Fora more accurate concentration of incident parallel 
rays modern reflectors are not concave but parabolic in appearance. 
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Advantage of a reflecting telescope over a refracting telescope : 

(a) Forastronomical observation, objectives of large aperture are necessary. 
The purpose is better served by large concave or parabolic mirrors, from which 
the loss of light by reflection is much less than that by refraction through a lens. 
Image is, therefore, brighter in a reflecting telescope than in a refracting one, 

(b) As the rays are not refracted, no error dueto chromatic aberration 
creeps in, so that the image is free from colour. 

(c) When parabolic reflectors are used spherical aberration may be avoided, 
80 that the image is free from distortion. 

(d) Itis rather convenientto obtain a concave mirror than a convex lens 
of the requisite size. 

83. Sextant—This instrument works on the principle of devia- 
tion of the reflected ray on a mirror capable of rotation and is used 
for measuring the angle subtended by two points at the plane of 
observation. The apparatus consists of a telescope T fixed at the 
edge of a circularly graduated framework SS and directed against 
a plane mirror M; which also is rigidly attached to the base (Fig. 
170). One half of this mirror is silvered, and the other half trans- 
parent. Another mirror M, is fixed to the centre of rotation of an 
index arm provided with a pointer or a vernier V. Asthe index 
arm is rotated, the mirror M, rotates by the same amount given 
by the change of position of the vernier on the main scale. 


Fig. 170— Principle of Sextant 

To find the angular separation between two distant point objects, 
say, A and B the instrument is so placed that A is visible in the 
telescope T through the transparent portion of the mirror M,. Line 
ab denotes the ray coming from A directly entering the telescope 
through My. Then rotate the mirror M, with the help of the index 
arm till a bundle of rays of light from A after being reflected succes- 
sively from the mirrors M, and M, enters the telescope. Within the 
field of view of the telescope two images of A are seen at this position. 
By carefully working the vernier, these two images are made to 
coincide. The path of the twice-reflected ray from A is shown by 
debc. The vernier is now read and this is the initial reading. 


Next the index arm is gradually rotated till the image of B 
comes within the field of view and then finally coincides with that 
of A. The ray of light from B, which finds its way into the 
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telescope after being reflected twice at the mirrors, is denoted by: 
gebc. The vernier is then read again. The angular separation 
between A and B, which is the angle g e b, is evidently twice the 
angular rotation of the mirror M,. The difference of the readings- 
of the vernier, which gives the rotation of the mirror M,, is to be 
doubled in order to get the anglesubtended by A and Bat the. 
mirror M,. Consequently, to facilitate a direct reading from the 
circular scale the arm is graduated in half degrees, although: 
markings are made in degrees. The scale actually extend up to 60°. 
This accounts for the name ‘sextant’ given to this instrument. This 
60? scale is divided into 120 divisions, each of which is marked as a 
degree. Such markings are technically called sextant degrees. Sex- 
tants are widely used for measuring the altitude of stars above the 
horizon and hence to find the latitude and longitude of any locality. 


84. Periscope—The instrument is used by an observer in :& 
submarine under water in order to command a view of objects 
above the surface of water. It 
consists of a long water-tight 
vertical bronze tube (Fig. 171) 
having the following parts : 

(a) a small plate glass 
window on one side of the 
top for admission of light 
into the apparatus : 

(b) two right angled total 
reflecting glass prisms : T, at 
the top and T, at the bottom 
of the tube ; 

(c) a system of lenses for- 
ming two telescopes ; (lenses 
L, and L, form one system, 
while L, and L, form 
another) 

and (d) a gearing arrange- 
ment, for rotating the upper 
part of the tube so as to get 
the view from any direction. 

Action—Rays from a' dis- 
tant object say, PQ pu 
through the window fall on ; 
the tere prism T, and get Hip, 111. PotikcoDe 
reflected downwards. After refraction through the upper lens L, these 
rays are brought to focus at pq; which also lies at the focal plane of 
the lens La. The rays, therefore, emerge from L, asa parallel beam 
which falls on the lens Ls; the refracted beam gets totally: 
reflected by the prism T, in a horizontal direction and forms an 
image at Paqa which is inverted with respect to the m ee 
but erect with respect to the object. The eye-piece L, of the 
second telescope is so adjusted that an erect and magnified image is 
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formed at pq. There is a measuring scale attached to the surface 


of one of the lenses, by which the distance of the object may be a| 


estimated. Thus the periscope may well be called the ‘eye’ of the | 
submarine, d 


Example : 

The focal length of the objective and the eye-piece of an astronomical teles- 
cope are 10 in. and 1 in. resrectively, .The telescope is focussed on an object 
5 ft. away from the objective, the final image being formed 10 in. from the eye 
oftheobserver. Calculate the length of the telescope and tke magnification 
produced by it. 

Ans. Let the image distance corresponding to u=5 ft. due to the objective 
of focal length f=—10 inches be v inches. 

Deel 1 
f <_ ——___, _ 

Then we ge 7 5x12^- i0 

Hence the image due to the objective is formed at a distance of 12 in. on 
theotherside of the lens. Let the distance between the objective and e e- oy 
piece be xinches. Therefore the distance of the image, which servesasihe _ 
object before the eye-piece, is (x—12) in. from the the cye-picce of focal length 
lin., its image distance being 10 in. 1 


, Whence v — —12 inches, 


1 1 10 . 
~= l, wh =12—. . 
Hence e 1, whence x 125 inches 
3 TS Er 19^ —1 
Iso the I m fication f the objective —* 7, 
Also the linear magnification m; of the objective 3x1275 


Further the linear magnification mg of tte eye-piece- 10/1311. Therefore 


the resultant linear magnification of the systeme m, xma=11/5=21. 


. 


EXEROISES ON CHAPTER VI 


References 
"Art. 67 ` 1. Explain how a convex lens can be used as a magnifyi 
reading glass, Show that ifthe eyeisclose to the E pP 
image is formed at the least distance of distinct vision D, the 
: object will appear magnified (P+1)times, fbeing the numerical 
focal length of the lens. : 
(B.H.U.—1963 ; Del. U,—1972) 
Art, 67 2. Write a note on simple microscope. (Utk, U.— 1966) 
Art. 67 e A EAE omara of dis'inct vision is25 cm 
s onvex lens of 4 cm. focal length ifyir s. 
Find the magnificat'on he obtains. hee a tee a gian 
Ans. 725. 
Art. 68 4. Describe a photographic camera and explain how you | 


would take a photograph with its help. 
(Del. U.—1968 ; C. U.—1954 ; And. U.—1972) 
Art. 63 5. Write a note on photographic camera, (B.H U.—1950) 
Utk, U.—1971 ; Del. H $.—1972) 


OPTÍOAL INSTRUMENTS 


6. Describe the eye as an optical instrument. What is 
meant by ‘accommodation’ ? (P.U.—1968 ; C.U.—1959) 


7. Compare the human eyeqvith a camera, — (E.P.U.—1970) 


8. What are the two principal defects of vision? Explain 
how they are rectified with the help of spectacles. 
(Del. H S.—1971 ; Gau, U.—1969 ; And. U.—1970; C.U. 
—1956, '58 ; Cf. V.U.—1952, '58; Del. U.—1568; Mad. 
U.— 1951) 
9. Write a note on Short and Long sights. 
(Nag. U.—1971; Cf, P.U.—1961 ; U.P.B.—1973) 


10. A person's near point is 15 inches and far point is 9 ft. 
What spectacles will he require (a) for reading purposes, (b, for 
TRE tels objects ? (Least distance of distinct vision 
—10 in 


Ans. (a) f=—30in. (b) f=9 ft. 
11. A short-sighted person cannotsee clearly beyond 2 metres. 


"Whatisthe power of the correcting lens that will enable him 


to sce the distant objects ? Draw diagram to show the op'ical 
action of his eye with and without spectacles when he is looking 
at a star. (P, U.—1971) 


Ans. 0°5 D. 


12. Find the lens needed by eye whose least distance of 
distinct vision is 8 ft., if a book at a distance of 16 inchesis to be 
read clearly. 


Ans. f--—19:2inches. 


13, Explain what is meant by 'short-sight' and show how 
it may be corrected by means of spectacles. Iilus'rate your 
answer with diagrams. (Utk, U. -1972) 


14. Thenzar point of short-sighted eye is 15 cm, Find the 
power of the lens which will enable the eys to read a book 30 
cm. away. (And, U.—1970) 


Ans, —8'3 D. 
15. Writea note on stereoscope. (Raj. U.—1975 ; 
Utkal U.—1970) 


16. Exp'ain the advantages of a pair of eyes over a single 
eye. 5 A (Pat. U.—1966) 


17. What are the essential parts of a Magic Lantern? State 
the utility of the different parts. 
(And. U.—1971 ; Pat. U.—1972 ; Mad. U.—1969) 


18. Describe the construction and working of any kind of 
projection apparatus. 
1 (Anna. U.—1961 ; C. U.—1962 ; Pat. U.—1973) 

19. What should be the focal length of the field lens of a 
projection lantern, if an image ofa slide magnified 20 times is to 
be thrown ona screen at a distance of 5 metres from the lens ? 

Ans. | 23°8.cm, 

20. Describe the construction of an epidiascope indicating 
the fuaction of its parts. Also trace the course of rays through 
the instrument. (V. U.—1953 ; Pat. U.—19 4) 
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Reference 
Art. 66 


Art. 72 
Art. 70 


Art. 70 


Art. 70 


Art. 70 


Art, 70 


Art, 70 
Art. 70 


Art, 7l 


Art, 71 


Art. 73 
Art. 74 


Art. 74 


Art, 75 


150 


Reference 
Art. 76 


Art, 77 


Art, 77 


Art. 77 


Art. 77 


Art, 73 


"Art, 75 


“Art. 75 


Acts. 
77 & 78 
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lain the principle of a cinematograph. 
tcc ede ip n cl (Raj. U.— 194, E.P.U.—1973) 


22. Describe with a neat,:ke'ch the e'sential parts of a 
compound microscope shcwing the path ofrays through the 
instrument. Obtain an exrres:icn for its magnifying rower. Y 

(Nag. U.— 1969 ; Del.U.—1968. ; C.U —1962 ; And.U.—1971, 
Dac. U.—1962 ; Utkal U.— 1959 ; Del. H. S.—1962 ; Pat. U.— 


1965. '67; Raj. U.—1972, 74; 


23. The distance between the two lenses of a compound 
mierosccpejs 13cm. The fecal lengths of the Objective and the 
eye-piece are 0'5 cm. and 3 cm. respectively. Calculate the 
magnification produced, if the final image is formed (1) at the 
distinct vision=24 cm. and (2) at infinity. 


Ans, (a) 171; (6) 152. 
24. A compound microscope has for its Objective and eye- 


ji 
1952. *64, °75 ; B. H. U.—1953 ; Gau. U.—1971; U.P.B.— . 


| 


piece thin lenses of fccal le: gth 1 cm. and 5 cm. respectively, — 


An object is placed 11 mm. from the objective and the final 
image is 25 cm. from the eye. What is the distance between 
the lenses and the magnification produced ? (Gau. U.—19 1) 


Ans. 15$ em. ; m=60. 


25. The objective and the eye-pieec ofa microscope have 
focal 'engths of 2 cm. ard 4 cm, respectively and are placed 
15cm.apart. If the final imageis situtated 25 cm. from the 
eye-piece, how far must the object be placed in front of tre 
objective ? (Pat. U.—1967) 


Ans, 2:4 cm, 


26. A telescope is formed of two convex lenses cf focal 
lengths 10cm. and 1cm. Ifit is focussed on a scale one metre 
off the objective and if the final image is formed 25 cm. from the 
€ye, calculate the magnification produced, (And. U.—1960) 


2 
Ans. m 2$ 


27. An astronomical telescope is provided with an objective, 
6 in focal tength, and an eye-picce, 2 inches in focal length, 
Find the tube lengths and the Magnifications of the instrument 
when adjusted for normal vision and fcr the least distance of 
distinct vision. (D=10 in.) 


Ans. 6 tt. 2in.:36:6 f 12in.; 438, 


298. Describe some simple form of telescope. Draw a 
diagram showing the Paths of several rays of light through the 
telescore indicating clearly the nature and Position of the 
image formed, ( B. H. U.—1964; C. U.—1954) 


29. Distinguish between the Magnifyirg rower of a tele- 
score and that of a microscope. What is the essential difference 


in te construction ofa telescope anda ccmpound micros” » 


cope? Find an expression for the magnifying power of an 
astronomical telescope, (Nag. U.— 1967) 
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30. A simple astronomical telescope consists of two 2onvex 
lenses of focal length 50 cm. and 5 cm. respectively. Find the 
distance between two lenses when the teleseope is used by a 
normal eye to look at the moon. How much movement of the 
eye-piece would be necessary, ifthe telescope is focussed on 
.an object at a distance of 10 metres from the objective, with- 


out altering the accomodation of the eye ? (Pat. U.—1963)) 
. 312 
Ans. 55cm. : 25 cm. 


31. Itis proposed to project the image of the moon as big 
as 54 inches in diameter with a telescope objective of 14 feet in 
focal length. Given that the angle subtended by the disc of 
the moon at the telescope objective is 15 minute of an arc, 
what type of eye-piece is used and what is the focal length 
aca ne distance between the objective and the screen is 
18 ft. 3in? 


Ans. s inches. 


32. Describea Galilean Telescope and trace the path of 
theraysthrough it when the telescope is directed towards a 
distant object and adjusted for nomal vision. 

(Dac. U.—1972; P,U.—1971; E.P.U.—1963; Gau. 
U.—1973 ; C, U.—1960 ; Del. U.—1973 ; V. U.—1953 ). 


33. Ina Galilean telescope tho focal length of the objective 
is 4 in. and that of the eye-piece is } in. What will be the mag- 
nifying power and also the distance between the objective and 
the eye-piece when focussing a distant object ? 


Ans. m8; d=3} in. 


34, Describe a binocular showing the path of rays through 
it. Why is a binocular a better aid to distant vision that ordi- 


nary telescope ? 
E (B. P. U.—1961 ; Cf. U. P. B.—1967 ; 


35. Explain the principle, and give ditails, of construction 
of a reflecting telescope. What advantages does it possess over 
the refracting type ? (Dac. U.—1972 ; P. U.—1969) 


36. Whatare the advantages ofprism binocular as com- 
pared with field glasses of the Galilean type p (C. U.—1958) 


7. Describe ti inciple and action of Sextant. 
4 eser eo. 01960 1 Del. U.—1973 ; C. U.—1961) 


38. i t Periscope. 
BOW “tk. U.— 1973 ; U. P. B.—1963 ; E. P. U.—1969) 
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Reference 
Art, 78 


Art, 79 


Art. 80 


Art, 80 


Art. 81 


Art. 82 


rts. 
80 & 81 


Art, 83 


Art. 84 


CHAPTER VII 
SPECTROSCOPY 


85. Dispersion—If a narrow beam of white light (for example, 
sun light) be allowed to pass through a glass prism P, the emergent 
beam, when received on a white screen S, would be found not only to 

.be deviated towards the base of the prism but also to be drawn out 
into a coloured band 
RV (Fig. 175). This band 
shows different colours 
of the rainbow ; i.e, it 
begins with violet V at 
one end, passes in order 
through orange (O), in- 
digo (I), blue (B), green 
(G), yellow (Y) and ter- 
minates in red (R) at 
the other. The pheno- 
menon ofdecomposition 

Fig. 175— Dispersion of White Light of light into various 
components is known as dispersion and the coloured band is termed 
a spectrum. When the sun light is decomposed in this way, it is 
called the solar spectrum, The ordcr of the colours in the solar 
Spectrum is easily remembered by the word VIBGYOR. The above 
fact was first demonstrated by Newton in 1676, 


In the solar spectrum there is, in reality, an infinite number of 
tints, each merging by insensible gradations into the next; but, 
in general, the seven principal colours are distinguished by the 
human eye. 


The angle between the incident beam and any emergent coloured 
beam is called the deviation of that colour. It is found that different 
colours of the spectrum are deviated to different extents ; the red has 
got the least deviation and the violet the greatest. Since deviation 
of a beam of light through a prism depends upon the refractive index 
of the material of the prism with respect to that light, the refractive 
index of a medium is the greatest for violet and the least for red 
light. This is sometimes expressed by Saying that different coloured 
rays are of different refrangibilities, the red being the least refrangible 
and the violet the most. It is also seen that the different colours do 
not occupy equal spaces in the spectrum, the violet covering the 
greatest amount of space, and the orange the least. 

86. Elementary Nature of Spectral Colours—That the different 
colours in the solar spectrum are themselves elementary was 
also shown by Newton. A solar spectrum is formed on a card-board 

screen, in which there isa small hole. On moving the screen, light 
of any one colour is allowed to pass through the opening and is 
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refracted by another prism. It is found that the colour is simply 
deviated but has not decomposed any further. 


From the above experiment we may conclude that white light is 
not homogeneous but is composite in character consisting of seven 
principal colours, and which by their simultaneous action produce 
the sensation of white light. Owing to difference in refrangibilities, 
the rolou in passing through a prism are separated from one 
another. 


Colours and Light Waves—Everybody is familiar with the 
motion of ripples on water surface. Each complete ripple consists of 
a raised part known as crest and 
a hollow part known as the 
trough (Fig. 176). When a series 
of such ripples are produced, the 
crests and the troughs of the 
ripple move in a procession with 
the same velocity. The distance < 
between any two consecutive Fig. 176— Transverse waves 
crests or troughs is called the wave-length and is designated by the 
Greek letter À (pronounced as lambda). Just as there might be large 
or small waves on water, light waves of different lengths may be 
generated in a hypothetical medium known as ether. Ether waves 
of different lengths are perceived by the eye as lights of different 
colours. Thus the region of visible radiation may be divided into 
seven sets, each of which corresponds toa particular colour. But, 
in general, the wave lengths of the light are extremely small and 
consequently it is convenient to measure them by a unit known as 
Angstrom Unit which is equal 107° cm, The following table gives 
the nature of the colour of light as perceived and the corresponding 
range of the wave-length in Angstrom Unit (A. U.)* For a detailed 
study of the nature of waves and radiations reader is referred to Art. 
136 (HEAT), Part I. 


Red ... 7800 A. U. to 6400 A. U. | Green 5500 A. U, to 5000 A. U. 
Orange ...6400 ,, to5900 ,, Blue 5000 ,, 104800 ,, 
Yellow ..,5900 ,, to5500 ,, Indigo 4800 ,, to 4500 s 


Violet ... 4500 A, U. to 3800 A. U. 


Above 7800 A. U. ether waves do not produce light but manifest 
themselves as heat waves. This part is called the infrared radiation. 
In a similar way, waves below 3800 A. U. lose visibility and turn into 
what is known as uwltra-violel radiation, characterised by some 
chemical effects. Any radiation consisting of a single wave-length, is 
called a truly monochromatic radiation. 


* For a particular colour the limiting wave-length slightly changes with 
different ec since the colour sensation is not exactly the same d3 s 
persons, For example. same people can follow the violet colour down t ae 
A.U. Again, the sodium lines of wave-lengths between 5890 ALU, to 
A. U. appear yellow to most people but orange to some. 
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87. Recomposition of White Light—The different colours, into 
which white light is dispersed, may be recombined to produce white 
light by any one of the following three arrangements : 


(1) Two prisms P, and P, of the same material and of equal re- 
fracting angles are placed with their refracting edges turned in oppo- 
site directions but parallel to the slit S as shown in Fig. 177. From 
the narrow slit S a pencil of white light falls on an achromatic con- 
yex lens L placed at a distance from S equal to its focal lengths. The 


Fig. 177—Recomposition of White Light 


parallel beam of white light gets refracted through P, and undergoes 
dispersion ; the dispersed light then passes through P, and comes 
out as a parallel pencil. Received on a screen, this light is found to 
be white again. Thus the second prism P, recombines coloured 
components into the original white light. The dispersion due to the 
first prism may be shown by separating the two prisms and interpos- 
ing a piece of white paper between them. Coloured patches would 
then be seen on the paper. The recombination is due to the fact that 
the dispersion (or angular separation) between the rays of different 
colours produced by the first prism is equal and opposite to the 
dispersion produced by the other. The combination of the two 
prisms behaves like a plane parallel plate producing only a lateral 
displacement of the incident pencil. Due to dispersion of the extreme 
rays the two borders of the white patch on the screen are tinged with 
red and violet colours. 


Fig. 178—Recomposition of White Light 


(2) By a prism P a narrow beam of sunlight is decomposed in 
the ordinary way into seven colours. A set of seven tiny plane mirrors 
is placed so as to reflect seven coloured lights to a spot S on a screen 
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placed suitably (Fig. 178). The spot is found to be white. Here is 
an actual recombination or superposition of seven colours at a 
certain region by reflection. 

(3) Newton’s Colour Dise—This is a circular card-board disc of 
about one foot in diameter mounted at its centre on a whirling 
table. The disc is usually divided into four quadrants, each of 
which is divided into seven sectors painted in the order of the 
colours of the solar spectrum, the breadth of each sector being pro- 
portional to the corresponding colour in the spectrum. When the 
disc is rapidly rotated, the sectors are no longer separately visible ; 
but the surface of the disc appears white, or rather greenish white. 
Here the colours do not actually mix. But before the impression 
on the retina due to one colour fades out, it is succeeded by that 
due to another and thus the impressions due to the different colours 
in each part almost completely overlap and cause the disc to appear 
nearly white. 

88. Pure Spectrum—On passing through a prism a ray of white 
light is decomposed into seven differently coloured constituents 
arranged side by side. But in practice, we can never get a single 
ray but always a pencil of light ; «however narrow it may be, 
consisting of severalrays. On being!dispersed, each ray produces its 
own spectrum independently. These spectra partially overlap, 80 
that except at the extreme ends (i.e., red and violet) the colours will 
not be pure. Such a spectrum is termed an impure spectrum, 

In Figure 179 the spectra due to the two extreme rays OB and 
OB’ of a narrow pencil from the slit O, formed by the prism P 
occupy the positions RV and R'V' respectively, while the spectra 


Fig 179—Causes of Impure Spectrum 


for the other rays occupy intermediate positions. 
is an overlapping of colours and the resulting spect: 


Evidently there 
rum is impure. 


Hence a pure spectrum is that in which the different colours occupy 
distinct and separate positions, so that there is no overlapping of 
the constituent colours. Y , 

Production of Pure Spectrum—O verlapping of different colours 


must be avoided in a pure spectrum. The overlapping is caused by the 
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appreciable breadth of each coloured patch of the screen, which again 
depends on the width of the incident pencil. The incident pencil 
would, therefore, be taken from a very narrow slit placed with its 
length parallel to the refracting edge of the prism. 


Again, even with a narrow pencil derived from a point source, 
the rays after refraction through a prism do not appear to diverge 
from a single point image. If, however, the prism is placed in the 
position of minimum deviation for the axial rays, the rays in the 
emergent pencil appear to diverge approximately from a point. 
Hence if white light coming through a narrow silt be incident on a 
prism placed with its edge parallel to the slit and in the position 
of minimum deviation for the mean rays (say, yellow), the rays of 
different colours would appear to diverge from distinct and separate 
virtual images. Each image would be differently coloured and would 
approximately be at the same distance as the slit from the refracting 
edge of the prism. Thus witha very narrow slit and a prism 
placed in the poisition of minimum deviation for the mean rays, 
a virtual pure spectrum is obtained. With the help of a convex lens 
suitably placed, a real pure spectrum is produced. 


(a) First Method—In Figure 180, O is very narrow slit illumina- 
ted by white light and P is a prism placed in the position of 
minimum deviation for the mean ray (say, yellow). A virtual 
spectrum formed at rv in which the differentlycoloured image occupy 
distinct and separate positions. The red rays appear to diverge from 
the virtual image point r, the violet rays from v and so on. A convex 
lens Lis placed to form a real image RV of rv on the screen ‘Sc’. 
As in rv each coloured constituent occupies a separate position, each 


Fig. 180— Production of Pure Spectrum 


. would form a separate geal image on the screen. Again, as all the 
differently coloured portions on ry are approximately equidistant 
from the lens, the corresponding images would be simultaneously in 
focus on the screen. Thusa real pure spectrum is obtained, in 
which the different colours are arranged in order of their refrangi- 
bilities, the violet being towards the base, and the red towards the 
refracting edge of the prism. 


If the lens and the screen be removed, an observer looking in 
the direction of the emergent rays would see the virtual spectrum 
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with the violet towards the edge of the prism and the red towards 
the base. 

(b) Second Method—A pure spectrum may also be obtained by 
the following arrangement. Let O bea very narrow vertical slit 
(Fig. 181) illuminated by white light. A divergent beam from O 
falls on a convex lens L which is so adjusted as to form a sharply 
defined real image I of the slit. With its refracting edge parallel 
to the slit, a prism P is then placed between the lens and I and is 
80 adjusted as to be in the position of minimum deviation for the 
mean rays (say, yel- 
low). Due to the 
lens the pencil of 
rays of each colour 
givesriseto a narrow | 
real image ofthe silt. ~ 
As the different 
colours aredifferent- 
ly refrangible, the 
different images are 
deviated by the prism 
to separate  posi- 
tions. Asthe slit is 
very narrow, the 
images of different 
colours occupy distinct and separate positions and give rise to the 
real pure spectrum RV. In both these methods, although the prism 
isset at the minimum deviation for the mean yellow rays, the 
extreme colours, which are far removed from yellow, are not 
absolutely free from partial overlapping. E 

(c) Third Method—This is the most accurate method of getting 
the purest spectrum. Strongly illuminated by white light, a very 
narrow slit O is placed at the principal focus of an achromatic con- 
vex lens L, (Fig 182). The emergent parallel pencil falls on a refract- 


Fig, 181—A Pure Spectrum 


Fig. 182—Procuction of Pure Spectrum 


ing face of a prism P. Each pencil of rays gives rise to its own 
pude Aer transmission through the prism, rays of any colour 
are parallel ; but differently coloured groups ofraysare inclined to 
each other. Suitably placed beyond the prism P, a second achromat- 
tic convex leas Lg brings the differently coloured rays into different 
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foci, thus giving rise to the real pure spectrum RV on a screen 
suitably placed. Magnified spectrum may, however, be observed 
with an eye-piece. 

Figure 183 shows the arrangement of different parts of an appara- 
tus set on an experimental table for the purpose of projection ofa 
pure spectrum on a screen. The narrow vertical slit P is backed 
by a strong source of light whose spectrum is to bestudied. The 
lens L, is so placed that the slit is at its focal plane. The prism 
A is put on a stand in order that its refracting edge is Vertical and 
that the parallel beam produced by L, is refracted through it. The 
emergent beam is received ona screen S which would, in general, 


Fig, 183— Proj:ction of Pure Spectrum 
show an impure spectrum. On now interposing a second lens L, and 
adjusting either this lens or the screea so as to obtain a sharp focus, 
a pure spectrum is obtained. Fora detailed study of a spectrum 
the prism is generally set at the minimum deviation position. 
"meo à PAOR farate important parts of the instrument are. 
ig. TET 


Fig. 184—Spectrometer 
(1) The Prism Table—It is a small circular table mounted on a 
vertical support and is provided with three levelling screws. It can 
be raised or lowered to any convenient height and can be fixed at 
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any particular position by means of a screw; it can be rotated 
about the axis ofthe instrument. The prism P is placed on this 
table and may be kept in position by means of a clamp attached to 
a vertical stand fixed on a table. To the table is fixed a vernier scale 
for an accurate measurement. 

(2) The Collimator C—It consists of a metal tube supported 
horizontally. It is provided with an achromatic convex lens at one 
end turned towards the prism and has a narrow, vertical and 
adjustable slit at the other end. The slit is fitted in a tube which can 
be moved in or out of the collimator tube. 


(3) The. Telescope—This is a small telescope attached 
horizontally to a rotating arm. The telescope is provided with a 
rack-and-pinion arrangement whereby its focussing can be altered. 
By means of different adjustable screws the rotating arm can be fixed 
in any position ; also the level of the telescope can be changed. To. 
the rotating arm one or two verniers are fixed which moving along a 
graduated circular table coaxial with the prism table accurately 
specify the position of the telescope. The telescope is provided with 
cross-wires. The whole apparatus is supported on a vertical stand 
provided at the base with three levelling screws, which are situated 
at the vertices of an equilateral triangle. y 


Adjustments—Before using the spectrometer the following four 
adjustments are to be made : 

(1) Adjustment of the Eye-piece—The telescope is turned towards 
a white surface and the cross-wires are accurately focussed by 
moving the eye-piece in or out. 

(2) Adjustment of. the Telescope—The telescope is turned to 
some distant object. By altering the distance between the objective 
and the eye-piece the distant object is sharply focussed. The telescope 
is now focussed for parallel rays. d 

(3) Adjustment of the Collimator-—The collimator tube is made 
horizontal with the help of a spirit-level. The telescope is then turned 
towards the collimator and made coaxial with it. The slit of the 
collimator is now illuminated by monochromatic light (say, a sodium 
flame), and is moved in or out till the image of the slit, as seen 
through the telescope, is sharply focussed on the cross-wires. As the 
telescope was previously focussed for parallel rays, the rays emerging 
from the collimator must have been parallel, ie, the slit is at the 
focal plane of the collimator lens. The instrument as a whole is ` 
now focussed for parallel rays. 

(4) Adjustment of the Prism Table—The table is made horizontal 
and is adjusted to the proper height. 


Use—The instrument is used for (a) accurate determination of the 
refractive index of a transparent substance given in the form of a 
prism and (b) production and study of spectra of different sources. 
(For a detailed study of the various adjustments of a spectrometer 
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and'its experimental procedure (vide J. Chatterjee's Intermediate 
Practical Physics, All-India Edition). 

90. Determination of 4 of a material given in the form of Prism 
—If the angle A of the prism and the angle ô of minimum deviation 
for light of any particular colour be determined, the refractive index 
p of the material is given by 

an AtS A 
p=sin—5 [sin » 

(i) To determine the angle of theprism A—Theslit is illuminated 
by monochromatic light say, from a sodium flame. The prism is 
placed at the centre of the table with its refracting edge turned 
towards the collimator lens T, A 
parallel beam is now made inci- 
dent on the prism whence it is 
partly reflected to the right side 
and partly to the left. The prism 
table is fixed in position. The 
telescope is then turned either 
way (Fig. 185) to receive two 
images of the slit on the cross. 
wires, and the positions T, and 
T; of the telescope are accurately 

Fig. 185 read from the scale and: the 

vernier. The angle between these 

two positions of the telescope is equal to twice the angle of the 
prism. 

(ii) To determine the angle of minimum deviation $—The prism 
is removed ; the telescope is turned to receive the direct image on 


Fig. 186— Path of rays through a Spectrometer 


the cross-wire, and the position of the telescope is noted. The prism 
is again placed on the table, so that the beam from the collimator is 
incident on one of the refracting faces. A look with the naked eye 
locates the position of the refracted image. On slowly rotating the 
prism table, refracted image is found to move in a particular direc- 
tion till for a certdin angle of incidence it turns back and moves in 
the opposite direction. The position of the turning point gives that 
for minimum deviation and the prism is carefully brought to this 
position. The telescope is slowly rotated to receive the image of the 
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slit on the cross-wires. The position of the telescope is again read 
andthe angle between the two positions of the telescope is the 
angle of minimum deviation for the yellow light taken. Figure 186 
Shows the path of rays through the spectrometer when it is adjusted 
at the minimum deviation position for a prism, 


*91. Dispersive Power—When a thin pencil of white light is 
passed through a prism, the constituent colours on emergence are 
deviated to different extents and so an angular separation takes place 
between them, The angle between the rays of any two colours is 
called the dispersion between those two colours. Figure 187 represents 
a prism, whereon a thin beam of white light W is incident. Due 
to dispersion the red beam comes out along the direction NP, 
violet along OQ and the intermediate yellow along the dotted line 
Y (Fig. 188). 

Let « be the angle of the prism ; 5,, ôs and & be the deviations 
suffered respectively by the red, violet and yellow rays ; Up, py and u 
be the refractive indices of the material of the prism for the 
corresponding colours. 


Fig, 187 Fig. 188 


If the prism is supposed to be thin, we know that 
9,— (up —1)«, 8, — (1, —1)« and à —(n—1)«, 


so that pr c (91,1) 


The expression m is known as the dispersive power of the 


material of the prism with respect to the two colours violet and red. 
As is evident from Figure. 188, (8,—68,) indicates the „angular 
dispersion 9 between the violet and red rays. So the dispersive 
power is the ratio of the dispersion between any two colours 
(produced by a prism of the material of small refracting angle) to 
the deviation suffered in the same prism by the mean ray. The 
dispersive power is usually denoted by w. i 


Example : 


A prism of material A deviates red ray through 10? and blue ray through 
16°, while a prism of material B deviates red ray through 8° and blue rayithrough 
14°. Which of the two materials has greater dispersive power? [Bom. U.—1961] 


Pt./IIJE—11 
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Ans. Dispersion in prism A for red and blue colours=(16—10)°=6° and 
dispersion in prism B for these two Colours =(14—8)°=6°. So dispersion is the 
same in both the cases, But the mean deviation in prism A is (16°+10°)/2=13 
and that in B is (14°-+-8°)/2=11°, y 


«s. the dispersive power of prism aciei 
: " Ab aaa Ons 6 
and dispersive power of prism B—2?v—?r © 


any H: 
Thus the dispersive power of the prism B is greater than that of the prism A. 
*92. Combination of Prisms—As the dispersive powers of 
different materials are different, two or more prisms of different 
materials can be combined, so that rays of composite light on 
passing through the combination may suffer either dispersion 
without deviation or deviation without dispersion. 


Dispersion without Deviation —Two prisms, one of crown glass 
and the other of flint glass, may be combined in such a way that the 
deviation suffered by the mean ray (say, yellow) is the same for each 
ofthe prisms. Figure 189 represents two thin prisms of crown and 
flint glass placed in contact with the refracting angles turned in 
‘opposite directions. A ray of white light W, on being incident on 
the first prism, is dispersed, r and v denoting the red and violet rays. 
The second prism deviates the rays in the Opposite direction and the 
mean yellow ray y Pakes an intermediate course. If now there is no 
final deviation of the yellow tay, then this ray must be parallel to 


the white ray supposed to be produced along ML through the 
combination of the prisms. 


, Let !, and p, be the respective refractive indices of crown and 
flint glasses for the mean Tay and let «, and «s be the refracting 


Fig. 190 


angles of the prisms ; then for the mean ray to suffer the same 
deviation in each prism 
(ni—1)« = (ttg =l). 
_ If two such prisms are placed with their refracting edges turned 
in opposite directions and if a composite beam of two colours is 
passed through the combination, then 
dispersion produced by the Ist prism—(4, — uy)«, 
and dispersion produced by the 2nd prism =(= Bra, 
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Hence the difference between the two gives that total dispersion 
produced by the combination. This shows that on looking against 
the transmitted beam a spectrum of white light would be seen: but 
the axis of the cone of light producing the spectrum will not. deviate 
from the direction of incidence. This principle is utilised in the 
construction of Direct Vision Spectroscope. (Vide next Art.) 

Deviation without Dispersion— This principle is utilised in a 
combination of thin prisms, through which a composite beam of 
white light would enter and pass out as white light without any 
dispersion but would bend away from the original course (Fig. 190). 
Since there would be no ultimate dispersion, it follows that the 
angular dispersion of the beam of white light in one prism would be 
equal and opposite to the angular dispersion in the other prism, if 
the combination consists of two prisms. 

Let the angular dispersion in the first prism of dispersive power 
w be 8, —8, and that in the second prism of dispersive power w’ be 
à,—8',. Thus for no dispersion, 

9,—8,—8, —8,. 

Or, | wd=a's' «.(92,2) 
where ô and 8’ represent the deviations of the mean ray within the 
prisms. Then Eo. say, gives the deviation ef composite white 
beam. If the two prisms are made of different samples of glass, « is 
not equal to œ and hence 6 is different from 6’. 

93. Direct Vision Spectroscope—This is an instrument in. which 
a spectrum is conveniently obtained in the direction of the incident 
light. It may be used to examine the general nature of the incident 
light. It may as well be used to examine the general nature of the 
spectrum ; it is small enough to be carried in a pocket. 


AF d 
A 
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Fig. 191—Direct Vision Spectroscope 


Parts—The instrument (Fig. 191) consists of— 

(1) an outer tube with an adjustable slit Sat one end. This is 
meant for admission of light ; 

(2) aslide tube moving © 
carries (i) the collimation lens, 


oaxially within the main tube which 
L, which is an achromatic convex 
lens, at the end closer to the slit ; (ii) a combination of thin prisms, 
(usually numbering fiye)—three of crown glass C, and two of dense 
flint glass, F, placed alternately and with their refracting edges 
turned in opposite directions ; and (iii) an observing telescope at 
the other end, formed by the objective lens O and the eye-piece E. 
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Working of the instrument—The slit being adjusted to proper 
width and made parallel to the edges of the prisms, the instrument is 
turned towards the source of light. The slide tube of the collimator 
is then adjusted, so that the slit Sis at the focal plane of the colli- 
mating lens L. A system of parallel rays then emerges from L and 
passes through the combination of prisms, The refracting angles of 
the two sets of prism are so chosen that the deviation for the mean 
ray produced by one set is exactly counteracted by that by the other 
Set, so that the mean ray passes out undeviated. But as the dispersive 
power of flint glass prism is greater than that of crown glass, the dis- 
persion produced by the flint glass prism is not exactly counteracted 
by crown glass prism, so that there remains a resultant dispersion. 
This produces a spectrum which is brought to focus at RV by the 
lens O and a virtual, magnified image of the spectrum, extending 
to both sides of the undeviated mean ray, is seen by the eye-piece. 


*94. Chromatic Aberration of a Lens—A lens, whether convex 
or concave, may be supposed tobe built up of a series of prisms of 
continuously varying refracting angles. Hence if a parallel beam of 
white light be incident ona lens, it would disperse each pencil of 
rays into component colours within its body due to the prismatic 
effect and then bring these colours to different neatly point images 
due to the lens effect. Take a convex lens (as in Fig. 190) and sup- 
pose that it has the property of bringing parallel rays of any colour 
to an accurate point focus (free from spherical aberration). 

Let AB and MN be two rays of white light-ineident parallel to the 
principal axis of the lens. At the point B there would be dispersion 
of all constituent colours, red being least deviated and violet most. 
Let the red and the violet rays finally meet the principalaxis at D and 


Fig, 190 Fig. 191 


H respectively. It is evident then that due to the inherent property of 
a lens every white ray incident parallel to the principal axis, would 
disperse within the lens, and that every emergent red ray would 
pass through D and every violet ray through H. Along the line 
DH the intermediate colours of the spectrum would occupy distinct 
places in their natural order. Thus the images due to different colours 
are not focussed at one point but get distributed alongthe length DH. 

If now a screen be placed perpendicularto the principal axis atH, 
the image so formed on it would showa violet point at the centre 
surrounded by annular patches of rainbow-coloured lights of increas- 
ing radii, red being the outermost. The reverse is the case when the 
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screen is at D. But when the screen is placed at some intermediate 
position XY, an approximately white circular patch of small dimen- 
sion is obtained which is the nearest approach to the image (Fig. 191). 
This nearly white circular patch, representing the image in the case, 
is called the circle of least confusion. Such a spreading (or wandering) 
of the rays from a true point focus due to the dispersion within the 
material of the lens is called chrematicaberration. Thus the chromatic 
aberration is a coloured effect of the image formed by a lens which 
impairs its definition. Ordinary eye cannot detect it well, because 
these coloured circles are small. But when seen through a magnifier, 
these colorations may be observed. 

Axial or Longitudinal Chromatic Aberration—The difference 
between the focal lengths of any two colours is called the axial chro- 
matigaberration for those colours. If OD 
and OH represent the focal lengths f, and 
f, for red and violet colours, then DH, 
which is fp— fo is a measure of the axial 
chromatic aberration for the two extreme 
colours of the spectrum (Fig. 192), The’ 
definition of the dispersive powers provides 
an expression for axial chromatic aberra- 
Fig. 192 tion. From Figure 193, since the devia- 


tions of rays through a thin are small. 


Fig. 193 Fig- 194 
| BO BO 
8,— deviation for violet ray= 4 BHO=tan LBHO=5ġ" 4 
BO BO 


8,— deviation for red ray = Z BDO -tanZ BDO=55= is 
BO 
and 8— deviation for mean ray (yellow) = Z BFD =tan Z BFO= T 


—ô, BOJf,—BO/f, -f 
. the dispersive power veter BO Ml SA 


On writing frfy=f?, we get Nen 
ay 94,1 
Thus the axial chromatic aberration DH= Se—fo=ot we (94,1) 
Hence for a given glass material, the larger the focal length, the 
larger the axial chromatic aberration. 


riv 
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In actual practice, these colours are chosen from line spectra; the red 
is usually a red line given out by hydrogen and is ca'led the C-line ‘of wave- 
length 6562x10-5 cm), Due to its faintness, the violet colour is not usually 
taken into account. Instead of violet, the blue line of hydrogen, usually 
called the F-line (of wave-length 4861 x 10-* cm) is taken. The mean colour 
is yellow and is the yellow line given out by helium having wave lergth of 
5875x10-*cm. and known as the D-'ire. The dispersive power w of crown 
glass for these lines is about 00164. Hence if we take a crown glass convex 
lens of mean focal length 20cm. theaxial chromatic aberration for red and 
blue colours would by reason of (94,1) be 20x'0164 cm, —0:328 cm. The 
spectral colours over such a sma!l range cannot be ordinarily detected, 

If we take a concave lens, on which a parallel beam of white light 
is incident, then on emergence the dispersed rays would diverge so as 
to have the virtual red focus 
nearer the lens than violet 
colour focus (Fig 194). The 
effect is thus opposite to that 
of a convex lens. 


Lateral or Transverse 
‘Chromatic Aberration—It has 
already been pointed out that 
the image on the screen placed 
at the position XY would be 
an almost white circular patch Fig. 195 B 
having XY for a diameter. The diameter of the circle of least 
confusion is a measure of lateral chromatic aberration. From 
similarity of triangles it can be shown that 


XY DR 
PQ^OR' 
Assuming moreover, that DR—IVR -—iof and that PQ d, we find 
etal qd 
XY, deiud Ses (94,2) 


supposing f—f, Such supposition, however, makes very little 
difference in this case. Hence fora given material, the larger is the 
effective aperture d of the lens, the larger is the lateral chromatic 
aberration. 
We can also calculate the i i 
lens 26 Am power 0164 and M ee m pu 
dei U EOE Thus with a naked eye the circular patch 
95. Achromatic Combination of Lenses in contact—We haye 
seen in the preceding article that any single lens of a focal length 
fhas got an axial chromatic aberration of magnitude of, and so it 
produces a more or less coloured image of a white object. y One lens 
is, therefore, insufficient for producing the image of an object in its 
truly natural colour, particularly when the object has got a com- 
posite colour. Any combination of lenses producing the image of 
an object in its natural colovrs is called an achromatic combination* 
of lenses, Various types of combination are there, But we would 


"i 
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here deal with the simplest combination of two thin lenses in contact 
that produce achromatism. 


Let there be two thin lenses L, and L, in contact, of mean focal 
lengths f and f respectively and let F be their mean equivalent focal 
length. Further let f, and f; be the focal lengths for red and violet 
colours of the first lens ; f^, and f", those of the second lens. Then 
if F, and F, represent the equivalent focal lengths for the red and 
violet of the combination, we get the followtng relations : 


Led I. aad 1 1 I 
dnb b ada manga old ve (95,1 
py RK he Rh T, VS 


For the combination to be achromatic F,—Fy, or. =i (95,2) 
T 


Now, Ef pn G-Dew.- 1) (G3) TR. 
and apt pair) (FJ) tee -D (2-3 


where py, us and u'y, Wy represent the refractive indices for red and 
violet for the first and second lenses respectively (r,s and r’ s’ being 
their radii of curvatures.) 


Substituting the values of F, and F, in equ. (95, 2) we get 
, wyf{1y 1 
ve (i-re 


Chel itr Dt 
Hotty c 7) [E oL e rp. a 
"ep 1) [s zm E wl G Y; s 
Or, FEF =0 
i i terials of 
where o and w’ represent the dispersive powers of the ma 
dis tense: The dispersive powers are always positive in sign and so 


i lgebraic) 
95.3) shows further that f and f' must be of opposite (a 
FE A that is, of the lens combination one must be convex and the 


other concave. 


or 


, 


(95, 3) 


i Greek roots 
? ing of the word achromatic, derived from the j 
a inéaninq nnb EAEE D oen rp ye ie , tranatitdae Alani thon 
z derived its name from the fac t y d 
Aye E EE the image would be white without any SEIS 
In such a combination of lenses we should obtain the image of an obj : 


natural colours. 
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Examples : 

1. Show thatthe axial chromatic aberration for an incident parallel beam 
on a lens of unit focal length is numerically equal to its dispersive power. 

Ans. We know from eqn. (94,1) that : T 

axial chromatic aberration fr—fo— of, where w the dispersive power. 

If now f=1 cm. orl inch, f,—-f,—o. 

2. Therefractive index of a certain kind of glass is 1*6 for violet and 1'5 
for red. A plano-convex lens is constructed of this glass, the radius of 
curvature of the curved surface being 20 cm. Find the linear separation of the 
red and violet portions of the image of an object 100 cm. away from the lense, 

[Guj. U.—1955| 

Ans, Let fy cm. and fy cm. be focal lengths for red and violet colours of 

the couvex lens. 


erri) unu A. 

Then m (4 —1) x. 39 em. 30" 
1 UCET PCS 

and fo (s -1) is w= 00" 

If v, Cm, represents the distance of the red image from the lens, we have 
ae ed ae Tr 1 3 200 


————- ——, or, 


mim dp. or. Y». 200" where y,—— 3 
Again, if'the distance of the violet image from the lens be v, cm. 


EE EE a ope T m 
7. 1007 io 9 vw i09 109 °° RUSO whence v, 50. 


Thus the linear separation of the image=(20°_s0) = 16:6 cm. 


_ 3. An achromatic converging combination of focal length 60 cm. is formed 
with a convex lens of crown glass and a concave lens of finit glass placed in 
contact with each other. Calculate the focal lengths, if the dispersive power of 
crown glass be ‘03 and that of flint glass ‘05, [Bom. U.—1953| 

Ans. Let f, be the focal length of the convex lens and fa that of the 
Concave one. Since the combination forms a converging system of focal length 
60 cm. we have by the formula for the combination of lenses 

Ie 1 TL D) 
RORU-—IONLÍ—--— we 
hA 8p h O E 

Since the combination is achromatic, we have, by eqn. (94.1). 

703, "05 OPEN 

A ETO en 03,7055, or, è faafia WE 
On substitution in (1) we get 

o ake ares TEE - 
Ty GR ee eo ce from. 
Substituting the value of fo in eqn. (2), we find f1=24 cm. 


96. Effects in the Spectrum—Light is always partly accom- 
panied by heat and is also found to have certain chemical effects, 
Thus the solar light possesses (1) luminous effect, (2) heating effect, 
and (3) chemical effect. Again, the constituents of white light differ 
not only in colour but also in:regard to the above three effects. 

(1) Luminous effect—The brightness of the solar spectrum is 
not uniform throughout. In fact, the luminosity is maximum at the 
yellow and decreases gradually on both sides as Shown by the 
intensity curve (Fig. 197). Hence the print of a book appears 
brighter in yellow light than in red or violet light. 
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(2) Heating effect —The heat radiation from different parts of 
the solar Spectrum is not the same. This can be verified by 
successively placing a very sensitive thermometer with a narrow 
blackened bulb or a delicate linear thermopile in different parts of the 
Spectrum. There 
is a very little rise 
in temperature 
towards the blue 
region ; but the 
effect increases as 
we move towards 
the red end and 
attains the maxi- 
mum value at a Fig. 197 i 
little distance beyond the red. This indicates that the radiation 
continues even beyond the red end of the spectrum. 

(3) Chemical effect—Light can bring about chemical reaction 
in various cases, e.g., silver salts on the photographic plate are 
decomposed by solar light. The chemical effect is not, however, 
uniform over the entire spectrum. By placing an ordinary sensitive 
photographic plate in different parts, it is found that the chemical 
effect of red light is extremly small, while the effect gradually 
increases towards the violet and continues over some distance 
beyond the violet. 

97. Different Types of Spectra—Spectra, obtained, from differ- 
ent sources, may be broadly divided into two classes: (1) Emission 
Spectra, and (2) Asborption Spectra. 

(1) Emission Spectra—When a body is heated to such an extent 
as to emit light it is said to be incandescent. The spectrum given 
out by the body in this state is called an emission spectrum. 
Emission spectrum may be divided into three characteristic classes— 
(a) continuous, (b) line, and (c) fluted or band. 


(a) Continuous Spectrum—Depending on the temperature ‘of the 


source, such spectrum consists of unbroken luminous bands, showing 


all the colours from red to violet and containing rays of all refran- 
gibilities. Such a spectrum is given by incandescent solids or liquids, 
e.g., luminous coal gas flame, electric lamp, lime light, etc. When a 
solid is made red-hot, the spectrum of the emitted light, consists 
mainly of a red band with a little of the orange. As the temperature 
of the body gradually rises, the spectrum slowly extends towards the 
violet. Tillthe body becomes white hot, the spectrum becomes 


continuous and extends from red to violet. 


(b) Line Spectrum—This consists of bright 1 D 
one another by dark spaces. Such a spectrum is given by incandescent 
gases or vapours of elementary substances, each substance giving the 
characteristic line or lines. A non-luminous Bunsen flame is coloured 
oducing a little common salt in the flame; the 


golden yellow by intri | e fla 
spectrum of the A ca Sone sodium vapour consists ordinarily of two 


Guave oF 
Inrensiry oF LIGHT. 


ight lines separated from 
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bright yellow lines, called D-lines, which are characteristic of sodium. 
Potassium colours the flame violet and its spectrum consists of 
several lines, of which one in the red and one in the extreme violet 
are prominent, Strontium colours the flame crimson and the 
Spectrum consists of a number of lines in the red,—one line in the 
orange and one in the blue. Iron gives several thousands bright 
lines in different parts of the spectrum. 


(c) Fluted or Band Spectrum—This consists of a number of 
broad, luminous bands, sharply defined at one edge and gradually 
shading off at the other. Under careful examination, each fluting 
is found to consist of a large number of lines, closely packed at the 
bright end and more widely spaced at the other. Such a spectrum 
is generally produced by compounds, e.g., cyanogen. It is worthy 
of note that under different exciting conditions, certain elementary 
Substances (e.g., nitrogen or mercury vapour) may give a line 
spectrum or a fluted spectrum. 


(2) Absorption Spectra—If a transparent coloured substance 
be interposed in the path of white light, some of the constituent rays 
are absorbed and the rest transmitted through it. The spectrum of 
this transmitted light would be found to be devoid of some colours 
Which are absorbed. Such a spectrum is known as absorption 
Spectrum. An absorption spectrum may show dark lines or dark 
bands according to the number of component rays absorbed. 


If white light from an incandescent solid is allowed to pass 
through some cooler vapour, the transmitted light gives a continuous 
Spectrum crossed by one of more dark lines whose positions depend 
on the nature of the vapour : solar spectrum provides an example of 
this. Also, if white light (say, from an electric lamp)is passed through 
a dilute solution of potassium permanganate, the spectrum of the 
transmitted light is found to contain five dark bands in the green. 


Further, if white light is passed through a piece of ruby glass, the 
Spectrum of the transmitted light consists of the red portion only, 
there being dark bands in the remaining portion: these are termed 
absorption bands. A solution of potassium bichromate in white light 
would transmit the red and the orange portions only. 


The absorption by a substance of any particular colour or 
colours, as in the above cases, is known as selective absorption as 
distinguished from general absorption, in which all the colours are 
affected nearly to the same extent. 

98. Spectra due to Different Sources : 

(1) Spectrum of an incandescent solid or liquid—The spectrum 
is continuous, showing all the colours from red to violet. 

(2) Spectrum of an incandescent gas or vapour—The spectrum 
consists of bright lines either visibly separated (as in line spectra) or 
very closely packed (as in fluted spectra). 


(3) Solar spectrum—The spectrum due to sunlight appears to | 
be continuous, showing all the colours from red to violet. But if 
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examined under a spectroscope, the spectrum is found to be crossed 
by dark lines in the different parts. 


The presence of dark lines in the solar spectrum was first noticed 
by Wollaston in 1802. These were subsequently investigated in 1814 
by Von Fraunhofer and are, therefore, known as Fraunhofer’s lines. 
Some of the lines are well defined, while others are indistinct and 
are made visible only by careful experiments : but each of the lines 
occupies a definite position in the spectrum.’ Fraunhofer named 
the most prominent dark lines of the solar spectrum by the letters 
of the alphabet, viz, ABCDEFG H K, of which A is in the 
extreme red, B in the middle of the red, C in the brightest part of 
the red. D in the yellow-orange, E in the green, F in the blue and 
G in the indigo (blue-violet). whereas H and K are the: extreme 
violet. Fraunhofer found about 700 lines and many more have 
since been observed. 

From his experiments on absorption spectra, Kirchhoff (1824- 
1887) found that the vapour of any element at a lower temperature 
selectively absorbs the light which it would itself emit when at a 
higher tcmperature. This is known as Kirchhoff's Law of Absorption 
and it may be verified in the following way :— 


The non-luminous flame of a spirit lamp is coloured golden- 
yellow by introducing a little common salt in it; the spectrum of 
thislight is found to have one or two bright yellow lines. If now 
wbite light from an incandescent solid (say, lime-light) be passed 
through the yellow flame and examined with the previous arrange- 
ment kept as such, the spectrum is found to be continuous, showing 
all the colours, excepting a dark line, exactly at the position 
previously occupied by the bright yellow line. It is found, there- 
fore, that the sodium vapour ata lower temperature absorbs from 
the white light of the source at a higher temperature a portion of 
the yellow, ie., that particular constituent which it would itself 
emit when incandescent. Butthe darkline is not absolutely dark, 
for some yellow radiation from the spirit lamp comes here, which 
appears dark by contrast with the bright portion of the spectrum 
given by the source of higher temperature. 

Kirchhofi’s experiment furnishes an explanation of the dark lines 
in the solar spectrum. The sun consists of a white-hot mass at the 
cenire, called the photosphere, at an exceedingly high temperature of 
probably a few million degrees centigrade. This is surrounded by a 
cooler envelope. called the chromosphere containing matter in a 
gaseous state. The temperature of the chromosphere is estimated 
to te nearly 6000°C. While coming out through the cooler chromo- 
sphere, the white light from the photosphere is robbed of some of 
its constituents, depending on the nature of the vapours present in 
thelatter. Some of the constituents of the sun rays, while passing 
through the earth's atmosphere, are also absorbed. This accounts 
for the appearance of the dark lines. : ae i 

The positions of many of these dark lines coincide with spectral 
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lines due to some earthly elements. Thus the lines A and B coincide 
With the emission lines of oxygen, C and F with those of hydrogen, D 
with those of sodium vapour, E, H and K with those of calcium 
vapour and G with those due to iron vapour. Many other lines are 
coincident with the emission lines of other elements. This Suggests 
that many of the earthly elements are present in the sun giving us 
an information regarding its composition. 


That the appearance of the dark lines is due to contrast with the 
Surrounding bright portion of the spectrum and not to complete 
absence of light is proved by the fact that during a total solar eclipse, 
when the light of greater intensity is cut off by the disc of the moon, 
the dark lines appear reversed as bright lines exactly at their respec- 
tive positions, 


(4) Spectra of Stars—In general appearance the spectra of the 
stars (specially of the fixed stars) are similar to those of the sun 
insofar as the different colours and the dark lines are concerned, 
although the positions of the latter may be different. _ This indicates 
that the stars are so many suns with difference in their composition. 
The brightest »ortion of the observed Spectrum gives an indication 
of the surface temperature of a star. This portion varies with stars, 
Showing that they are of widely varying temperatures. 


(5) Spectra of Nebulae—These consist only of bright lines, 
which indicate that the nebulae are composed of masses of 
incandescent gases or vapours only and have not yet cooled to solid 
or liquid state. From a Study of the nature of the Spectra, an 
approximate estimate of the temperature of some stars and nebulae 
can be made, The surface temperature of some glowing stars has 
been estimated to exceed 20,000°K. Froma study of their spectra 
à theory of calculation of the surface temperature of stars was 
advanced by the late Prof. M. N. Saha. 


99. Infra-red and Ultra-violet Spectra—As has already been 
stated, the solar spectrum is not limited to the visible portion only 
but extends considerably both ways beyond the red as well as the 
violet end. The portion beyond the red is known as the infra-red, 
and that beyond the violet as the ultra violet part of the Spectrum. 
AS both the portions are invisible, they are to be studied by the 
thermal and the chemical effects respeetively. 


The presence of the infra-red portion was discovered by Sir 
William Herschel (1738-1 822) in 1800. This portion has a very weak 
chemical effect ; but the heating effect is prominent, being maximum 
at a little beyond the visible red. Owing to their prominence 
the rays in this portion are called the dark heat rays. As 
ordinary glass largely absorbs the heat rays, prisms and lenses of 
rock salt or fluorspar are employed to project the infra-red Spectrum 
and very sensitive heat-recording instruments are used to detect this 
portion. The presence of Fraunhofer lines has also been observed 
in this region. With the help of a delicate apparatus called the 
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Bolometer, the infra-red portion was afterwards thoroughly investi- 
gated by Langley (1834-1906) in America. 


The infra-red region covers a range of wave-length from 7800 
A.U. to about 0°04 cm. The wave-length of this region being 
considerably larger than that of the visible radiation, it undergoes a 
less amount of absorption in passing through the atmosphere. For 
this reason when a photograph of an object at a distance of 20 to 
30 miles is to be taken, in which the visible light might fail, the 
infra-red rays are utilised with specially prepared filters, lenses and 
photographic plates. The absorption of heat rays by glass is utilised 
in a green house, where plants requiring ample warmth are kept. A 
green house is a chamber, the walls and top of which are made of 
glass panes. During sunny weather these panes may be removed 
and the plants inside may receive rays directly. But when the 
atmosphere is cold and moist, the shutters are drawn. The heat 
rays radiating from the hot surfaces cannot, however, pass through 
the glass and thereby these maintain the warmth of the interior. 


The existence of the ultra-violet portion was discovered by 
Ritter in 1801. The chemical effect of this portion is. well-marked. 
As the rays in this portion are particularly active in decomposing 
silver salts, they are termed actinic rays. As glass plate absorbs the 
ultra-violet light to a great extent, quartz prisms and lenses are used 
in this case and very sensitive photographic plates are used to record 
the spectrum. The ultra-violet spectrum of the solar radiation does 
not extend below 3000 A. U. (nearly), since any radiation below 
this limit is completely absorbed by the earth’s atmosphere. Electric 
sparks or arcs are used as sources and in order to study the complete 
ultra-violet spectrum the whole apparatus has got to be placed in 
vacuum. The presence of the Fraunhofer lines has been observed 
also in this region. The range of the wave-length of the ultra-violet 
portion extends from 3900 A. U. to about 150 A.U. 


The radiation, emitted in visible spectra, has been found to 
extend both ways beyond the ultra-violet and the infra-red ends to 
hard gamma rays and wireless waves respectively. (For a detailed 
description, vide Heat : Art. 105.) | 

Spectrum Analysis—The vapour of each substance when in- 
candescent gives its characteristic spectrum consisting of a particular 
set of lines quite distinct from those of all others. Even when lines 
of the same colour are produced by different elements, they would 
be found on careful examination to occupy different characteristic 
positions. The emission spectra of all known elements have been 
mapped out. Hence by studying the spectrum of an unknown 
substance and comparing this with the maps, the nature of the 

- principal element or elements present therein may be identified. 
This process of identification is known as Spectrum analysis. j 

100. Transformation of Absorbed Radiation— Whenever light 
radiation is absorbed by a substance there is always a rise in tempe- 
rature and consequently the substance gives out some heat radiation. 
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There are again Many substances which after absorbing light rays 
of one wave-length give out light rays of another wave-length. 
This is found in the phenomena of (a) Fluorescence, and 
(b) Phosphorescence. 


phenomenon is termed fluorescence after fluorspar (calcium fluoride), 
in which this peculiar emission was first noticed. We must note that 
it is not a case of reflection, because light of one colour is absorbed, 
and that of another colour is emitted. 


If a beam of white light is allowed to pass through a solution of 
chlorophyll (the green colouring matter of plants) kept in a dark 
room, brilliant red light is found to be emitted in all directions from 
the portion of the Solution, where the beam is incident. If the beam 
of white light is passed through a block of glass coloured with 
uranium oxide, the transmitted light is found to be yellowish, while 
the entire block appears to glow with a greenish light. This pheno- 
menon is also exhibited in paraffin oil and Many aniline dyes, such 
as eosine fuschine, etc. 


of which decreases gradually with the thickness of the Solution 
traversed and ultimately may altogether cease to exist. The Teason 
is that the rays of white light, which excite fluorescence, are absorbed 
by the first part of the solution and consequently the subsequent 
layers do not exhibit the Phenomenon. In the spectrum of the trans- 
mitted light the blue end is found to be missing which shows that the 
corresponding rays are absorbed and reappear as yellowish-green, 


Again fluorescence is Produced in a particular Substance with a 
particular kind of light only. Ifa test tube containing a solution of 
quinine sulphate with a few drops of sulphuric acid is placed in 
different parts of „a bright continuous Spectrum, it fluoresces red, 


From the above facts it may be concluded that : (a) the pheno- 
menon is confined more or less within a short distance from the 
surface layer, (b) the energy of the absorbed ligbt supplies the 
energy necessary for the fluorescent radiation, and (c) as a rule, 
the light emitted in fluorescence is hearer the red end of the 
Spectrum than the light which excites fluorescence. This explains 
that the wave-length of the radiation emitted is generally longer than 
that of the absorbed radiation. This is known as Stoke's Law. Tt 
has been shown by Prof. C, V. Raman that the wave-length of the 
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emitted line may also be shorter than that of the absorbed radiation. 
Such a line is called the antistokes line. 


Fluorescence can, therefore, be used (a) for the detection and 
study of the ultra-violet light, and (b) for making visible the path 
of light through a liquid. Thus by dissolving a little fluorescein in 
water the track of a beam in it may be made visible. The pheno- 
menon can be utilised in the study of ultra-violet region of the 
spectrum. 


It is found that the violet and ultra-violet parts of the spectrum 
are most active in exciting fluorescence. In studying the phenomenon 
quartz lenses and prisms are used in place of ordinary glass. 


(b) Phosphorescence—There are certain substances (such as 
sulphides of calcium, barium and strontium, etc.) which after having 
been exposed to light continue to emit light in darkness for some 
time afterwards. The phenomenon is known phosphorescence in 
similarity with the faint greenish-white glow shown by phosphorus 
when placed in dark, which is, however, due to slow oxidation. Thus 
the substance being exposed to light of the day will glow in the 
darkness of night. The time, for which the emission continues after 
exposure to light, is widely different for different substances. 
Balmain’s luminous paint, which is mainly composed of calcium 
sulphide, continues to glow for hours in dark after having been 
exposed to bright sunshine, while many substances cease to shine in 
a few seconds. It is found that violet and ultra-violet rays are 
most effective in exciting phosphorescence. 


A substance phosphoresces more brightly if its temperature is 
raised, although during such process the duration of phosphorescence 
decreases. This can be verified by exposing a card coated with a 
luminous paint to infra-red radiation, thus furnishing a means of 
studying phosphorescence. The distinction between fluorescence and 
phosphorescence is that the former ceases instantaneously, whereas 
after the exciting light has been cut off, the latter persists for some 
time. Phosphorescence is sometimes called delayed fluorescence. 


The luminescent glow as shown by the glow-worm and some 
marine creatures is due to their self-luminosity and is different from 
phosphorescence. Glow observed in darkness in rotten fish and 
decaying substances is however due to some bacteria. 


(c) Calorescence—The absorption of radiation by a body of one 
wave-length and its consequent emission of radiation of shorter 
wave-length is known as calorescence. There are certain substances 
which after absorbing heat waves emit light waves. It was shown by 
Tyndall (1820-1893) that if light from an arc lamp is passed through a 
solution of iodine in carbon bisulphide, the visible light is absorbed, 
and the heat radiation transmitted. If this radiation be focussed on 
a thin blackened platinum foil, the latter becomes incandescent. ; 

101. Colours of bodies—Light waves of different frequencies 
produces sensations of different colours. Luminous sources emit 
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radiations of various wave-lengths which falling on the eye give the 
sensation of their characteristic colours. The sensation of white is 
due to the mixture of all spectral colours in usual proportion. From 
various experiments Newton (1642-1727) came to the conclusion that 
whether opaque ortransparent, bodies have no colourof their own, but 
that owing to selective absorption they appear differently coloured. 


(a) Colours of Opaque Bodies—When white light falls on an 
opaque body, the latter selectively reflects certain constituents of 
the incident light and absorbs the rest. The body, therefore, appears 
coloured with the constituent parts reflected. Thus a green flower 
appears green, because out of the incident white light it returns 
mainly the green constituent to the eye and practically absorbs all 
other colours. Bodies, which reflect all the constituents in the 
proportion in which they are present in the incident white light. 
appear white, while bodies, which absorb all the colours and reflect 
none, appears black. Thus blackness by itself is not a colour, but it 
means absence of all colours. 


Thus the colour of a body depends on that of the incident light. A 
white flower appears white in ordinary light ; but the same flower 
appears red in red light, green in green light, yellow in yellow light 
and so on. Further, a flower, which appears red in ordinary light, 
looks bright red when placed in the red part of the spectrum, but 
black when exposed to any other part ; this is so, because it reflects 
only red but absorbs every other colour. 


Further, the colour reflected by a body is seldom perfectly simple 
but is generally accompanied by slight proportion of the adjacent 
colours. In the light reflected from the surface of a green body, the 
green is the most prominent ; but it is accompained by a little of 
adjacent yellow and blue. The relative intensities of these accom- 
panying radiations determine the variation in shades of two bodies of 


the same colour. Samples of wood of the same colour may vary 
considerably in their shades. 


(b) Colours of Transparent Bodies—A transparent coloured 
body selectively absorbs some constituents of the incident light and 
transmits others which on reaching the eye give the colour of the 
body. Thus a piece of blue glass appears blue, becanse it transmits 
mainly blue and absorbs practically every other colour of the white 
light. Again, if a coloured body is seen through a transparent 
coloured substance, the colour of which is other than that of the 
body, the latter appears black. For example, a red object when seen 
through a thick blue glass appears black. Hence, the red light 
reflect by the coloured body is absorbed by the blue glass ; so no 
light reaches the eye of the observer and hence the body appears 
black to him. 


When two pieces of coloured glass (say, blue and red) are placed 
one behind the other, the combination appear black. If the colours 
of the plates are simple, white light on first passing through the blue 
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glass is robbed of all its constituents excepting blue. By the red glass 
this blue light is, however, absorbed and so no light is transmitted. 


The proportion of the. incident light absorbed by transparent 
medium always depends upon the thickness of the material traversed 
by light, while the amount of the transmitted light often accounts for 
the colour of a transparent material.» This is very much perceptible, 
when the colour in small thickness.happens to E one of the near 
ends of the spectrum, e.g., violet, blue or red. Ifblue or red ink be 
taken in a glass vessel in a thickness of a millimetre or two and its 
colour be examined in transmitted whiteslight, the actual colour of 
the ink is seen. But if the thickness of ink is increased, the proportion 
of light transmitted grows less and less ; hence the transmitted colour 
turns to be darker. Ultimately, when the thickness is sufficiently 
increased, almost all the light is cut off and irrespective of its colour, 
the material appears dark. For the same reason a sample of blood 
in small thickness appears red by transmitted light, while in appre- 
ciable thickness it looks dark. 


102. Mixture of Colours—Maxwell showed that by superposing 
the three spectral colours red, green and blue in suitable proportions, 
all other colours may be produced, but that these three cannot be 
obtained by mixing other colours. These were, therefore, called the 
three primary colours. 


(a) Complementary Colours—Two spectral colours are said to 
be complementary, when the two together produce the sensation of 
white light. If one of the colours of the solar spectrum be suppressed 
and the rest be combined, the resulting light is not white, but is of 
acolour which, if combined with the suppressed colour, would 
produce white light. Hence the colour of the mixture and that of 
the one suppressed are said to be complementary to each other. 
Thus red and greenish blue, orange and prussian blue, yellow and 
indigo blue, violet and greenish yellow are complementary. 

(b) Pigment Colours—In the case of pigments or paints we have 
a different consideration and a distinction is to be made between a 
mixture of two spectral colours and that of two similar. pigment 
colours. Mixed together, blue and yellow pigments produce a green 
paint and not a white one. The explanation 1s very simple ; the 
blue pigment reflects primarily the blue with a little of the adjacent 
green with indigo and absorbs all the rest, while the yellow pigment 
reflects mainly the yellow and a little of the adjacent green with 
orange, the rest being absorbed. When blue and yellow pigments are 
mixed, the mixture reflects only one green, all the other colours being 
mutually absorbed : the mixture, therefore, appears green. In the 
case of spectral colours, however, a mixture of blue and yellow 
would produce a resultant sensation of white. Here, then, we have 
superposition (or addition) of effects, while in a mixture of pigments 
we have a case of absortion (or subtraction) of colours. x j 

*103. Theory of Colour Vision ; Colour-blindness— Rays o 
different colours ‘rect the eye differently. It is due to this difference 
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in the colour sensation that the various colours are differentiated. 
Thus the ray, which gives the sensation of redness, is termed red. 
When rays of two different colours simultaneously enter the eye, a 
mixed sensation is produced. Thus under the simultaneous action 
of red and blue rays, the sensation is that of crimson colour. 


The theory of colour vision, which is generally accepted, is that of 
Young (1773-1829) and is developed by Helmholtz (1821-1894) and 
known às the Young-Helmholtz’s theory of colour vision. This theory 
propounds that there are sets of nerves which respond to the three 
primary colours, viz., red, green and blue. The colour of a body 
depends upon the proportions in which these three sets of nerves are 
excited and is, therefore, a mixture of the three primary sensations 
in different proportions. When red and green are excited in the 
ratio of 2 to 1, yellow sensation is produced. 

If one set of nerves be totally inactive, the eye does not respond 
to the corresponding colour ; a person with such an eye is blind to 
the particular colour and is called colour-blind. Ifa person is red- 
blind, he has not the corresponding sensation, so that the red consti- 
tuent is not always perceived by him and his colour sensation will 
be due to a mixture of green and blue. To such a person the extreme 
red ofthe spectrum appears black, while the scarlet portion appears 
as dark yellow, green as muddy yellow and violet as dark blue. 


104. Retinal Fatigue and After-image—If we gaze at a bright 
object for some time and then turn our eyes toa white surface, the 
image of the bright object seems to be projected on the surface in 
dark outline. Excited by strong light, the nerves in that part of the 
retina, where the image of the bright object is formed, become 
for some time insensitive to less powerful external stimulus. The 
phenomenon is known as retinal fatigue. Temporarily seen in this 
way, the illusive image is called the after-image. 


An after-image of complementary colours is often seen. If | 


painted against a white background, a red patch is intently gazed at 
for some time and the eyes are thereafter suddenly turned towards 
the white part, a sensation of greenish blue is perceived for a short 
while, because a persistent observation of red colour makes a 
particular bundle of optic nerves fatigued. If now a white colour 
is looked at, the sensation received is a blending of all colours 
forming white except the red, i.e., a complementary colour to red 
which is greenish blue. For a similar reason, if we gaze at a red 
square painted on a blue background and then suddenly turn our 
eyes to a white wall, a transient image of blue square painted on a 
red background would be seen. 

*105. Rainbow—Ifa person is standing with his back to the 
sun and if there are drops of water falling somewhere in front of him 
he would often see coloured arcs apparently in the water drops. 
This coloured arc is known as a rainbow. In Figure 198, O is the 
position of the observer, D, and D, are two rain drops in the atmos- 
phere, and S represents the direction of the sun. Observation being 
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made along the direction OD inclined at about 40° to the sun’s 
raysthe rainbow is seen by the observer in the manner as shown 


Fig. 198 Fig. 199 


m the figure. This is due to the dispersion of ‘sunlight by water 
rops. 


To understand the nature of dispersion in any one drop, let a ray 
from the sun in the direction of S (Fig. 199) fall upona drop at A 
and get refracted at the front surface. The ray then passes into the 
drop and is reflected from O at the back. Getting refracted against 
the front surface it emerges out into air at B. Each ray, therefore, 
suffers a deviation along with refraction. The extent of deviation 
being different for different colours, the.constituent colours of the 
white light disperse and thereby form a coloured spectrum, 


Let C be the centre of a spherical water drop, on which a ray SA 
from the sun is incident. There would be dispersion of the ray 
within the drop, red being the least deviated and violet the most. 
The dispersed rays would meet the surface of the drop near about O 
and be partly reflected within it, whence they finally emerge out. Of 
any ray the deviation for a single reflection within the drop may be 
calculated in the following way. If ô be the deviation of any 
particular colour (say, red). 

8—180'— Z ADB=r—2 ADC=2—2[n—(Z AOD+ 7 OAD)) 

=n—2n—(« = $)—(6—$) =7+-20—49, 


Incident at all possible angles on the drop, rays of light would 
suffer corresponding refractions within it,gHence for a single 
reflection within it, it is possible to calculate the deviation of the 
finally emergent ray from the drop. It is found that similar to 
refraction through a prism there is a minimum value of à for a ray 
of particular colour. The minimum value of à for red is 138? and 
that for violet is 140°. Hence, the finally emergent red ray makes 
an angle of 180^ — 138? —42? with the incident ray or with any line 
HH parallel to it. Similarly with the same line the emergent violet 
ray makes an angle of 180°- 140°=40°. 

Although at the front surface rays are incident at different angles 
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emergent rays concentrate in the direction of minimum deviation and 
become effective in producing a e 
spectrum. Hence if with the line 
HH asaxis and the eye E as the 
apex a cone is drawn with 42? as 
the semi-vertical angle, all the drops 
remaining on the bounding surface 
of the cone would transmit red light 
to the eye (Fig. 199). Again, the 
emergent violet rays are found to 
be inclined to the same line at an 
angle of 40°. So if another cone 
be drawn with the same apex and 
the same axis but with a semi-vertical 
angle of 40°, all the drops remain- 
ing on the bounding surface of 
this cone would transmit violet light 
to the eye; the other colours 
would, as a matterof course, occupy 
intermediate positions. This is illus- 
trated in Figure 200 in which the , 
lowest horizontal line represents the Fig 200 

line HH. Arcs of different colours are thus seen at different angles, 
so that a coloured bow is formed with an angular width of 2* with 
the red outside and the violet inside. This goes by the name primary 
rainbow. 5 


Very often, two rainbows are observed, one above the other, the 
upper one being much fainter than the lower. The upper rainbow is 
called the secondary rainbow and is due to two internal reflections 
of the sun's rays within the drop. In Figure 200 four water drops 
Ai, Ag, As and A, are shown. The internal reflections take place 
within A, and A, and thereby red and violet rays meet the eye, 
red being at the top and violet at the bottom. This produces the 
primary rainbow. Within each of the drops As and A, two internal 
reflections take place, due to which the colours are reversed. Red 
ray reaches the eye at an angle of 51^, and violet at 54°, with HH. 
Hence this coloured arc would appear at a greater height and would 
be fainter due to loss of light by two internal reflections. This is 
called the secondary aaa i h 


EXEROISES ON CHAPTER VII 
Reference 


Art, 87 1. Can the constituent colours of the spectum be recombined 
to form white light again ? Describe ore method of doing so. 

d (Cf. Utk, U.—1974 ; G. U.—1959) 

Art, 88 2. Describean arrangement cf apparatus by which a solar 

spectrum may be projected ona screen. (C. U.—1957) 


E 
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> Reference 
3. Whatisa rure scectrum ? Describe an arrangement of * Art, 88 
» apparatus by which a pure spectrum may be projected on a 
screen. (G. U.—1€65 : Del, U.—1971; P. U.—1959 ; Cf. 1950; 
Gau. U.—1953 ; Dac. U.—1964 ; And. U.—1970 ; U.P.B. 
—1967; R.P B.—1966; Cf. Bom. U.—1971; V. U.— 
1954 ; Pat. U.—1963, '65) 
4. Describe a spectrometer. Explain how it is used to Art. 88 
- determine the refractive index of the material of the prism. 
U. P. B.—1956, '68, *71. Nag. U.—1952, '63, '66 ; 
(R.P.B.— 1965, '69. ; Del. U.—1958, '73; C. U.—1957 ; 
Cf. V. U.—1956; Mys. U.—1952; Cf. Pat. U.—1953) 


5. Describe the costituent parts of a spectroscope and Art. 89 
their functions. State how you would fit it up and show the 
path of monochromatic light through it. (C. U.—1956) 

6. What is meant by dispersion of light? Describe Art. 92 


arrangements to produce (a) dispersion without deviation, and 
(b) deviation without dispersion. What use is made of these 
arrangements in practice ? 
(Bom. U.—1962; Raj. U.—1957, °65 ; Guj. U.—1959 ; 
U.P.B.—1953 : Nag. U.—1965) 


7. A convex lens of focal length 15:1 cm. forms an achro- Art. 92 
matic converging combination with a suitable lens. If the 
combination has a focal length of 755 cm., calculate the ratio 
of the dispersive powers of the lenses. 


Ans. 4:5 
8, Explain what is meant by chromatic aberration of a Arts. 
thin lens. Describe the condition for combination of two thin 94 & 95 
lenses to be achromatic. . (Guj. U.—1971; Bom. U. —1973) 
9. Describe the construction and principle of direct vision Art. 93 
spectroscope. (And. U.—1951 ; R. P. B.—1965, '67, *70 
Guj, U.—1t68 ; Cf. Bom. U.—1967 ; 
10. Write a note on achromatic objective, Art. 94 
(R. P. B.—1971; And. U.—1961; Gau. U.—1972 ; 
Nag. U.—1957, '74 ; U. P. B.—1956, 70) se 
11. , Write a note on chromatic aberration. Art. 
(C. U.—1962 : Guj. U.—1973 ; Cf. Bom. U.—1964 ; 
Raj. U.—1952; And. U.—1973) 1 
12. Classify the different types of spectra and give examples rts. 
of each. Describe the nature of solar spectrum and explain 97 & 98 
the origin of Fraunhofer’s lines. (Bom. U.—1962) 
13, How will you correct the chromatic aberration of a Art, 92 
plano-convex crown glass lens of mean focal length 32 cm. from 
the foilowing data :—for crown glass, „r= 1510, #p=1°500; for 
flint glass pg —1:620, 15 —1660 ? (Bom. U.—1954) 
Ans. With a flint-glass concave lens of f=5'68 cm. 
14. Whatareab:orption and emission spectra? Give two Art. 97 
examples of each. (Mad. U.—1967, '69 ; And. U.—1960, 71 ; 
Art. 95 


15. The dispersion by anequilateral prism of flint glass is 
2*6' and that produced by a similar prism of crown glass is 
14. What should be the Ae of crown glass prism which 

i int glass pri 42°’ achromatic ? 
will render a flint glass prism o! (Bom; U.—1955) 
Ans, 64^8^ 
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Reference 
Art. 98 


Art. 98 


Art. 98 


Art. 99 


Art. 101 
Art, 91 


Art. 100 


Art. 101 


Art, 101 


Art. 101 
Art. 104 


Arts. 
98 & 105 
Arts. 
102 & 105 
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16. Describe a solar spectrum and givea general expla- 
nation of the dark /Fraunbofer) lines in the spectrum. 

(P. U.—1972 ; E. P. U.—1962 ; C. U.—1962; Dac. 
U.—1952 ; Pat U.—1964) 

17. What are Fraunhofer's lines and how are they pro- 
duced? What information is obtained from them about the 
sun? (Utk. U.—1960; R. P. B.—1970: U. P. B.—1960; 

P. U.—1966 ; Cf. Gau. U.—1971 ; Cf. Mys. U.—1961 ; 
Cf. Bom. U.—1954 ; Dac, U.—1968 ; C. U.—1958). 


18. A gas absorbs from the incident light just the rays it 
itself emits. How would you verify this experimentally? State 
the importance of the principle. a 

(Pat. U.—1954, '69 ; C. U.—1953) 

19. Write a note on the uses of ultra-violet light. (Guj. U. 

—1964 ; Bom. U.—1963 ; V. U.—1958 ; And. U.—1969) 


20. Explain why coloured glass appears white after being 
crushed to a fine powder, (Gau. U.—1970) 


21. Write a note on fluorescence. (V. U.—1953) 
22. Write an essay on the solar spectrum and its teachings. 


23. Whatis the difference between phosphorescence and 
flourescence and describe suitable experiments to observe the 
phenomena. (Raj. U.—1952, ’65 ; Dac. U.—1971 ; 


C. U.—1950 ; Bom. U.—1962 ; U. P.B.—1953 ; 
Nag. U.—1970 ; Cf. Gau. U.—1972) 


24. Describe and explain the appearance of (a) a red flower, 
(b) a green leaf, when they are moved from one end of the 
spectrum of sunlight, to the other inside a dark room. 
(C. U.—1971) 
25, Ifared bookis placed ina room which receives only 
pure blue light what will the Sour of the book appears to be? 
(Del. U.—1969) 


26. To what are the colours of objects as commonly seen 
due, for instance, red glass, blood, red cloth 1 (C. U.—1951) 


27. A man gazes intently for a time at a red square painted 
on a piece of weite board. Hethen looks at a white screen and 
appears to see a square of a different colour. What colour does 
hesee? Explain the phenomenon. 


The experiment is repeated with a blue square painted on a 
red background. Describe and explain what the observer 
notices on looking at a white screen immediately afterwards. 


(C. U.—1961) 
28. Write short notes on: Fraunhofer Lines, Spectrum 
and Rainbow. (U. P. B.— 1943, 54, '64) 


29. Write notes on : Complementary colours and rainbow, 
Gau. U.—1972; R. P. B.— 1962, 72) 


CHAPTER VIII 


VELOCITY OF LIGHT: THEORIES OF LIGHT 


106. Romer's Method—In 1676, Olaf Romer, a Danish astro- 
nomer first succeeded in determining the velocity of light from 
continued observations of Jupiter, the largest of the planets of the 
solar system. The Jupiter, a planet remoter from the earth, takes 
11:85 years to revolve once round the sun. It has-five big satellites, 
each moving around with a definite period and in a plane nearly 
coincident with that of the orbit of the planet. A telephotographic 
picture of Jupiter with its five satellites is shown in Figure 201. So 


Fig. 201 —Jupiter and its Moons 
ie 


long as these satellites receive light from the sun, they are visible 
as little specks of light vem&ggear the planet through a powerful 
telescope. During every reVOlution, . therefore each satellite passes 
once into the shadow of the planet cast by the sun and becomes 
eclipsed. 

Let S be the position of the sun, and CD the . orbit of the earth 
and a part of the orbit of Jupiter. Both the orbits are supposed to 
be circular and the planets move in a clockwise direction (Fig. 202). 
Romer kept the innermost satellite under observation and recorded 
the interval bstween two successive eclipses, nearest the conjuction of 
the earth and Jupiter, i.e., when the earth at E, just came in between 
the sun and the Jupiter at J, (Fig. 202) ; the interval was found to „be 
nearly 42 hours. From this position of E, he continued recording 
the interval between successive eclipses from day to day. Romer 
found that as days went on, the observed intervals gradually 
increased till the maximum was reached when the position of the 
earth was near about C. The observed interval then gradually 
decreased, coming down to 42 hours when the earth and Jupiter were 
in opposition, i.e., farthest from one another, as at E; and Jy. in 
interval of successive eclipses from the. position E, then gradually 
decreased and was found to be minimum, when the earth was near 
about D. Then it was found to increase slowly to reach the value 
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of 42 hours, when the earth and Jupiter were again in conjunction 
as at E, J,. Thisdiscrepancy was explained on the supposition 
that light travels with a definite velocity. 


Suppose an eclipse occurs when the Earth and Jupiter occupy the 
respective positions E, and J,. If light were to have an infinite 


Figa202— Romer's Method We 


velocity, this eclipse would be observed omthe earth simultaneously 


with its occurrence at Jupiter. Bat if light possesses a finite velocity 
V, the eclipse would be seen after a ti 1J1/V of its actual 
occurrence. If: be the instant at which the just occurs at 


Jı, the instant of observation on earth is t--E;J,/V-. During the 
period the satellite of Jupiter makes agg@plete revolution and gets 
into another eclipse, suppose Jupiter haf'Pioved to the position Jm, 
and the earth to Ej, (Fig. 203). Now if @ be the actual period of 
rotation of the satellite, the next eclipse occurs at an instant t40 
on Jupiter. But it is observed on earth at the instant t+-0--EmJm/V. 
` So from the earth the period of revolution of the satellite appears 


to be , 
zit EnJm 1n EJ, E] EmJm— EJ: 
(erort Eg) anite 


Thus since JmEm>J,E, the period of rotation appears to be 
lengthened when the earth is receding from Jupiter. The apparent 
period of rotation is the largest when the relative motion of the earth 
away from Jupiter is maximum as when the earth is moving near C. 


Romer accurately measured the total interval T, between the 
first eclipse at the conjunction and the last eclipse at the opposition. 
He found it to be 0 54503 of a year. Ifn eclipses take place during 
this period of the year, the actual interval between the first eclipse 
and the nth is (n—1)0. Hence, the observed interval T, is given by 


T,=(n—1)0+ Felt Eau yg, d (106.1) 
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where d =E,J,—E,J, =the mean diameter of the earth’s orbit round 
the sun. 

From the position E; the earth in course of rotation continuously 
approaches Jupiter. Hence, the intervals between successive eclipses 
would appear to be shortened (Fig. 202) The observed period 


Fig. 203—Earth receding Fig. 204—Earth approaching . 
becomes the shortest, when the relative motion of the earth towards 
Jupiter is highest compared to when the earth is moving near the 
position D. Finally when earth and Jupiter would again be in 
conjunction, being at E, and J, “respectively, the period between 
two successive eclipses would settle down to the normal value of 
42 hours. Ifreclipses have taken place during this period, the 
observed interval T3 e is 054497 of a year) between the first 
and nth eclipses is giyen" 

= E A Eg _ — fees d 
T,=(a ey an (n—1) 0 V. +e» (106.2) 


From ediit. Wand (2) T. —7, —24., whence V=-—24__... (106.3) 
Y T,—T; 


Romer found T, Fp to be 33:2 minutes ; he took d to be about 
191,000,000 miles. Thereby the velocity of light in air was found to 


"be about 191,000 miles per second. Later experiments have revealed 


that the velocity of light in vacuum is about 186,000 miles per second. 
Romer’s determination suffered from the following sources of 

error : . d 

(a) The diameter of the earth’s orbit was assumed to be circular. 

Later astronomical researches have prove conclusively that with the 

sun at one of its foci this orbit is slightly elliptic in appearance. 


(b) A continuous observation of the successive eclipses of the 
satellite had to be made for a period of 1:09 years, from which a 
difference of observed times came out to be 332 minutes. The clock 
used in such an experiment ought to have been so perfect as not to 
gain or lose even a minute in a year. This requires the use of very 
high precision chronometers, which were not in existence In Romer's 
time. Consequently his record of observations could not have been 
extremely accurate. ; 

*107. Fizeau's Method—Light from a strong source (Fig. 205) 
passes through a smallslit S and is converged by an achromatic 
combination of lenses. Before the refracted pencil comes to a focus, 
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it is reflected at the glass plate P inclined as an angle 45° to the 
axis of the incident pencil and is finally brought to focus in the 
focal plane of the lens L,. The rays, therefore, emerge through L, 
as a parallel beam and after traversing a distance of about 4 miles 
fall on another achromatic convex lens Ls. The rays are brought 
to a focus at the surface of the concave mirror M whose centre of 
curvature coincides with the optical centre of the lens L,. The 


Fig. 205—Fizeau's Method 


central rays, therefore, fall normally on M, retrace their path and 
after passing through Ls and L, are brought to focus again at the 
same point. i : Lo M 


Capable of rotating in a vertical plane; a toothed wheel W 
(shown separately) is placed at the converging point of the beam 
with its plane at right angles to the axis of the beam of light. As 
the wheel rotates, light is alternately intercepted by a tooth and 
admitted through the space between two E s teeth. If the 
path is not obstructed, the reflected light proceeds on and falls on 
the plate P ; a part of this light is reflected to S while the rest 
passes through P, so that through the telescope T a bright spot of 
light is seen. 

As the light is alternately cut off and transmitted, flickering is 
seen in the field of view when the wheel rotates slowly. If the speed 
of the wheel is now increased, the flickering stops and the source 
of light is seen steady with a little amount of faintness. This is 
due to persistence of vision. With the speed of rotation increasing, 
the source appear to be fainter and still fainter. When the speed 
of rotation is so adjusted that during the time the light travels from 
the wheel to M and back, a tooth comes to occupy exactly the space 
through which the light formerly passed, the field of view becomes 
permanently dark. — 

Let V be the velocity of light, and D the distance between W and 
M. The time t taken by light to travel from W to M and back is 
given by 


TY 
fos 
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If the number of teeth be m, the total number of Spaces in 
between teeth is also m. Let the size of each tooth and Space be, 
equal. Suppose any tooth or space subtends an angle 0 at the 
centre of the wheel. Since the total number of teeth and spaces is 
2m, the whole angle subtended by all the teeth and spaces is 2mo. 
Now, from elementary trigonometry we know that this whole angle 
is 2m. Accordingly 06=z/m. 

If the wheel makes n ‘revolutions per second, the angle turned 
through in one second is 2zz which is its angular velocity w. If at 
this speed the first disappearance of light occurs, the wheel rotates 
through the angle @ during the time light travels from the wheel to 
the mirror and back. Thus 
= 1 = 

2mn * 

Hence equating, we get V —4mnD wee (107.1) 

In one of these experiments the wheel was provided with 720 
teeth and for the light to disappear permanently, it had to be 
revolved 12:6 times per second. The distance between the wheel 
and the concave mirror was 8633 metres. Hence in atmospheric 
air the velocity of light was found to be 4x720x12:6x8632 or 
3:13 X 108 metres per second. 

If the speed of the wheel be increased continuously, a stage 
comes when the light reappears permanently in the field of view with 
its original intensity. This is the case when a flash of light proceding 
from any point of the revolving wheel comes back after reflection 
from the mirror during the time the next space occupies the former 
one. The rotation of the wheel meanwhile is. 29 and consequently . 


Qant=b=ot= 7 Qr 
m 


' the speed of the wheel got to be increased to its double. If 


again, the speed of rotation be made three times the original, it is 

easy to see that there would again he complete darkness in the field 

of view. Thus from a theoretical standpoint it can be shown that 

*occultation' of the image may be made possible for frequencies of 

revolution n, 3n, 5n, 7n, etc., where n is the frequency for the first ' 
occultation. 

Although Fizeau was credited with the first successful terrestrial 
experiment on the velocity of light, the experiment had some 
uncertainties and limitations :— 

(a) The wheel had to be made unusually large so as to accom- 
modate a considerable number of teeth and so it became heavy. 
Consequently it was very difficult to rotate the wheel at such a high 
speed. Moreover, an accurate determination of high frequency of 
rotation was an uncertainty in those days. ) 

(b) As the speed of rotation of the wheel was increased, the 
luminosity of the image gradually decreased. The exact speed, at 
which light was fully cut off, was a mere guess work. 

*108. Method of Fizeau and Foucault—Fizeau and Foucault 
devised a method, in 1850, for more accurately meausuring the 
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velocity of light. Sis a round aperture illuminated by a strong 
source of light and placed a little beyond the focal length and an 
achromatic lens L (Fig. 206). Between Sand L a Partially silvered 
glass plate Q is interposed in the path of the beam. On the other 
side of the lens is placed a plane mirror R so as to reflect the trasn- 
. mitted beam to a concave 
mirror M, on which the 
image ofS is focussed. The 
plane mirror R is capable 
of being revolvedaboutan 
axis perpendicular to the 
plane of the diagram. The 
distance of the mirror M 
from R is such that its 
centre of curvature coin- 
cides with thelaxis of rota- 
tion of the plane mirror. 
Allow a beam of light from S as indicated in the figure to pass 
through L and, being reflected from R, to converge to some point on 
M. Since the centre of curvature of the concave mirrer coincides 
with the mid-point of B, the convergent beam on M would after 
reflection be divergent along the same course. This means that the 
beam would retrace its path and from an image at P by partial 
reflection from the plate. Whatever might be the inclination of the 
mirror R the image at P would be fixed, provided that the reflected 
light from R reaches the mirror M and that the angle made by any 
ray of light with the mirror R in passing from L „to M is'equal to 
. the angle made by that ray with R while retracing the path after 
reflection from M. , 


" ^ 

If now the mirror R is rotated very rapidly in a counter-clock- 
wise direction with a known frequency (say, n), the image at P is 
found to be displaced to a point P’ and the amount of displacement 
(PP’) is proportional to the frequency of rotation of the mirror. 
For a given frequency the path of the reflected beam is shown by the 
dotted lines. The displacement of the image position is explained 
by assuming that the light requires a definite time to move from R 
to M and back to R. If during this interval the mirror R has 
rotated through an appreciable angle, the angle made by a ray of 
light with the mirror R, while leaving in the direction of M, will be 
different from that when it has come back from M. Consequently, 
following a course as shown by the dotted line, the reflected ray 
from M would be different from the incident ray on R and henc: 
the final image point at P would be shifted. The amount of shift 
PP' is measured with a telescope fitted to an eyé-piece and provided 
with a finely graduated micrometer scale. From a knowledge of 
the shift the angle between the incident ray and the reflected ray 
(i-e., between the continuous and the dotted lines) can be found. 
Evidently, the rotation of the mirror is half this angle. Knowing 
the frequency of rotation, we proceed to calculate the time required 


Fig. 206—Foucault's Method 
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to rotate through the angle. Letit be f seconds. If the velocity 
of light be V and the distance between M and R be d metres, then 
expressed in metres per second 


In Foucault's method, the plane mirror R was made small, and 
so it could be rotated with any desired high speed with considerable 
case. Consequently the distance MR could be made much smaller 
and the experiment could well be conducted within a laboratory 
room. In one of such experiments, the distance MR was 60 feet. 


Foucault’s method could be employed to measure the velocity of 
light in a liquid medium. The beam of light between M and R was 
made to pass through a tube containing the liquid under investigation 
and the velocity of light through this liquid was studied as usual. 


Subsequently more and more improved methods of determining 
the velocity of light were devised by Newcomb, Michelson and many 
other physicists. Michelson had a wonderful tenacity of undertaking 
a series of experiments on the velocity of light and allied phenemena 
from time to time during a long period from 1886 and 1931. The 
mean corrected value for the velocity of light was found to be 
299796 kilometres per second in air which is the latest accepted 
value, 


Example : 

1. In an experiment the Fizeau-wheelhad 800 teeth and the distance 
between the wheel and the mirror was 10 kilometres. For two successsive 
disappearance of the image, the speed of rotation of the wheel were 177 and 
295 radians per second. Calculate the velocity of light. [R. P. B.—1959} 

Ans. Let V be veliocity of light in centimetres per sec. If 9 be the angle 
subtended by any one tooth or space at the centre of the wheel, then for the 
disappearance of the image, the rotation of the wheel might be any odd multiple 
of 0 during the time light makes a to-an-fro flight from the wheel to the reflecting 
mirror. For two successive disappearances the values of rotations would be 
two consecutive odd multiples of 0. Call them (2p+1) 0 and (2p--3) 6, where p is 
any natural number, Further since 10 Km.—10* cm. 


7x800, 177x800. 2x 109 

(p) 8T pte PEN", whence 2p 1e 17X r= Pe 

! 295x800, 295x800 2x 108 

Again (2p+3)9=2951= CPLA, whence 2p+3— 5 800 2952800, 2x 1 


Simple substraction yields. yr 
800 2108 a 800% 108 x 118 
ay 5095 177), whence, V 334 
Thus, the velocity is 3:006x 101^ cm/sec. j Sd 
2. Ina Foucault's experiment to measure velocity oflight the fixed mirror 
was 5 kilometies from the revolving mirror which made 300 revolutions per 
second. The angular deviation of the returned ray is 7°12’ Calculate the velocity 
of light [R. P. B—1956 ] 
'si i ight is twicz ircor, the 
Ans, Siace the rotation of the ray of light is twice that of the mircor, t 
MACULA rotated position of the mirror returning the ray is evidently 
3?36'. 


cm./sec. 
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In one second the mirror rotates through 300x360°. Then the time for the 
mirror to rotate through-3°36’ is 


3°36" OS Rated = 
30x 360 390207 5x 300x360 zaor OO 


During this time light travels 5x 2 km.—10 kilometres=10° cm. 


` Therefore the velocity of light V=10°=+ 


Reference 
Art, 105 


Act. 107 


Art. 107 


Art. 107 


Art. 108 


Arts, 
107 & 108 


Art. 108 


Art. 108 


Art. 108 


1 
3x10* 


cm, sec.=3x 10!? cm/sec. 


ExEROISES ON CHAPTER VIII 


1. Describe Romer's method of determing the velocity of 
light. What is its value in vacuum ? 
[C. U.—1960 ; P. U.—1970 ; V. U.—1952| 


2. Decribe Fizeau's method of determining the velocity 
of light. Explain the principle and give a neat Sing of the 
apparatus. (E. P. U.—1952 ; R. P. B.—1966) 


3. Inone of Fizeau's experments, the wheel had 650 teeth 
andit was rotating 12 times persec. The distance between ihe 
wheeland concave mirror was 10,000 metres. VG the 
velocity of light, (E. P. U.—1962} 

Ans. 2:970X101? em./sec. 

4.. Describe a terrestrial method of measuring the velocity 
oflight. Derive the formula used. 

(Nag. U.—1960 ; E. P. U.—1971 ; Raj. U.—1965 ; Utk. U.—1972 ; 
Del. U.—1963 ; R.P.B B.—1964 ; Gau. U.—1965] 

5. Describe Foucault’s method for determining the velocity 
of light. Give a neat diagram, 

(Raj. U.—1960 ; B. H. U.—1970 ; U.P.U.—1964 ; Nag. U.—1965) 

6. Describe any method of measuring the velocity of light. 
How does the velocity depend on the medium ? 

(Pat. U.—1964 ; Nag. U.—1965] 

7. Find the shift of the image if the slit as well as the fixed 
mirrorin Fizeau's experiment are ata distance of 80 metres 
from the revolving mirror rotating at 100 revolutions per 
minute ; given velocity of light=3'0x 10:9 cm./sec. 

[Nag. U.—1955] 

Ans. '089 cm. 


8. Describe an apparatus which can be fitted up in 
laboratary for determining the velocity of light. Does the velocity 
of light depend upon the nature of the medium ? Do you know 
of any optical property of a medim to which the velocity of light 
can be related ? [Pat. U.—1965 ; R.P.B.—1962] 


9. State briefly how the velocity of light ina transparent 
medium like water or glass may be measured. [Nag. U.—1970] 


| 


There were a few very early theories of light put forward by the 
Greek philosopher Plato, by his contemporary Aristotle and by 
Roger Baoon. But such theories were more or less speculations not 
based upon systematic experimental observations. As time advanced, 
more and more experiments and observations came to be realised. 
Such speculative theories conld not explain the later observations and 
have since become obsolete. It was during Newton's time that the 
physical laws regarding rectilinear propagation of light, reflection and 
refraction become accurately known. Also some observations regard- 
ing dispersion and superposition of light beams aroused interest. He 
was the pioneer in advancing the first plausible theory of light which 
goes by the name of Corpuscular Theory. 

110. Corpuscular or Emission Theory—The theory uphold by Sir 
Isaac Newton starts with the following assumptions : 

(i) Every material body, whether self-Iuminous or illuminated by 
a source, shoots out in every direction from its surface very minute 
participles called luminous corpuscles. 
A beam of light is supposed to con- 
sist of streams of corpuscles moving 
along the beam. In Fig. 207,B repre- 


sents a luminous body and C the E 
corpuscles moving out.. Note that a 
corpuscle may have any direction a 
of motion such as CG, CF or CE. 

(ii) The corpuscles are infinitely $ 


small in dimension but having a 
little inertia. They travel with a 
uniform speed in a homogeneous 
optical medium in straight lines. 

(iii) The various colours, pro- 3 
duced by light, are supposed to be Fig. 207 
excited by corpuscles of different sizes. 

Explanation of Rectilinear Propagation—It may be of interest to 
note here that Newton had earlier enunciated his famous three laws 
of motion. According to his first law of motion, every material body 
due to inertia would either remain at rest or possess a uniform 
rectilinear motion so long as no external force acts upon it to change 
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its state of rest or motion or the direction of motion. He readily 
applied this law to the corpuscles and showed that assuming inertia, 
the corpuscles would possess a uniform motion in straight lines (Fig. 
207). Newton assumes that the presence of the optical medium 
does not offer any appreciable retarding force on the motion of the 
corpuscles. Thus by adducing inertial property to the corpuscles, 
he had not any difficulty in explainting the rectilinear propagation of 
light rays as also the constancy of the velocity of light in a medium, 


111. Explanation of Reflection—In explaining Reflection of 
Light, Newton assumes that when the luminous corpuscles are at an 
appreciable distance from a reflecting surface, they move quite freely 
in the medium above the reflector. But when they come within a 
small zone near reflecting surface, they experienee a repulsive force 
in a direction normal to the surface. Due to this retarding force, the 
speed of the approaching corpuscles continuously diminishes and 
becomes zero very near the reflecting surface. After this the speed 
is reversed and when the corpuscle leaves the zone, they assume a 
velocity equal to the initial impinging velocity. The trajectory of the 
corpuscle within the zone of influence is akin to the motion of a 
projectile in a uniform gravitational force as given below : 

Let AB be a plane reflecting surface having a zone of influence of 
thickness CD =FG at its front (Fig. 208). Let a corpuscle of mass m 
moving with a velocity v 
along a direction PD enter 
the zone of influence at D 
making an angle i with the 
normal DE. Suppose that 
aretarding force, uniform 
throughout the zone, acts 
normal to the surface and 
produces a negative aoce- 
leration f on the corpuscle. 


The vertical compo- 
nent along DC of projected 
Eig. 208 velecity is v cos i. The 
time T to reach the depth XO, where the vertical component of 
velocity becomes zero, is given by the equation of motion :— 


0=y cos i—fT, whence T=" E i e (H1, 1) 


= 
e 


The horizontal component of velocity y sin i is unaffected by the 
vertically retarding force. If DX is half the horizontal range, then 

DX-v sin ix T= Sn es d A m 

The range of flight DG-2px- 2r sin feos i _v sin 2i, 

Also, O=v? cos? i —2f X OX, whence ox=" eei S CUTS 3) 
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Let S be the position of the corpuscle at a time f after entering 
the zone. Then VS=y cos i xÀ—ift?. 


2 2; 
E: ORSESEEP UE Ty -ORe Bye es -[ cos ixir-ife | 
fv? cos? i vcosi,, , f[v cos i 8 
perth S) t |=? —t), 
on xe | "oiu Jte jJ 


2x [vcos i J- 
whence — =(—— -t 
f f 


a Vas 
Again RS=XV-y—DX—DV =" SE —y sin i xt. 


(111,4) 


On y= sin? (Ves -g- sin ix 2% eerie 
y ; F (111,5) 
Hence squaring both sides, we get 
v? sin? 
peu Xx=4ax A (111,6) 


where a=v* sin? i/2f=constant, for a given angle of projection i. 
This shows that the path of the corpuscle through the zone of 
influence for any angle of projection is a parabola with OX as its axis. 
Since a parabola is a symmetrical figure about its axis, the angle of 
emergence at G, which is the Z HGQ, would also be equal to i. After 
getting out from G, the corpuscle is beyond the zone of influence 
and it travels straight along GQ. 


The horizontal velocity is everywhere constant and it must be 
vsiniat G. The vertical velocity at G along GH is due toa fall 
through the distance OX due to the acceleration f during an interval T. 

<. the final vertical velocity —0-- /T—f T—v cos i, from (111,1). 


So the resultant velocity— y/y? sin?j4-v? cos?i —v-—the original 
velocity of the corpuscle. Thus we derive the following conclusions: 


(i) In the act of reflection, a luminous corpuscle emerges out 
from the zone of influence at an angle with the normal equal to that 
ofincidence. Hence the angle of emergence of a ray of light is equal 
to its angle of incidence. 


(ii) If PD and DE be on the plane of paper, then GQ and HG 
also lie on the same plane. This means that the incident ray, normal 
at the point of incidence and the reflected ray are coplanar. 

Hence the laws of reflection are corroborated by the corpuscular 
theory. This theory also shows that the velocity of light remains 
unchanged by an act of reflection, provided the mirror has no motion 
along the normal. i A 

Criticism on Reflection Theory—According to Geometrical Optics, 
an incident ray and the corresponding reflected ray meet at the 
mirror surface, but in this case there is a symmetrical curvature of 
the corpuscle through the zone of influence. Newton supported his 
view point by considering the zone of influence to be infinetesimally 
thin, in which case limit OX=0 the points D and G would virtually 
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coincide, giving almost an identical figure as reflection of a ray of. 
light given in Geometrical Optics. 

According to the theory of parabolic path ( equation 111, 6 ) 
through the zone y?/f should be a constant quantity. This shows that 
if reflection takes place in different optical media, such as air, water, 
glass, etc., velocity of light v would be different in each case but v? If 
should be constant. This amounts to saying that the repellent force 
exerted by the zone in different optical media is different but it is 
always a self-adjusting force. 


112. Explanation of Refraction—In explaining the phenomenon 
of refraction of light by corpuscular theory, Newton assumes that 
around the surface of separation of two optical media, the zone of 
influence extends both ways to a very small distance. Let AB be the 
line of separation of two 
media, the upper medium 
being less optically dense than 
the lower(Fig. 209). The limits 
of the zone of influence are 
MN and PQ, respectively. Let 
a corpuscle moving with a 
velocity v, along CD in the 

. rarer medium be incident at D 
on the upper surface of the 
zone of influence. Newton 
makes a further assumption 
that when a corpuscle moves 
from a rarer to a denser 
medium, the zone of influence 
exerts auniform attractive force 
on the corpuscle all through 
its thickness and acting per- 
pendicular to the dividing : 
Surface but that when the Fig. 209 
corpuscle moves from a denser to rarer medium a uniform repulsive 
force acts upon it through the zone of influnce. 


Thusin going from rarer to denser medium a corpuscle experi- 
ences a uniform attractive force. From C to D, the path ofthe 
corpuscle is straight because of inertial motion only. If the incidence 
is oblique, the initial velocity of the corpuscle can be resolved parallel 
and perpendicular to the surface. Ofthese the motion parallel to 
the surface does not change but the vertical component is an accele- 
rated downward motion due to the zone of influence. Due to these 
two, the path DEF of the corpuscle is curved. From F the corpuscle 
goes out. of the attractive force and moves along the tangent to the 
curve at F. 

To find the nature of the curve DEF, take a point E and drop a 
vertical line DH and a horizontal line EH. Call DH=y and HE=x. 
Let the corpuscle move from D to E in time t. If v, be the velocity 
in the upper medium and the inclination of CD to vertical be 0, 
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the vertical component of v, is v, coso and the horizontal component 
is v, sing. If f be the acceleration of the corpuscle due to the 
attractive force, then 


HE-—x-», sin @xt v (119: EN) 
and DH=y =v, cos ox t ift? «svi su 1122) 
From (1), ?—x][v, sin 0 and substituting in (2) we get 
ud E PR win ee 
y=cot OX XLI) x se (112,3) 


This equation is of the form y=ax+bx*, which represents a 
parabola. Hence the path DEF is a part of the parabolic curve. 

Proof of Sneli’s Law—Taking CD as the path of the corpuscle in 
the rarer medium, the angle of incidence is the angle between CD and 
anormal at D. This angle is evidently 0. Again the final path of the 
corpuscle in the denser medium is FG and the angle between FG and 
the normal at F is ¢, which is, therefore, the angle of refraction. 


The horizontal component of velocity in the upper medium is 
v, sin Ó and the horizontal component of velocity in the lower 
medium is v; sin $. Now these components must have to be equal, 
since the force experienced by the corpuscle within the zone of 
influence is always vertical and there can be no component of this 
force along a horizontal direction. 


QE Sn sin 0 v, 
y, sin 0 2v, sing, whence a e 32,4) 
Again un =p where u is the refractive index of the lower 


medium with respect to the upper. If the upper medium is air or 
strictly vacuum, then p represents the absolute refractive index of the 
lower medium. Thus by combining the last two equations, we get 


u=} - (1128) 


Where v, is the velocity of corpuscle or of light in the denser 
medium and v, is the corresponding velocity in vacuum. Thus for a 
pair'of given optical media, v; and v, ore constants. Hence the re- 
fractive index for any two given media becomes a constant quantity. 
Further the path of the corpuscle within the lower medium is found 
tolie on the plane containing the normalat the point of incidence 
and the path of the corpuscle in the upper medium. So both the 
laws of refraction come out as a sequence from corpuscular theory. 


If the thickness of the zone of influence be supposed to be 
negligibly thin, the points D and F would approach each other until 
they are neighbouring points. In that case the normal drawn at D 
would very nearly pass through F, so that general diagram for 
refraction in Geometrical Optics would differ very little from 
Fig. 209. Thus the identity between corpuscular theory and ray 
theory was established by Newton in 1664. À 

Criticism on Refraction by Corpuscular Theory—According to 
the corpuscular theory, the absolute refractive index of an optical 
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medium is the ratio of the velocity of light in that medium to the 
velocity of light in vacuum. Now a measurement of refractive 
index of any optical medium in the laboratory always gives a value 
greater than unity. For example, the refractive index of water is 
very nearly 1:33, of glass the value is 1°50, etc. 

velocity of light in glass 
velocity of light in vacuum’ 


Thus"u of glass-1:50— 


That the velocity of light in any optical medium becomes greater 
than the velocity of light in vacuum follows as an inference from 
Newton’s corpuscular theory. Unfortunately this inference could 
not be experimentally verified during his life time or even within a 
century after his death. 

A great difficulty arose in the explanation of simultaneous 
reflection and refraction of light by an optical medium such as a 
glass slab. When a beam of light is incident on a glass slab, a part 
of incident light is reflected in air and another part is refracted. 
When considering reflection, a thin zone above glass surface is 
supposed to repel the incident luminous corpuscles. But when the 
same piece of glass refracts light, the same thin zone .of air and a 
thin zone below the glass surface would attract the corpuseles. 
Newton made a fantastic assumption that the zone of influence 
alternately repels and attracts the corpuscles at a very rapid rate 
which he calls its ‘fits’ of easy reflection and refraction. The 
assumption of ‘fits’ seemed very queer even in Newton's time, but 
considering his personality and genius nobody could boldly challenge 
the corpuscular theory. 


Discardment of Corpuscular Theory—The first experiment to 
measure the velocity of light in a transparent medium such as water 
was made by Foucault in 1850, more than two hundred years 
after Newton's death. He found that the velocity of light in water 
was much less than the velocity of light in air. This was against 
the prediction from Newton's theory. Subsequent workers have 
also measured the velocity of light in different transparent materials. 
In each.case it was found that the velocity of light in any optical 
medium came out to be less than the velocity of light in vacuum. 
According to their observations, the refractive index of. any medium 
is the ratio of the velocity of light in vacuum to that in medium, 
which is the reciprocal ratio as predicated by Newton's theory. For 
such reasons, the corpuscular theory is now rejected. We shall now 
discuss the accepted theory, known as the Wave Theory of Light. 


113. Wave Theory of Light—The theory was put forward by 
Huygens and Fresnel in 1678, during Newton's life time. But 
because of Newton's eminence, the wave theory could not gain any 
solid footing in the seventeenth century. In advancing wave theory 
Fresnel assumed that— 


(1) The whole universe with all matter and space is permeated 
with a hypothetical medium called the /uminiferous ether. 


eS 
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(2) The light energy in a body produces in the surrounding ether 
periodic disturbances and such disturbances spread out in the form 
of waves in all directions. The energy of vibration is transferred 
from particle to particle of etherial medium. Propagation of light 
is considered to be a wave motion in ether. 


(3) To beable to transmit waves, the etherial medium should 
have to possess elasticity and density, since elastic property starts 
oscillation in medium and density or inertial property maintains the 
oscillation. According to Romer's observation in 1676 the velocity 
of light in free space is as high as 186,000 miles per second. The 
theory states that the velocity of waves produced in a medium is 
proportionalto the square root of elasticity divided by density. 
To attain such a high value of the velocity, the elasticity of ether is 
assumed to be very high and its density to be extremely low. 


(4) Experiments confirmed that light waves in ether are trans- 
verse in character and no trace of longitudinal waves could be detec- 
ted. This condition further requires that the etherial medium must 
be perfectly rigid having no compressibility. So wave theory of light, 
as propounded by Huygens and Fresnel, is known as the Elastic 
Solid Theory. 


(5) Etherial waves capable of producing sensation of sight belong 
to a band of wave lengths. Waves ofa particular length produce 
sensation of a definite colour. When a group of such waves reaches 
our eyes, we perceive the existence of light. 


The wave theory of light could not only successfully explain the 
phenomena of rectilinear propagation, reflection and refraction but 
also foresaw some other probable phenomena which were later on 
confirmed by experiments. Hence wave theory of light gained a firm 
footing and ousted the corpuscular theory in its original form. 


During the early part of the twentieth century some experiments 
relating to the interaction of light energy and elementary particles 
such as electrons, protons, etc., have confirmed the view that energy 
behaves as corpuscles having inertia while in superposition and reac- 
tion with massive matter it behaves as waves. This corpuscular 
character of light energy is dealt with in Quantum Theory. 


114. Waye Motion—A full chapter on wave motion and its 
characteristics has been dealt with elsewhere in this book (vide 
Sound, Chap. II) The reader is requested to make preliminary 
study of that chapter before proceeding any farther in Physical 
Optics. Only a gist of that chapter would find a reference here. 

Imagine a praticle ora group of particles bound to all other 
particles about it by a kind of elastic force. When an external force 
of a periodic nature displaces a particle or a group of particles of the 
medium, it begins to oscillate periodically due to the action of the 
particles, the neighbouring particles execute periodic motion. When 
such a state of motion is handed on by a particle to its neighbours, 
a periodic motion passes through the medium from particle to the 
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next particle and so on. This process of transferance of a periodic 
disturbance through a medium is called a wave motion. There are 
in general, two kinds of wave motion,—longitudinal and transverse. 
When any one type of waves propagates through a medium, vibra- 
tional energy is carried. from one region to another within the 
medium. If we take any two points along the direction of propaga- 
tion of energy, the line joining these two points may be called the 
ray or the direction of wave propagation. 

Longitudinal Waves—In course of wave propagation through a 
medium, when the particles of the medium periodically vibrate 
parallel to the direction of wave propagation, it is called longitudinal 
wave propagation. The nature of longitudinal waves may be experi- 
mentally demonstrated by running of Crova's disc or by giving slow 
oscillations to a suspended brass spiral. Vibrations of condensations 
and rarefactions set up in air columns are examples of longitudinal 
wave motion (vide Sound). 

Transverse Waves—ln case of wave propagation through a 
medium, when the particles of the medium periodically vibrate 
along lines perpendicular to the direction of wave propagation, it is 
called a transverse wave propagation. Ripples ona stagnant water 
surface are familiar example of transverse waves. Waveset up in 
hypothetical medium ether are also transverse waves. 

‘In addition to these, sometimes complex waves are generated, 
which are a combination oftranasverse and longitudinal waves. Large 
waves on water surface have both transverse and longitudinal 
motions. Earthquake waves on land are often complex waves. As 
transverse waves are important in connection with propagation of 
light, we shall deal with the following terms relating to transverse 
vibration. À 

Wave Length—Suppose that the undisturbed layer of a material 
medium is represented by the line OH containing a series of particles 
O, A, B, C, D, E, F, G, H. When a transverse waves is set up, the 
particles may take up the positions represented by O, A’, B', C', D, 

‘abe E’, F, G’, H at any particular 
: instant (Fig. 210). The particles 
at O. D, and H have no displace- 
ment at this instant. The particles 
at A, B and C are displaced up- 
wards to A’, B' and C. The part 
ofthe medium between O and D 
Swells up and it is called the 
crest of the transverse wave. The 
particles E, F and Gare displaced downwards to E’, F” and G’ 
respectively. The part of the medium between D anc H is cepressed 
downwards and it is known as the trough of the wave. Measured 
along the straight line comprising one crest anda trough, the 
distance from © to H, is called the wave length. In fact, at any 
instant there may be a large number of waves formed in the medium 
one after another along any direction. 


Fig. 210 
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The wave length is usually designated by the Greek letter 
(pronounced as lambda). Large and small waves can be produced 
in the hypothetical medium ether. We get wave lengths several 
hundred metres in length in a Radio Broadcast. Transmission of 
heat is due to wave of length of the order ofa thousand part of a 
millimetre. The visible light radiations have wave lengths ranging 
from 0:00007 cm. to 0.00004 cm. when measured in air. X-rays have 
wave lengths of about one thousartd part ofithose of visible radiation. 
Much shorter waves than X-rays have also been discovered. But 
whether very large or small, all waves have one peculiarity in 
common, viz., they are all transverse looking like that of Fig. 210. 

Mathematical Representation of a Wave—Suppose that at a 
particular instant, the position of the wave is as shown in Fig. 210. 
Further suppose that the form of the wave is a sine curve with 
respect to the line of transmission OH. We find that the displace- 
ments of various particles at A, B, C, ete., are all different at this 
instant. Let the greatest positive displacement be BB’, which we 
call the amplitude of the wave. Let the amplitude be a and the wave 
length OH be 4. Measure the distance x along OH and denote the 
displacement of a particle by y. Then since the contour of the wave 
is à sine curve, we can write a relation between x and y inthe follow- 
ing form : 

Let y —P sin kx 2 (01141) 

We see that the curve repeats after an interval OH. If OH is 
measured in terms of angle, then according to trigonometrical law, 
OH mnst be equal to 360° or 2s radians. Then OD=0'5 OH=a and 


OB=0:25 OH=5. 


We find that when kx is 5 the value of y is greatest which issay a. 


Then from eqn. (1) a=P sin y whence P=a=amplitude. 


- À x LT 
But from wave curve when y=4, X ane Kx whence X= 96 


Amp pit known as the wave constant. 


Tg 
Thus we finally obtain y=a sin Ax (1142) 


Equation (2) gives the relation ved 
the distance x measured from a point On. r 
displacement is zero. Such point from which measurement is made 
iscalled the origin. 1f, however, the origin of the sine curve 18 


shifted through a positive distance s along OH the equation assumes 


the form, 
Qa 


y=a sin Sp (x—s) 


ae (143) 
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cosine wave starts from the 
origin (Fig. 211) we can 
advance a similar argument 
and show that itsatisfies the 
equation. - 


If instead of a sine wave, a d " 


=a cos 2s » (114,4) ` Fig. 211 

Mathematical Representation of a Moving _ Wave—It is an 
inherent property of a material medium that a periodic disturbance 
made at any point of the medium produces groups of waves which 
travel away from this point in all directions with a velocity depend- 
ing upon the properties of the medium. Suppose that a transverse 
continuous sine wave is generated at the same point and that this 
wave train travels with a velocity v along OX. For convenience let 
us take the sine wave at the origin with its crest ahead. This wave 
train,as it advances, would first displace the particles in positive 
direction (Fig. 212). 

The equation of the wave with referenceto the origin O for 
t—0 is, 


No ERN PO 
yc-—asin 5 x—asin x x). 


Take any point B 
along the line of 
wave propagation. If 
OB=x, then AB=y, 

After a time t, 
this wave with its 
form undistorted has 
$ travelled a distance vt 

Fig. 212 along the positive 
direction OX, and the displacement AB has occupied the positions 
A'B'. If the current co-ordinate is x at time t, then x=OA’. 


Now OB=X co-ordinate of wave at start2OA' — BA^—x —yt, 
Then for the wave moving with a velocity v, its equation at time 
t with respect to the fixed co-ordinate is represented by, 


y--—a sin 7 (x—vt), Or, y=a sin P ix) .. (114,5) 


Since x represents a distance measured along an assigned 
direction this equation represents waves moving along any line 
parallel to this direction. Such a system of waves whose directions of 
propagation are parallel to each other is called plane-parallel waves. 

Similarly, for a plane-parallel cosine wave at the origin represen- 
ted by eqn. (4), the equation for a moving system is given by, 


J-a cos aota) s.. (114,6) 


—» 
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If, however, a sine wave with a crest behind the trough be formed 
at the advanced position at t=0, the equation of displacement may 
be written as, 

y=a sin A x, where y —A'B' and x=OA’. 
_If this wave advances towards the origin and in time ¢ reaches the 
origin, then since OA’=OB+BA’=x-+vt, the sine wave moving 
towards the negative direction of x is represented by 


yea. sin 2. (vt-+x) s (114,7) 


The cosine wave also has the form of vt4- x. 

115. Elementary Study of the Wave Propagation—A wave 
motion along a direction may be studied by any one of the following 
ways :— 

(1) Observation may be fixed upon any one particle of the 
medium through which series of transverse waves are passing. Let 
these be sine waves. Since the particle has a fixed distance from 
the origin O, x in eqn. (114,5) is constant. 


Hormone td n ( =) 
y=a siny (vt x)=a sins? t- »J 


Now 2 =time required by wave to travel x, call it t,. Ift- =r. 


Then y=a sin v(t—1,)=assin a eain TOAST 


where w is the pulsatance (angular velocity) of the wave and T is 
the period. 

This is the well-known equation for simple harmonic motion. 
Thus the particle would be found to execute S.H.M., but there would 
always be a time lag of x/v=t, between the oscillation at the origin 


and that of this point. y 
(2) Observation may be made at any instant along any definite 


length of the medium along the course of wave propagation and 
displacements of successive particles may bs studied. In this case ¢ 
of equation (114, 5) is constant. 
. 2r ETR. 
y=asin 5- (vt—x)=a sin (or 7“ ) »91€115,2) 

The terms wt and 2zx/A have both dimension of angle. At the . 
origin x =0 and displacement there is a sin wt. As x increases from 
the origin, the angle ot—27x/A continuously changes, giving various 
values of y, whose ends are distributed over a sine curve. 

(3) Observation may be made for a constant value of y (displace- 
ment): In this case 


y=constant=a sin zu (vt). 
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On the right side, then vt—x must have to be constant. Suppose 
that vt—x-b. Then when ¢ changes toż, and x correspondingly 
changes to x,, then.also vt, —x, =b. 

4o vt—x=Vt,—x,, or, HO (115,3) 
t,—t 

So to observe a constant value of y we have to move with the 
velocity v. In other words, a constant displacement has a velocity v. 
The constancy of the displacement is governed by the constancy of 
the angle (ot—27x[A). This angle is called the phase angle and the 
velocity v defined by the equation is called the phase velocity or the 
velocity of a constant phase. 


116. Phase of a Wave Motion—In representing a displacement 
due to a wave motion, we have seen in the previous article that we 
can speak of displacement at any distance varying periodically with 
time or of the displacement at any instant varying sinusoidally with 
distance. The term phase denotes the factors responsible for the 
periodic variation of the displacement either with time or with 
distance. 4 


Let us take the displacement equation. 


y=asin 2* (wx) d C IGN 
Then E: Eom cos 4 (vt —x) when x=constant - (116,2) 
and a Lupus cos 2 (yx) when ?—constant ... (116,3) 


Equations (2) and (3) give the conditions of variation of y with 
x ort. All other terms on the right side remaining constant, the 


controlling factor for variation of y is e (vt—x) which is therefore 


the phase of the wave motion at time t and at a distance x from the 
origin. 

Phase Difference—We can speak of the phase difference between 
two points at a particular moment at two different regions along the 
course of the waves. Let the distances of two points from the origin 


be x, and x and let y, and y, be their instantaneous displacements. 
If their amplitudes be the same, then, 


DAIZ y 
y,=a sin " (vt—x,) and y,—a sin e (vt — xs) respectively. 
Their phases are as (vt—x,) and A (vt— x4) respectively. 
Hence the phase difference ô between them is given by 


= Ot- x1) - P (tx) =2 Gu x) PRN estate), 
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We can write y, =a sin27. [vt -xa +(x —x4)] 
=a sin [or xp (x5 —x1) l and y,—a sin E (1—33)] 


<. Phase of y, leads that of ya by 2" (x, -Xxi. 


Waves corresponding to equation (116, 1) are called infinite train 
of sinusoidal waves, since waves exist for all values of path x extend- 
ing from + infinity to — infinity. For such waves, 


phase difference 2" «sei (116,5) 

Eqn. (116,4) holds for all values of path differences. When two 
beams of light producing wave systems conform to the condition 
given by eqn. (4) the light beams are said to be coherent. 


117. Propagation of Plane and Spherical Waves.—In Arts. 114 
and 115, we have shown that if through different points of any 
optical medium, waves of a similar wave length propagate with an 
equal velocity and if their paths of propagation are parallel to each 
other, the system is called a plane wave. As the waves move more 
and more through the medium, the energy of the waves become less 
and less due to absorption. But is a plane wave passes through 
vacuum, the equation of motion of the wave is represented by any 
one form of equation of Art. 115. Since the energy associated with 
a wave system is proportional to the square of its amplitude, the 
amplitude of a plane wave in vacuum does not depend on how far it 
has travelled. Let us state an equation of a wave motion in the form, 


y=asin 2 (vt —x)=a sin 2x (5-4); 


If, now amplitude a is every where the same and does not depend 
on x, we may say that this equation represents a plane wave travelling 
in vacuo. The nature of a - 1 
plane wave propagation is 
shown in Fig. 213. If a plane 
such as PQ be taken normal 
to the direction of wave pro- 
pagation, the phase of motion 
is constant over this plane. 
In general if a plane wave 
moves in a medium and if the 
energy is absorbed conti- 
nuously, the equation of 
motion may be written as 


+b 
yzae "sin A (vt—x) 


Fig. 213 


where e is exponential and 5 
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is a constant depending upon the nature and magnitude of absorp- 
tion. The amplitude for x—0 is evidently a and it continuously dimi- 
nishes as the plane wave moves more and more in the medium, A 
more absorptive medium would have a greater value of b. 


Spherical Waves—A point source vibrating periodically in all 
possible directions in a medium produces waves which move in all 
directions from the origin. If the velocity of wave motion be equal 
in all directions, then at any instant the energy from the source is 
distributed over a sphere whose radius is equal to the product of the 
wave velocity and the interval over which the waves have moved 
from the source to the region under consideration. Fig. 214 gives 
some idea regarding the propagation of spherical sheets of waves 
from a point source. At any point of the medium the vibration is 
periodic but at any instant phase varies continuously from point to 
point as the distance from the origin changes. As regards amplitude, 
it diminishes inversely as the distance from the source, as would be 
evident from the following consideration. 


It is known that the intensity of light or sound energy from a 
point source varies inversely as the square of the distance from a 
Source. If I, and I, are intensities at two points at distances r, and 
Ta from the source, a, and a; being the Corresponding amplitudes of 
the waves at the two regions, then, 


Teeny 3 a 
Ti—-M 271, whence 72% 
Ii ri T, ds 


Therefore amplitude falls off inversely as the distance from the 
source for spherical waves. If a be the amplitude at unitdistance and 
a be the amplitude at a dis- 
tance r, then 

a a 


1 
—=-, Whence d'=", 
a r r 


The phase of motion of the 
wayeata distance r in relation 
tothe origin may be written 


as 2 (vt—r). Thus the equa- 


tion of the spherical wave at 
a distance r from the origin 
Fig. 214 is represented by, 


a. 2m 
p-zsin zen 


where p is the instantaneous displacement. This displacement is at 
right angles to the radius vector of length r joining the source and 
the point under consideration when the waves are transverse. 
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Example: 
A point mass of 0'2 gm. is moving simple harmonically obeying an 
equation x—4 sin (5) cm. Find (i) amplitude and the pericd (ii) initial 


displacement (iii) force acting on the mass at its initial positicn (iv) displace- 
ment, velocity and acceleration at the end of one second and (v) maximum 
kinetic energy. 


Let x=a sin (of+6)=4 sin (5+3) cm. Ores b) 


(i) In this case amplitude=a=4 cm. 


1 2m 2m 2x22 ,. 
Period T-7——$ 5x1 
(ii) Initial displacement corresponds to t=0 in eqn. (1) 


Hence xo=4 sin =4 sin 60*—2 /3—3'46 cm. 
(iii) From eqn. (1), dxo aw?sin (wt+ @)=acceleration of point mass. 
.. Force=m dx =—maw? sin (vt-- 0) and for initial position t=0 


dt? 
or, force at inital position —mao? sin 6 —2x4x59 x sin =—173 dynes 


that is 17:4 dynes towards the origin. 

(iv) Let x, be displacement a‘ter 1 sec. Then x,=4sin ( 5 +7) taking 
t=] sec. now 7°=180° .", io IHE and so 5¢=— 200" 863; T= 60" 

S2 5+7°/3=346°3°; sin 346°3=sin (360° —13°7°)=—sin 13:7? 

J. X,24X(—sin 13°7°)=—4X*2368=—"9472 cm, 

Let v, be velocity after 1 sec. 


now E. =v=dw cos (w+) general expression for velocity. 


+, y,=aw cos (w+ 6)=4% 5 cos (s°+%) =20 cos 3463, 


Now cos 3463°=cos (360°—13'7°) cos 13°7°~='9711 
Or, "-19:422 cm./sec. A 
Let f, be the acceleration after 1 second, 


now, dix. f —a«? sin (ut4- 0) - ger era] expression for acceleration 


dt* 
^n fim - au? sin (o8) e - S? x4xsin(594-2) 
= —52x (sin 137) = —9472 x 25=23'68 cm./sec?, 
r x, (dx 
(v) Kinetic Energy =} massxvelocity2=3m (5) 


1. KE-ima?e? cos? (wt+0). 
The maximum KE=}ma2w2=4x 02x 42x 5° — 40 ergs. 
uation 


2. ource of plane parallel waves vlbrates according to the eq 
yea rns where the amplitude=6 cm, and period of vibration=18 sec. Ifthe 
waves travel at the rate of 200 cm. per sec. find the equation of motion of the 
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particle £00 cm., from the source, Find also the phare difference of two 
particles on the wave system at a distance of 300 cm. from each other. 


Ans. yma sin of 6 sin z tequation of motion at source, k 
Time lag of vibration of a point at a distance of “00 cm. ix 500/2002'$ tec. 


$. y for the particle6 sin $1 $. 
Phase difference = 7" xpath difference, 
Now Aere vT «200 183600 cm, 


. Phase difiereoce = ics 00— 7 e X. 


Exmnoisms on Cnarran IX 


Reference 
Arts, |, Briefly à dr mpeg show 
MO&II «according to this theory the [^ ron 
necting enn d . one 
Art. 12 2 What are the 
theory. Dedi the he of RERO ESANA d s Me heo. 
shed tose aru an bed: pee 


Ar. Distuse thie aptuotion! ‘of th es 
IDA 14 pepe the nature of loseitedinal abd (raasverss dem th 


An. 114 


a wave motion, (C. U, B, Sc. — 1969) 
Art. 114 maw of 05 moves simple harmoni 
ER Ya LL y " 5 ae 
xm sin (5-5) em. 


the amp and . Aere 
thelr aston cn ct ere ee kiperi 


n Periode» )25 tec, Initial dip, —6 
em. dyors; Max. K. 12225 ergs 


Art H6 T ^ of l bas 
source oe waves &n equation of 


Ld] T 


of meen eat tea IL = IN travel at the rae 
cra jae. lod moto 
LE e - the equat n of tbe particie 


* 
Ans. ya6 sia =, (2t— 5), b 


CHAPTER X 
Huygen's Principle of Wave Propagation : Secondary Waves 


in different directions. Some crystalline substances are not isotr 


radius is vt,. A section of the spherics! surface by the pines of 
per is a circular aro with centre S, à smali part of which is shown 
Do aro AB hoving a radise V, After a vory short interval of time 


Pig. 205 Fu. 216 
M the wave moves a small distance forward and occupies the potition 
A, B, where AA, e BB, evt, 


If the source S is at an exceedingly large distance from 
is when v, is e large, the arc AB hat such à 
small curvature that After a email 


cu UNA 
‘ wave 
Gale baoson veru oí PETENDA A Iu emo 


source be represented by, 6 sin nt. Since any point of AB Hate 


—— 
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distance vt, from S, the equation of vibration of any point on AB 
is given by, 


a sin? (vt —vt,)=a sin 23 (vt—r) say, 


where a is the amplitude of the wave over AB. 


A surface in an optical medium, at any point of which the phase 
of vibration of the wave at any instant is the same, is called a wave- 
front, Consequently with regard to the point source S,a surface of 
r constant at a given instant of time at the end of the interval t is a 
sphere of radius r. A smallsection of the sphere is the arc AB. 
Hence AB is a part of the wave-front. This wave-front after an 
interval 8t occupies the position A, Bı. Thus the wave-front moves 
forward with the wave-velocity v. 


119. Huygens Principle—Huygens gave an explanation of how 
a wave-front moves forward. He considers a spherical surface such 
as AB, drawn around the point source S and calis such a surface as à 
primary wave-front. During a short interval of time every point of 
- this surface would undergo 
periodic vibration similar to 
that.of the point source S. 
Then he argues that if the 
point source in course of 
vibration could produce 
spherical waves, then every 
point of this primary wave 
would produce similar spheri- 
J» cal waves moving with equal 
| ve" velocities. These are called 
Fig, 217 Fig.218 secondary waves and since the 
time ôt is small, Huygen's preferred to call such waves generated 
from a primary wave-front as secondary wavelets. 


Fig. 217 represents a primary wave AB and the secondary wave- 
lets generated from different points such A, P, Q, R, etc., in an 
interval of time ôt. The envelope of the secondary wavelets along 
the forward direction is A, B, which is againa primary wave after 
interval of ôt. For a plane wave, the primary wave-front A, B, at 
an interval of ôt is shown in Fig. 218. 


It may be stated in this connection that there may also be 
another envelope of the secondary wavelets A,B. along a reverse 
direction which indicates, according to Huygens, another primary 
wave front moving along backward direction. But the back waves 
are found to be absent and this could not be explained successfully 
from Huygens’ principle. Kirchhoff from a more generalised 
treatment of Huygens’ principle showed that back waves cannot be 
present. 
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120. Wave Theory of Reflection—When a wave-front travelling 
ina medium, meets a very smooth surface of a different medium, 
then the wave-front is turned back into the same medium obeying 
the same two laws of reflection treated in Geometrical Optics. Let 
MM’ be the section of a plane reflecting surface on which a parallel 
beam of light limited by PB and QA is incident obliquely at an 
angle of incidence i. We well 


know that we shall get um the OR a (Dad 
surface a reflected parallel beam / 
oflight on the other side ofthe Ke etait bad 


normal at equal angle. If we 
draw a plane AB at right angles 
to the incident beam, then AB is 
the incident wave-front. 


To find the reflected wave- 
front, make the following geo- 
metrical construction. Produce 
the incident ray through B till it 
touches the mirror at B'. With : 
centre A and radius equal to BB’ Fig. 219 
draw an arc of a circle ab in the upper medium. Now from B' draw 
a tangent B'E on this arc. Then B'E is the section of the reflected 
wave-front. 

Explanation—We may consider that the incident wave-front AB 
is moving in the direction of the arrow-head with the wave-velocity. 
Just from the moment the point A of the wave-surface has touched 
the mirror, a point at A keeps on vibrating producing spherical 
secondary waves. These waves move outin all directions in the 
upper medium with the origitial velocity. As the incident wave- 
front laps over the surface from A to B', successive points to the 
right of A are excited one after another producing secondary 
waves, X 
That EB’ would be the reflected wave-front is evident from the 
following consideration. In the absence of the reflecting surface, the 
wave-front AB would have travelled ina certain interval to A'B 
where AA’=BB’. Since AE by geometrical construction is equal to 
AA’=BB’, secondary waves from A would travel to E during the 
interval the point B of the wave-front touches the mirror at B'. The 
time interval between B and B' being equal to that between A and E, 
the phase of vibration at B' is the same as. that at E. Thus B' and 


E must be on a wave-front. à d 
Now take any point C on the incident wave-front. The disturbance 


from this point in the absence of the reflecting surface would travel 
to the position C’ where BB’=CC’. When the wave-front, in course 
of sweeping over the reflecting surface comes to the position HF, 
the disturbance from C has just touched the mirror and secondary 
waves ate on the point of spreading out from F. When disturbance 
at H reaches B’ secondary spherical waves from F would reach a 
distance in the upper medium equal to FC. Draw FD at right 


Pt. IIJL-14. 
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angles to EB. Then FD becomes equal to FC', which is obtained 
as follows : 

B'E being tangent to the arc whose radius is EA. Z AEB’ isa 
right angle. Again AA’ is direction of propagation of incident wave- 
front, and AB is parallel to A'B’, ZAA‘B’ is a right angle. 


For a similar reason Z FC'B' is a right angle. 
In A: AEB’, AA/B' ; ZAEB'— Z AA'B' - 1 rt. angle. 

AE=AA’ by construction ; AB’ common to both. t 

Hence A” are equal in all respects, whence LEAB'— Z A'AB'. 

Again since AE and FD are both perpendicular to EB, they are 
arallel. 

B J. LEAB'- Z DFB' also LA‘AB'= ZC'FB, 
whence ZDFB’= Z B'FC*. 

Consider A! BFD and C'FB', 

LB'DF- Z B'CF— 1 rt. angle ; LDEB'— ZC'FP' 

and FB' is common to both 

<. FC'—FD, which shows that the points C’ and D would have 
the same phase. 

It is clear that in the absence of the reflector the point F would 
have travelled to C' when B', C' and A' would have the same phase. 
In the presence of the reflector, vibration at the point F would 
travel to D, where B', D and E are in the same phase. This is true 
for any point of the incident wave-front. Hence B'E is the reflected 
waye-front. | 

Verification of Law of Reflection—According to Geometrical 
Optics, if QA be an incident ray and AN is the normal at A, then 
ZQAN is the angle of incidence i. Since AB is normal to QA and 
AB is normal to AN. 

Then / QAN= Z BAB’= Zi. 

From identical A* BAB’ and EB'A, / BAB’= / EB'A— Zi. 

Again AE is normal to EB’ and NA is normal to AB’ 

4 LNAE-Zi- Zr, say. s 

Hence corresponding to QA as the incident ray, AE is the reflec- 
ted ray inclined at equal angles on opposite sides of the normal. 
The inclination of the incident wave-front to the reflecting surface 
is equal to the inclination of the reflected wave-front to the same 
surface, This proves the first law of reflection. Since the sections 
of the wave-fronts,.the reflecting surface and the normals are all 
drawn on the plane of the paper, the incident ray, the correspond- 
ing reflected ray and the normal at the point of incidence are co- 
planar. This verifies the second law. 

121. Object distance and image distance Relation—Let there be 
a point object P placed before a reflecting surface MM’ at a distance 
d from it (Fig. 220). Spherical waves emanate from P and expand 
outwards. When the radius of such a spherical wave AOB is equal 
to d, one point of the incident wave-front touches the mirror at ©; 

which point from now on behaves asa centre of disturbance 
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producing secondary waves, As different parts of the incident wave- 
front touch the mirror ia succession, each point produces Secondary 
waves. The envelope CDE of such Secondary waves is the reflected 
spherical wave-front which moves back into the upper medium. 
Let the centre of curvature of the reflected wave system be at Q. 
Then the point Q is the image of P. The image is virtual in 
character and ıs formed at an equal distance behind the reflecting 
surface MM’. 


Explanation—Had the mirror been absent, the incident spherical 
wave would have moved much farther than the position AOB to a 
position CGE during a short inter- . 
val of time. But due to the reflect- 
ing surface, the point O during this 
interval would send back a secondary 
wavelet whose radius OD would be 
equalto OG. Similarly other points 
of the mirror would send back 
Secondary waves of smaller radii. 
Let the envelope of these arcs be a 
uniform arc whose centre is Q. To 
prove that OP—OQ, we have to 
consider the following geometry ; 

Proof—Let the radius of curva- 
ture of the arc CGE be R. Arcs CDE 
and CGE stand upon the common ' 
chord CE. Since the chord CE is Fig. 220 
bisected by PG at the mid-point O, 
then PG produced passes through the centre of curvature Q of the 
arc CDE. Then by geometry, 


OE? =0G (2R - OG) d s. (121.1) 

If R, is the radius of curvature of arc CDE, then from a similar 
reasoning, 

$  oE-o0D QR,—OD) n Vee CUS 


since OD=OG, R =R, that is PG=DQ 

or, OP=OQ, that is th object distance=image distance. 

Further since the reflected spherical waves appear to diverge from 
Q, the image at Q is virtual. When however the spherical waves after 
reflection or refraction actually convergeto a point, it is a real image, 

122. Reflection from Spherical Surface—When a plane or a 
spherical incident wave-front is reflected from a concave or a convex 
mirror ofa considerable aperture, the reflected wave-front is not 
exactly spherical. The curvature of the reflected. wave-front slightly 
varies from point to point. This indicates that a point object does 
not give a point image by reflection from a spherical mirror and this 
defect in the image formation is called aberration. Butif the aper- 
ture of the mirror is limited to a small region, the reflected wave- 
front may be taken to be spherical in which case an object may have 


at fairly good image. 
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Concave Mirror and a Plane Wave-front—Let APB be the section 
of a concave mirror of small aperture having the pole at P (Fig. 221). 
Let a parallel beam of light limited by X, X and Y, Y be incident 
on the mirror along 
the principal axis ZP. 
This means that a 
plane wave-front of 
section XY is advanc- 
ing towardsthe mirror. 
When XY occupies 
the position ADB, the 
'extremitiesofthe wave- 
front have touched the 
mirror and secondary 
spherical waves are on 
Fig. 221 the point of being 
produced from these 
two points. After this moment as the plane wave-front sweeps over 
the spherical reflecting surface, different points of the mirror produce 
secondary waves. The last point touched by the incident plane 
wave is P. 


During the interval the part of incident wave-front moves from 
Dto P, secondary spherical waves from A and B would advance 
a distance AG or BH where AG=BH=DP. Therefore phases of 
vibration of the reflected wave-front at G, H and P are equal. Hence 
these three points are on the reflected wave-front. It can be shown 
that if an arc of a circle be made to pass through the points 
G, P and H, it would represent the section of the envelope of the 
secondary waves from every point of the concave mirror provided 
the mirror is of small aperture. Thus arc GPH is the reflected 
wave-front. The wave-front moves towards the centre of curvature 
of arc GPH where it passes through to a very small region 
around F which we call the principal focus of the concave 


mirror. This focus is real since by reflection the wave actually pass 
through F. 


Geometrical Relation: FromG drop a perpendicular GE on 
PZ. If R be the radius of curvature of the mirror and f the radius of 
curvature of the arc GPH, then from geometry of circular arcs, 

AD?=PD (2R—PD)=2R x PD— PD? 

again GE? =PE (2f - PE)=2f x PE—PE?. 

If the angular aperture of the mirror is very small, PD and PE 
are both so small that their squares may be neglected. 

Hence AD? =2R x PD and GE? —2f x PE. 

Since AD=GE, RXPD-—fXPE. 

But PE=PD+DE=PD+AG=2PD 

ja R=2f wong (221) 

Focal length of a concave mirror of small aperture is thus half 

the radius of curvature of the mirror. In case of a concave mirror, 
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the reflected spherical wave-front diverges so as to come out from a 
point, which is the virtual focus obeying the same relation Rz2f. 

Concave Mirror and a Spherical Wave-front—Let APB be the 
section of a concave spherical reflecting surface of small aperture 
having the principal axis PL (Fig. 222) Letan object point O be 
placed on the principal axis ata distance u from P. Spherical 
waves produced by P 
proceed to meet the 
mirror in the position 
MIN at. any instant. 
From this moment 
secondary reflected 
waves are produced 
at M and N, while 
the point J of the 
primary incident wave 
still moves on to meet 
the pole P of the 
mirror. Had the 
mirror been absent, 
the primary spherical waves from O would have proceeded further 
from MJN and occupied a position SPT at some later instant. But 
dueto the presence of the mirror secondary waves from M and N 
move forward to a distance MU which is nearly equal to distance 
MS=JP, when angular semi-aperture is small. Take a point V, such 
that MU=NV. If through the points U, P and V a circular arc is 
drawn, this arc represents the section of the reflected Spherical wave- 
front moving to the right. This reflected wave-front gradually 
becomes smaller and smaller until it passes through a very small 
region at Q which is the centre of curvature of the arc UPV. Call 
PQ-—v which is the image distance and the reflected waves actually 
passing through Q make the image real. 

Geo: ical Relation :—Draw two perpendiculars MD and UE 
on the principal axis PL. Let PO=u, PQ=z and PC=R. 


From properties of common chords of circles, 
MD?*=PD(2R - PD) ; MD? - JD(2u—JD) 

and UE?=PE(2v—PE) »:1109(122:2] 

When the angular aperture of the effective reflecting face is small, 

that is when is small, the intercepts PJ, PD and PE are small quanti- 

ties. So their higher powers are negligible. Further since MD=UE, 


2 
PDXR—JDxu- PExye MD (122.3) 


Since PJ—DE, 2PD =PD+JD+PJ=PD+JD+DE 
=JD+PE m E 
Substituting from eqn. (3), we get, 
MD? MD? MD? 


RU egi 


Fig. 222 


(122.4) 
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LP 
LpL--L-—. ets ue 122.5 
Sb i ui Ra f ( ) 
This is exactly what was derived for a concave reflecting surface 
of a small aperture in ray optics. 


In a similar manner for a convex reflecting surface, the relation 
between the principal focal length and object and image distances 
may be found. The equation is identical with that of (122,5) except 
that the image is virtual in character. In this case the convention of 
algebraic signs should be observed to get the similarity of equation. 


123. Wave Theory of Refraction—Let MM’ be the line of section 
of two optical media of refractive indices u, and p, and let the 
lower medium be of higher refractive Index. Let a parallel beam of 
light limited by PA and QB be incident obliquely at the dividing 
surface. If AB is drawn perpendicular to the beam then AB is the 
section of incident wave-front. Draw normal NN; at A and let i 
be the angle of incidence of the beam. 


As soon as the point A of the incident wave-front touches the 
refracting surface, two sets of secondary wavelets start to emanate 
from this point. One set, moving in the upper medium, is 
responsible for reflected wave-frront. The other set moving in the 
lower medium contributes to the refracted wave-front. We have 
to find now how far the secondary waves from A move in the denser 
medium during the interval the point B of the wave-front in the 
upper medium moves to C. Let v, be the wave-velocity in the 
upper medium and v, that in lower. Then the time taken for the 
wave to move from B to C is BC/v,. During this interval secondary 
wave from A would move a distance v; XBC/v, in the lower 
medium. Now with centre A and radius v, XBC/v, draw an arc. 
From C draw a tangent on this arc at E. Then CE is the refracted 
wave-front. 


Explanation :—Since AB is the incident wave-front, phase of 
vibration at all points from A to B is the same. The inferval for 
the wave-front to move from. B to C is BC/v, The interval for 

awe" Ahe refracted wave-front to move 

Pave from A to E-AE/w. Now 

Á M. BC/v;=AE/v, and so phase of 

vibration at C and that. at E are 
equal. 


Take any point S on the inci- 
dent wave-front and draw a line 
ST parallel to BC and produce it 
to the point V where SV=BC. 
Also produce PA to D where 
AD=BC. Then in the absence 

Fig. 223 of the lower medium the wave- 
front would move from AB to CD in an interval BC/v,. Drop a 
perpendicular TU on EC. We are to show that phase of vibration at 


— ftm 
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U is the same as that of C or E then CE becomes the refracted 
wave-front. 
Now A * ADC and TVC are similar 


AC AD ^ 
SO WE A ws (123.1) 
Again Em and UTC are similar 
AE AD 
TC^TU^TV from (1) ie, | A1232) 
Further since : BC=AD r 
BC TV » TV TU 
or, ABT TUS when EGET Sateen CEG) 


This shows that time interval for wave in the upper medium to 
move from T to V is the same as that for the wave in the lower 
medium to move from T to U. Therefore C, U and E have the same 
phase of vibration. That is corresponding to AB as the incident 
wave-front in the upper medium, CE is the refracted wave-front in 
the lower medium. 

Verification of the Laws of Refraction—Corresponding to PA as 
the incident ray, AE is the refracted ray. Let 7/N,AE=r. Then 
from the principle of Geometrical Optics, r 

pa Sin i= us sin r. 
Since AB is perpendicular to PA and AC is normal to N,A, 

ZPAN, =i=ZBAC. 
Again since CE is normal to AE, 

ZN,AE=r=Z ACE. 

sin ZBAC sini BC/AC _ BC v, (123,4) 
"sin ZACE^sinr ABJAC  AE^», i 

For the two media v, and v are constants and let the ratio 


be called “2, where ps and u, a corresponding refractive indices, 


Hy 
Thus Us giving Snell’s Law 154 ^(123,5) 
Inr ly 


Observations on Refraction Theory— When a ray of light moves 
from a rarer to denser medium sin i/sin r is always found to be 
greater than unity. From equation (123.4) which follows from wave 
theory, v, is then greater than v,. Therefore the conclusion from 
wave theory is that velocity of light in a rarer medium is higher than 
that in a denser medium. The corpuscular theory however made a 
converse suggestion. It was then the experimental test that would 
give the verdict. 

It was not until the middle of the nineteenth century that a 
definte conclusion as to the velocity of light in a refracting medium 
was arrived at. It was found that the velocity of light in a more 
refracting medium was less than that in a less refracting medium. 
Thus the verdict in favour of wave-theory was given and the corpus- 
cular theory was rejected. 
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124. Refraction of Spherical Waves at'a Plane Snrface—Let 
MM be a plane surface separating two optical media of different 
refractive indices (Fig. 224). Let P be a point object placed in 
the rarer medium of refractive index u,. Let the observation be 
made from denser medium of refractive index us. Spherical wave- 
fronts, as shown by dotted curves, diverge from P until they touch 
the surface of sepa- 
ration at C. Then a 
part of the wave- 
frontaboutthe point 
enters the  denser 
medium ànd moves 

;3.-. more slowly. Now 
PC is normal to 
MM. Let the velo- 
city of the waves in 
the right side me- 
dium be v4. 


, If the medium 
N of index us were 
Fig. 224 absent, the spherical 
wave-front ACB would have moved to the position DEF still with 
centre P, and the distances AD, CE and BF would have been all 
equal, since they are all radial intercepts between two concentric 
spheres. If 8t be the time of transit of the wave-front from ACB 
to DEF then AD=BF=CE=y, X5t. But in actual case, while the 
parts of the wave-fronts near A and B are moving within the 
medium to the right towards D and F with a velocity v,, the 
wave-front about C is moving within the medium to the left with a 
lesser velocity, say, v3. So by the time wavelets from A reach D, 
wave-lets from C would move a distance y»; X8t. Let CG be v, x dt. 
Since the time interval of transit of the wave-front from points 
A, C, B in the first medium to the point D, G, F in (lie second 
medium is the same, the phase of vibration at points D, G, F 
must be same. Ifthe aperture of the refracting surface be, small 
(0=sin 0), in which case AD=DH, then a spherical surface described 
about points D, G and F would represent the refracted wave-front. 
Let the centre of curvature of the wave front DGF be Q. Then to 
an observer placed in the medum pg, the refracted spherical wave 
would appear to diverge from Q. Hence Q would be the virtual 
point image if the point object be P. Let CP—u and CQ—v. 
Geometrical Relation :—From Geometry of sagitta, since circular 
arcs DEF and DGF stand on the same chord DF, 


DC?=CE(2u—CE)=CG(2v—CG) - (124.1) 
As CE and CG are both small, their square power may be 
neglected, e DC? —2u.CE —2».CG. 


u CG vt Ys 4 
y CE v,6t ¥, be 


whence -. (124.2) 
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whence yu 015 (12433) 
$ 


This explains apparent shift to a greater distance of the image of 
an object placed in a rarer medium when observed normally from a 
denser medium. If however the object point lies in a denser medium 
and is viewed from a rarer medium then the image would appear 
nearer than its actual distance. The equation of object distance u 
and image distance v is given as follows, 


(124,4) 
Ha 

125. Refraction of Waves through a Prism—Let ABC be the 
principal section of a prism of refractive index u say for yellow light 
(Fig. 225). Leta parallel beam of light limited by PR and QS be 
incident on one face of the prism. 1f RS be perpendicular to the 
beam, then the section of the incident wave-front is RS and the angle 
of incidence is ZRSA=i,. With centre S and radius equal to RA/z 
draw an arc inside the prism. From A draw a tangent AT on the 
arc. Then as proved in simple refraction AT represents the refract- 
ed wave-front within the prism material and ZSAT becomes the 


angle of refraction r4.» 


If the point A be the vertex, then the wave through this point 
may be taken as just passing through air. To get the transmitted 
wave-front we make the following construction. Produce ST toa 
point U touching the other face ofthe prism. Then TU is the 
direction along which the part of the wave-front at T is moving 


within prism material. Now with centre A and radius equal to ux 
rom U draw tangent on the 


TU draw an arc outside the prism and f | 1 
arcat V. Itthen follows from law of refraction of waves that UV is 


the transmitted wave-front. The angle of internal incidence is 
L UAE —7, and the angle of emergence is VUA-is. Produce RS 
and to meet at a point D and let ZRDV=6. Then? is the 
deviation between the incident and emergent wave-fronts. 


Geometrical Relation :—Let the refracting — ,- 
angle BAC of the prism be denoted by «. 
Then, «—r4--rs (125.1) 

If RA be taken asthe incident ray, then 
AV is the corresponding transmitted ray. If 
RA is produced to a point W, then LWAV is 
the angle of deviation according to Geometri- ' 
cal Optics. "E 

Now, RDVA isa quadrilateral whose sum w^ 
of internal angles must be 4 right angles. But 


LDRA= / DVA- 1 rt. angle. 


R 
EE 
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^o LZRDV+ ZRAV=2 tt. Zs. 

again / WAV+ZRAV=2rtt. Zs. 

Thus 6= ZRDV=Z WAV, 

From ASRA, i,+ZSAR=I rt. Z. 

Also from AUAV, i+ ZUAV=I rt. Z. 

Now, ô+ Z UAV--/ SAR4-«—2 rt. ZS. 

or, 8+4=2rt,Zs—2 rt.Z sd- (s) 

Ao S8=i,+i,—-« - (125.2) 

Equations (1) and (2) are identical with those of Geometrical 
optics. From eqns, (1) and (2) other equations regarding prismatic 
refractions can be derived. 

126. Critical Angle—When a wave-front refracts from a denser 
medium of refractive index #, to a rarer medium of index k, the 
angle of refraction of the wave-normal is greater than the angle of 
incidence. Let us find the condition such that the wave-normal 
after refraction just grazes the surface of separation of the media. 
Let MM be the surface of separation of two media of refractive 
indices us and p3, us being greater than w, (Fig. 226). Let a parallel 
beam of light, limited by PQ and RS be incident at the surface 
of separation from the side of the denser medium. Draw QB normal 
io the beam, then QB is the incident wave-fronts. Let v, and ys 


be the velocities of light in the upper and lower medium 
respectively. 


The time required for the point-B of the incident wave-front 
to reach S is BS/v.. During this interval secondary waves from 
Q would travel a distance BS Xvi /va 
in the  upper-medium. If this 
distance is QS, then the arc with 
centre Q would pass through S 
and the tangent from S this 
^ arc, which represents the reffücted 
wave-front, would have extremely 
small length. Such a ribbon-like 
wave-front would move along SM. 
Under this condition the angle of 
the wave-front with the surface 
which is 9, is called the critical 
Fig. 226 angle. 


Geometrical Relationship :—From the figure, sin =o 


Now QS=B5x™=BSx %2 
Va By 


m isin o=85 e whence SRI as) te) a (E26:1) 


QS us la 
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Total Internal Reflection— When the angle of incidence of 
the wave-normal in the denser medium exceeds critical angle 
refracted wave-front cannot’ be 
constructed in the rarer medium. 
Let the sine of angle of incidence 
i be greater than y, /p.. 


LO eee ESAT. 
Then sini pn or, Sin i > 
uz y. 


2 
1 


then O87), 


or, BS X QS or, BS Xy QS. 
à 


n Fig. 227 

This shows that during the interval incident wave-front reaches 
S from B, the refracted wave-front tends to spread over an arc in 
the upper medium whose radius is greater than QS (Fig. 227). Then 
it is not possible to draw a tangent plane from S on the arc and so 
refraction is not possible. The incident wave-front would find 
a reflection within the denser medium according to usual laws of 
reflection. d 

127. Refraction of a Plane Wave at Spherical Surface—Let EPG 
be a spherical refracting surface of small aperture and of radius of 
curvature R having centre of curvature C and dividing two media 
of refractive indices Ka and p4, ig being greater than us. (Fig. 228). 
Let a plane wave-front limited by XX, and YY, be' incident at two 
points E and G touching the section of the surface. The Secondary 
waves refract into the medium from this instant. The time taken 
by the part of the wave-front at D to reach P is PD/v, and during 
this interval secondary waves from E and G would travel a distance 
PD Xvz/v, into the second medium. Take two parallel distances 
EM, and GN equal to the distance covered by the secondary waves. 
Construct a circular arc through M, P and N. This arc is the section 
ofthe-refracted wave-front. The centre of curvature of the arc 
MPN 4s the principal focus F from where the refracted wave-front 
appears to diverge. Inthis case the principal focus is virtual in 
nature. 

Geometrical Consideration :—Draw the chord MIN 


Now, DPx’2—DP x41 =EM=JD 
Yi Ue 


From property of circle 
ED?=PD(2R—PD)=2R x PD for small chord. 
MJ3—PJQPF—PJ)—2f X PJ for the same reason. 


RXxPD-—fxPJ-f(PD—JD) 


He ZUR 27:1) 


whence f— 
Hg — Us 
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This gives the second focal length. By taking an incident 
convergent spheri- 
cal wave-front of a 
Suitable curvature 
from the right side 
it can be shown 
that refracted wave- 
front would be 
plane. The centre 
of curvature of the 
incident wave-front 
would give the first 
principal focus in 
the left medium 


Fig. 228 
and the value of the focal length would Does RU 
f Hs—H; 


128. Refraction of a Spherical Wave front at a Spherical Surface 
—Let APB be 

the surface of 

Separation of 

two refracting 

media as shown, 

ua being greater 

than w, (Fig. 

229). Let the 

centre of curva- 

ture of the. 
dividing surface 

be atC. Let C 

be apoint object 

placed on the 


Sí 
"n 

/ 
4 


Epr-------~ 
2H 

Lu 

1 

1 

Ac 
EU SES 


point gives out Fig. 228 
spherical Waves and let one such wave-front be incident in the 


secondary waves from A and B. move a distance v, XKP[v, in the 
denser medium. Let Ye XKP[v, be equal to AE or BG. 


would represent the Section of refracted wave-front in the denser 
medium. Letthe centre of the curvature of the wave-front EPG 
be at I. Then from I the refracted spherical waves appear to diverge 


— 
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Geometrical Relations :—Let PO=u, PI=v and PC=R, Draw 
the semi-chord AM and assume that APB has small aperture. 
Then PO=KO=wu. From E draw a perpendicular EN on the 
principal axis. à 
From Geometry, AM*—KM (2KO—KM)=2ux KM) 

Again AM?=PM (2R-PM)=2RXPM - .. (128,1) 
Also EN?=PN (2PO—PN)—2vx PN 
ERP CAB, KP v, u 
Again ——-~— wh sie DER de UPR a) 
gain Gost whence TORRT 
UsAE=u KP or, #;NM=p,(PM—KM) 
But NM=PM—PN 
Finally, u(PM—PN)—4;(PM—KM) ; 
Substituting values of PM, PN and KM from eqn. (1), we have, 
AM? EN? AM? AM? 
ay ARP TERY PAM A 
2R 2y 2R 2u 
whence by elimination and transposition, 


fpf Ha My 
"ms z T. W (128, 2) 
This is exactly the same equation as obtained in Geometrical 
Optics. 


129. Refraction of a Plane Wave-front through a Thin Convex 
Lens—LM represents the section of a thin convex lens of small 
linear aperture and radii of curvatures r, and rs. Let a parallel 
beam of light X, X and Y, Y be incident on the surface whose 
radius of curvature isr,. The transmitted beam is found to be 


Fig. 230 


convergent coming to point F which we call one principal focus 
of the lens. If EBG bea plane perpendicular to the incident 
beam, we may call it the incident wave-front. If HAK be an arc 
through A having its centre at F, then we call it the transmitted 
spherical wave-front which would converge to F and produce a 
bright spot of light. Let the principal axis be FQ. Join the points 
Land M by astraight line and let this line cut the principal axis 
at a point O. Join HK to meet the principal axis at J. 
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Tf the lens is double convex, then the thickness of the lens AB 
is AO+OB. The points E, Band G are in the same phase of 
vibration since plane EG is the incident wave-front. The points 


H, A and K are also in the same phase of vibration although | 


different from that of the plane EG, simply because it is the 
transmitted wave-front. When the aperture of the lens is small, 
EB=LO=HJ. : 
Geometrical Relations :—From property of circles, 
LO?=OB (2r, — OB)—OB X 2r, very approximately. 
Again LO?=OA (2r; —OA)—OA xX 2r, for the same reason. 


: OB-£ OA—thickness of lenscAB- LZ (1...) ve (129,1) 
PER ED M 


oe 


Time of transit of the wave from B to A in lens medium= 
Time of transit of the waves from E to H in air since phase 
difference is equal. 
. AB ELH 

eat Path (Be 
medium and air respectively. 


or, EH=ABX"1=ABX i, where u represents the refractive 
2 


where v, and v, are the velocities in the lens 


index of lens material. 
4 &xXAB=EH=AB-+AJ very approximately, 


2 r 
whence (u—1)AB=AJ=(u—1) um (L+4) from equation (1) 
Ti Ta 
But HJ? -LO1—AJ Qf—AJ)-2f/XA1 


whence A -.Lo* 
2j 
LO?|] 1 LO? 
Fd trad ecc CITIES at 
fe urs 2f 
1 jm 
or, (4-1) t) pA 5 584029) 


This is exactly the equation derived in case of a double convex 
lens. 

If the sign correction be made (according to the old conven- 
tion), then f and r, would both have negative sign. Then after re- 
arrangement, we can write eqn. (2) in the form, 


1 =(u—1) (-- 7. which is the general equation of a thin lens. 
£ 2 
130. Refraction of a Spherical Wave-front through a thin Convex 


Lens—Suppose that LAL’B is a thin convex lens and a point object 
2 is so placed on the principal axis that a real image is formed at 1 
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on the other side of the lens. Let r, be the radius of curvature of 
the face LBL’ and r, that of LAL’. Join LL’to cut ABat O. Then 
for a thin double convex lens ; 
LO?*/1 | 1 
poss Pap ied 5s 0, 
AB= (= +; ) (130,1) 
With centre Q and radius QB draw an arc EBG. Then EBG 
represents the section 
of the diverging 
spherical wave-front 
Starting from Q and 
just touching the lens 
surface. Thus E, B 
and G are in the 
. ; same phase of vibra- 
Fig. 231 tion. Again with 
centre I and radius JA draw an arc HAK which represents the 
section of the converging wave-front just getting out of the lens due 
to converge at I. Therefore points H, A and K are in the same 
phase of vibration although different from that of incident wave- 
front. Join points H and K to meet the axis at M ; also join points 
E and G to meet the axis at N. If'the lens be of smzil aperture 
then points H, L and E may be taken to lie ona straight line parallel 
to the principal axis. 
Since phase difference between E and H in air is equal to the 
phase difference between B and A in the lens medium. 


BA EH whence BH -BAX"* -BAXp. 
Yr y. Ya 
But EH=MN=MA-+AB-+-BN=AB Xp 

whence, (u—1) AB=MA-++BN Raju cathe Y A808) 
From Geometry, HM?—MA x(2v—MA)=MA x2» 


again EN? =BN (2u - BN)-BN X2u 


: .HM* ro* =EN" Lo* 
no MASS 25 and BN LOT 


Putting in eqn. (2) and substituting for AB, we finally have, 


(u—1) Lot (2 + HE T `) 


1 1 1 1 1 
ea qe [> -l- RUE ED) 
whence, cu (#—1) = LE Pal 
This is the equation for a double convex lens producing a real 
image. Applying the convention of algebraic signs we can derive the 
general equation for a lens, which is 


1 ii 


E v s (130,4) 
L42 


y 
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EXEROISES ON CHAPTER X 


1. Give a short account of the Wave Theory of Light and 

explain the phenomenon of Reflection. (V. U.— 1963) 
2. Write a note on the Wave Theory of Light. 

(Raj. U.—1964) 

3. Give an account of Huygen's Theory of wave propaga- 

tion of light. (Andhra U.— 1965) 


4. Find the time of travel of light through a column of water 
1 Km. long (Velocity of light in vacuum=3x10'° cm./sec 
Refractive index of water—1'333) (R. P. B.—1971) 

Ans, 0:44X 1975 sec. 

5. Prove that at a plane surface of separation between 
two media sin i/v sin r/vs, where v, and vg are the velocities of 
light in the two media and 7 and r are the angles of incidence and 
refraction respectively. 

6. Show that the laws of refléction and refraction of a 
parallel pencil of light at a plane surface may be deduced from 
wave theory. (Dac, U. B. $c. —1961 ; C. U.—1964) 

7. Show how the wave theory of light accounts for (a) the 
refraction (b) total reflection of light ata plane surface. What 
evidence in favour of wave theory has been obtained by experi- 
ments on the velocity of light ? (Gau, U.—1962) 

8. Explain how refraction of light is accounted for inthe 
wave theory and point out the physical significance of the 
refractive index. (Bom, U.—1960, '64 ; C. U.—1965) 
. 9. Refractive index of water is 1:333. The velocity of light 
in vacuum is 299796 km./sec. Find the velocity of light in water. 

Ans, 224847 km./sec. 

10. Obtain a relation between object distance, image distance 
and the radius of curvature .of a concave spherical mirror from 
the principle of wave theory, What makes the distinction 
between a real focus and a virtual focus from the standpoint of 
reflected wave-front ? (Gau. U.—1969) 


.. Derive the formula connecting the object distance, image 
distance and radius of curveture of a spherical surface in case of 
refraction from a spherical boundary. How far the assumption 
paraxial rays in Geometrical optics is justified in wave-theory ? 


12. Derive the formula Hu al in case of refraction through 


f 
a double convex lens from wave theory, in which u, v and f have 
their usual significarces. (C. U. B. $c.—1963) 
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CHAPTER XI 
INTERFERENCE 


133. Principle of Snperposition—Whenever two trains of waves 
superpose at a certain point in space, each train of waves at any 
instant tends to produce a displacement at that point. As a conse- 
quence, there would be a displacement at that instant which is the 
resultant of the instantaneous displacements due to the two waves. 
The resultant displacement may be found from a knowledge of the 
magnitude and direction of individual displacement by applying the 
parallelogram law of displacements. This is known as the principle of 
superposition of waves. On many occasions, we observe water waves 
impinging on each other producingtemporary superposition. Similar- 
ly two sound waves or light waves also superpose on each other. 

In general, if the component waves have different wave lengths, 
different waves velocities or different wave-forms, then the resultant 
displacement due to superposition might have any arbitrary value at 
any moment, changing erratically very often, the reason being that 
there is no permanent Q 
phase relation between 
component waves. Such 
random resultant dis- 
placements do not help 
Us to investigate the 
Hature and behaviour of 
component waves al- 
though each one may be 
aregular train. This ran- 
domness is much more 
prominent in asuperposed 
light beam than in a 
superposed sound beam, 
since the frequency of 
light waves is far greater 
than that ofsound waves. 
Thus for light beams, 
having no permanent ; 
phase relation, the super- . k 
posed pattern changes so { 
quickly ihat it is impossi- pei BM y 
ble to study its other aspects except its average intensity. The 
beams oflight having no permanent phase relation are known as 
incoherent beams. E : 

134. Superposition of Coherent Beams—Imagine two point 
sources A and B producing infinite trains of monochromatic radia- 
tion of identical amplitude and wave-length so that the beams from 
the two sources are coherent (Fig. 232). This means that vibrations 
in A and B producing waves are exactly synchronous for all values 
oftime. Taking the vibration to be simple harmonic, the equation 


of vibration of any source may be represented by, 
y=a, sin wt Z e (134.1) 


Pt, II/L—15 


; 
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Let such vibrations produce transverse waves in all directions 
around A and B. So spherical waves with centres A and B would 
propagate with same velocity vin the neighbouring medium, the 
displacement y being always at right angles to the direction of 
propagation. Spherical waves are shown by the arcs in the diagram. 
Let the amplitude of such waves at unit distance from any source 
be a,. The frequency of the waves would evidently be equal to the 
frequency w/2x of vibration of the source. We can then write the 
equation of motion of the wave at unit distance from the source in 
the form. 

y=a, sinw [ea sin 2 r1). 

Let the waves from A and B superpose at Q at distance AQ=r, 
and BQ=r, (Fig. 233). Then wave-equations for A and B at Q 
may be represented by, 


yı=% sin Potr) 
Yr A d. 218001342) 
=“ sin — m 
har sin x (vt To) 


In an actual experiment r, does not differ much from Tz SO 

1 that the amplitude factors 

A R o 4,/r, and a/r, may be put 
z very nearly equal, which is, 
Say, a, But since A is a very 


Eee 5 small quantity occurring as 
$ a denominator ofthe phase 
Part a small difference of r, 

Fig. 233 andr, would make a large 


difference of phase. Hense 


J,-a sin itr) 
" am UM (134,3) 
Ja-a sin Potr) f 


Since the angle AQB is exceedingly small, the displacements Va 
and y, almost act along a line perpendicular to AQ or BQ and so 
the resultant displacement due to the two waves at the instant t is 
the algebraic sum of y, and ys. Let Y-cy ys. 


Then Y=y,+y2=a sin ar (vt-—r,)+a sin 2 (vt—r,) 
-d sin 27 (v— r,)-4-sin E (vt—rs) ] 
(sin C+-sin D form) 
2 
=2acos iani) sin *1 Tara e (134, 4) 
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Thus the resultant displacement is also a wave equation which 
contains two parts. The part that daes not contain the time variable 
is the amplitude given by 


2a cos "(r, — 
cos x(rs—r1) ^ (134442) 
The other part, which contains the time variable is given by 


in 7 Iq 
ii x n REI ] py wa (134,46) 


This is the phase part whose angular frequency 2zv/A is the same 
as that of component waves given by equ (134,3). 
We know that the intensity due to a train of waves is propor- 
tional the square of wave-amplitude, Hence, 
m 


Intensity I at Q due to superposed wave oc 4a? cos? x (ra ~ri) 


ATE 2 raul Pape 
or, I=k.4a? cos x es 71) e (1345) 


where k is a constant of proportionality, 
Case I. Maximum Condition—On studying equation (134,5), we 


see that when rari) ms, m being 0, 1, 2, 3, 4, ete... (134,6) 


The Intensity I at Q— &.4a?cos*mz—&.4a* —maximum value of 
the intensity. Call this value Jy, 

Then for rr, =m\, maximum condition holds and the  super- 
posed waves would produce maximum intensity. The term rso-7; 
i8 commonly called the path difference at the point Q. 

Thus we can say that when the path difference at any poi nt in 
space is a multiple of the wave-length, the effect of superposition of 
two trains of coherent waves would show a maximum intensity. This 
condition is sometimes called constructive interference. When m=0, 
for which r, —rs, the maximum is called the central maximum. 

When m=1, 2, 3, etc., such maxima are called first, second, third 
maxima, etc. Applying the condition of maximum intensity in eqn. 
(134,4), the wave-equation becomes ` 


+ 2m rcr 
Y-22a sinf teen) 14 ier ty) 


Case II. Minimum Condition— On again studying equation (134,6), 
we see that, when fari) (m+), m being 0, 1, 2, 3, ete. 


The Intensity I=k.4a? cos? (2m--1) 570-no intensity... (134,8) 


Then for r;—r,—(2m4-1) 2 the superposed waves would produce 


an effect of darkness at Q. Thus we can say that when the path 
difference at any point in space is an odd multiple of half-wave 
length, the effect of superposition of two trains of coherent waves 
would show complete absence of light. This condition is sometimes 


238 INTERMEDIATE PHYSIOS OHAP, XI 


- called destructive interference. The values corresponding to m= 
0, 1, 2, etc., are called first, second, third minima, etc. 

135.. Interference Fringes—If the path difference r~r, of 
any point with respect to the two sources be a multiple m of 
wave-length, it represents a maximum illumination at the point. 
The locus of the points in space for which m assumes any integral 
value is called a bright 
interference fringe and 
usually it is designated 
as mth bright fringe. 
From theoretical stand- 
Point, the bright fringes 
may be of any number 
since m may have any 
value. But the value of 
m is limited by an actual 
experimental condition. Fig. 234 

Now, it is a property of hyperbola that if any point be taken 
onanarm of a hyperbola and if the distances of this point be 
measured from the foci, then the difference of such distances 
measured from any point from this arm or its conjugate arm is a 
constant. For example, let A and B, representing two point sources 
of light, be two conjugate foci for which numerous hyperbolic arms 
have been drawn (Fig. 234) Let Q, be a point on an arm, and let 

: its distances BQ, and 

AQ, from the foci be L^ 
and r,. Then for any 
point on this arm Tyre 
is a constant. Now consi- 
der its conjugate arm 
and imagine à point Qs. 
Call AQ,—r, and BQ, 
=r. Then for any point 
of this arm r,—r, has 
the same value of the 
constant. For different 
pairs of the conjugate 
arms, the value of the 
Fig. 235 constant would change. 

The directrix DD of the 

hyperbola corresponds to 7, —r, — 0 (Fig. 234). Bnt the maximum 
condition is given by r,—r, or 7, —rg =À, 2A, 3A, mà. So we should 
expect to have m bright fringes on any plane passing through the 
points A and B each in the form of a pair of hyperbola as shown in 
the figure, the condition r;—r, =0 Tepresenting the common directrix. 
This series of curves is known as confocal hyperbole, Fig. 235 
represents the nature of interference pattern obtained by two co- 
herent vibrating sources on the surface of a liquid. Note the hyper- 
bolic nature of superposed pattern on regions when water surface 
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is not disturbed by wind. The nature of the fringes in three 
dimensional space is a series of confocal hyperboloids, which are 
surfaces obtained by rotating the figure 234 with AB as axis through 
an angle of 180°. The dark fringes are obtained by the condition 


1g~7,=(2m+1) > < series of contants for different values of m. 


Hence they also conform to the same rule and they are really dark 
hyperboloids intervening any two consecutive bright hyperboloids. 


Coherent Linear Sources—If instead of point sources, we have 
two coherent linear sources producing superposition, then the nature 
of interference fringes on a suitable screen placed parallel to the 
plane passing through the line sources would be a number of 
equidistant ^ straight 
bright bands separated 
by dark intervals, as 
Shown in Fig. 2236. ! 
The nature of straight | 
bands may be con- 
ceived in the follow- 
ing way. Imagine 
points A and B of 
Fig. 234 to move up 
at right angles to the Fig. 236 
plane of the paper : 
through some distance. Then the two point sources describe two 
linear sources placed parallel to each other. The hyperbolic inter- 
ference lines also move up in this process through equal distance and 
form hyperbolic strips in space. Any point, say, Q, traces a straight 
line on a screen placed at this point. So interference fringes due 
to linear sources are straight and are parallel to the sources. 


Conditions of Interference—In order that two beams of light 
by superposition produce a permanent pattern of maximum and 
minimum intensities, the following conditions must hold— 


(1) The radiation must have identical wave-lengths and velocity— 
This means that the periodic vibration associated with the waves 
must be similar and equal. In sucha case any difference of phase 
existing between the superposed beams at any point at any instant 
must remain constant for all time provided the waves are continuous, 

(2) For a continuous observation, the radiations should be 
persistent for some considerable time and throughout this time there 
must be a constant phase relation between the component waves. 

(3) The amplitudes of vibration of the component waves should 
be as parallel to each other as possible. 


All the above conditions are embodied within the term persistently 
coherent beams of light producing stationary destructive interference. 
In fact any two independent sources of light however, similar they 
might appear to an observer, cannot produce permanent interference 
pattern. Two sodium lamps would produce no doubt identical waves 
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and flames can be so controlled that the intensities and so the 
amplitudes of vibration of waves may be made comparable. But the 
two lamps cannot maintain a constant Phase relation between the 
waves sent by them at any point of Superposition. The reason is 
that the visible radiation from a source is due to electronic jumps 
within a large number of atoms within it. The waves produced by 
such electronic motions occassionally lack in phase continuity and at 
some instants there is a random Phase change of the waves. Such 
random phase changes cannot be identical in the two sources and 
80 a constant phase relation cannot be expected of two independent 
Sources of light. An admixture of in-coherent and coherent beams 
is called partially coherent beam. Partial destructive interference is 
possible with partially coherent beams. 


136. Width of Monochromatic Fringes—The interference fringes 
due to coherent linear sources giving out monochromatic radiation 
are found to be equidistant Straight bands of light separated by dark 
intervals. The width of a bright band is defined to be the distance 

A B C D between the darkest points of 
any two consecutive minima 
when measured perpendicular 
to the length of fringes. For 
example, Fig, 237 represents a 
magnified picture of an inter- 
ference pattern. Let A and 
B be two fine dark lines drawn 
through the darkest portion of 
any two consecutive dark bands. 
The distance between these two 
lines, measured Perpendicular 
to the fringes, gives the width 
AR RUNE CD of the bright band.  Alter- 
natively, the width of a dark 
band is the distance between the brightest points of any two 
Consecutive maxima when measured perpendicular to the length of. 
the fringes. Let C and D be the centres of two bright bands, where 
the intensity appears to be highest. The distance CD measured 
perpendicular to fringe length is the width of a dark fringe, 

Let A and B be the sections two monochromatic coherent linear 
Sources placed perpendicular to the plane of the diagram and SS be 


E be the midpoint of AB, whence a perpendicular EP is drawn to 
the screen, then P is equidistant from A and B. 


Since AP—BP, the path difference at P from the Sources is zero 
and hence from eqn. ( 134, 5), ?,:~T,=mA=0 whence m is zero here. 
So the central maximum is at A(fig. 238). Let mth maximum be at 
Q, so that for Q, ra 7 —mà. Let PQ-—x,. Draw two lines AG and 
BH parallel to EP and let AB— distance between the sources be c. 
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Geometrical Relations :—Since AGQ is a right angled triangle. 


; r.2=AG*+GQ*=D!+( x» =D*[1+( xm =s) /D* ] 
or, rı=D|1+ ( XH -f/n* E 


_ The quantity within bracket can be expended binomially. But 
Since c and Xm are actually very small as compared to D, the 
expansion need not be done to higher powers. 


2 
(xn—$) " 
er;2D Li 2, 
c)? lan 
Eua | dei 6e EU 
2D gru pt 


. Similarly, BHQ is a a 
right angled triangle, 
whence 


r3? =BH? + HQ? 
a D* (r2) Fig. 238 
=D? [1 (rs) lp: | 
Treating this equation in a similar way, we can Show that 
2 
(ta) |_ ee) 
ro=D] 1+4 pi =D+ 2D 
Then for Q to be the centre of mth maximum, 
"e Je "a 
(ents) R73) ue 
2D D 


Tg—r,—mA— 


whence A Xn 
mD 


ty s (136,1) 

So by measuring the quantities on the right hand side in an 
actual experiment the wave-length of a monochromatic radiation 
may be determined. : à 

Again counting the dark fringe on the side of central maximum 
fringe as the first dark fringe for which m=0 in equ. ,(1348) the 
mth dark fringe wonld be formed as a distance, say x'» from P, 
‘for which ro~r,=(2m+1)A/2. ` 


' à 
we Ten n,- s - Qm); 
whence Acto s zo (362) 


D(2m+1) 
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Suppose, for example, that ina particular experiment the 8th 
maximum fringe counted from the central maximum is at a distance 
0471 cm. D=1 metre and C=1 mm. From such data, 


0471x011 M a 
A enn cm.=5890 x 1078 cm. 


Width of a Dark Fringe—Let x,,_, and ‘tm be the distances of 
(m—1)th and mth bright fringe fromthe position of central maximum 
at P. In between these two maxima, the mth minimum interference 
band lies. If we call the width of this band c^, then from eqn. 
(136,4) we get 


, 
On Xm — Xm ei m — 


mDÀ (m—1)DÀ DA (1363) 
Ca SG TESI P? i 


Thus the width of mth dark band depends only on D, c and A 
but not upon m. So all the dark bands, independent of their orders, 
are equally wide for given ‘values of wave-length of radiation. dis. 
tance between the sources and the distances of the screen from the 


sources, 


Width of a Bright Fringe—Let x’,,,, and x', be the distances 
of (m--1)h and mth dark fringe from P. In between these two 
minima lies mth maximum fringe. If the width of this fringe is Om 
then from eqn. (136,2), we get 


; ; —I] -ADQm--1).- DÀ 
Then asma caca e DORSET) Uy. DO Den (136,4) 


So all bright fringes have equal width independent of order. 
Since Wm™=w m We may conclude that every fringe, whether bright or 
dark, is of equal width depending upon D, c and A. 


Intensity Distribution in interference Fringes—According to Art. 
135, the individual wave trains that are superposed have each an 
amplitude a (eqn. 134,3) so that the intensity carried by each system 
is proportional to a?. Call the intensity as ka?, so that the sum of 
intensities is 2ka® if individually considered. 


When the waves are superposed at any point, the resultant ampli- 
tude A is given by, 


A —2a cos (ra -r:)—2a cos $ where $-—— (races). 
The luminous intensity due to the superposition is KA?, Therefore 
superposed intensity I = KA?— K.4a? cos? ara.) — ka? cos? d. 


If we plot an intensity curve between I and $, we get a relation as 
shown below (Fig. 239),— 
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The intensity variation is periodic in nature, the periodicity 
extending from 0 to 7 or from — 7/2 to +7/2. If we take the average 
value of the intensity and call it Im, then 


Fig. 239 
L-bthcl...-I, 
BU WU necs jac d 
n 


Where I,, Iz, etc., are the dotted ordinates that are drawn from 0 
to and n being the total number of ordinates. Let the value of 
each small segment of abscissa between 0 to x be à so that n8—7. 


n 7T m 
D I8 f 15 k.da? { costddp 
pi Le: 0 


Now, In= n E 
m m Lus 
_k.4a? (cos 26--1,, K.4a*| (sin 26 
efe ee aio 
0 0 
kg (136,5) 


This shows that the average or mean luminous intensity due to 
superposition is exactly the sum of individual luminous energies 
carried by the waves. Hence light energy in superposition is not 
lost but is redistributed amongst the fringes. Energy is taken away 
from minima and is given to the maxima. So it satisfies the 
principle of conservation of energy. f 

137. Frings with Coherent White Light—Suppose that there are 
two identical narrow slits illuminated by a coherent beam of white 
light. Due to superposition there would be a number of interference 
bands of maximum and minimum intensities. But the bright band, 
except the central maximum, would exhibit colorations. The colours 
would be more and more prominent with higher order of fringes but 
the clarity of minima would become less prominent. After few 
coloured fringes, a more or less uniform illumination would appear. 


The reason is as follows. 
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White light is composed ofall colours of a rainbow extending 
from red to violet, and each constituent colour consists of a short | 
band of wave length, as given in Art. 86 of Geometrical Optics. Let 
the mean wave-length corresponding to each colour extending from 
red to violet be represented by ),......A,. If the distance between slits 
be c and distance of the screen 
be D, then 


Width ofa red fringe o, DA, 


Width of a violet fringe= o, - DA, 


nae M RU ITI) | 
Quy ay 
Since the mean wave-lengths Fig. 240 4 


corresponding to colour, orange, 

yellow, green, blue and indigo are intermediate between the two 
extremes, the fringes due to such colours would differ corres- 
pondingly. In Fig. 240 the relative widths of red and blue fringes 
are shown, In fact they are not separate, as shown, but they are 
all superposed. 


At the region of central maximum, where the path difference for 

any wave-length is zero (m=O), all the colours are superposed in 
Same proportion as in original white light and as a consequence a | 
nearly white band of light isseen. For any other position of the Í 
screen, there are various path differences for different colours pro- 
ducing mixed coloration. Ifthe slit of a spectroscope be placed 
at any position of the superposed pattern, the colours that are pre- 
sent here may be observed in the telescope. Ifadark line corres- 
ponding to any colour be observed, it shows that there has been 
destructive interference of light of that colour. After a few coloured 
bands, the overlapping of colours would be so much as to cause 

- nearly equal illumination to ordinary observation. 
Young’s Experiment—Thomas Young (1773-1829) was the pioneer 
in producing sustained interference fringes in 1807. He admitted a 
beam of sunlight through a linear slit S ina darkened room. The 
emergent beam was found to widen out as shown in Fig. 241. This 
is because the slit serves as a source producing cylindrical waves. 
At some distance from S, a screen with two identical linear slits 
S, and S, was 
j | placed with the 
A 


B mE Sess 


dary sources be- 

cause they are 

Fig. 241 illuminated by two 

different parts of the same wave-front and are so coherent. Waves 


a dn 
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from S, and S, diverge and superpose over the region AB. Young 
placed a second screen over this region and obtained straight 
interference fringes with white light. 


, But such fringes suffer from the defect that they are from white 
light as such they are coloured and indistinct. The superposition 
is caused by bending of rays due to diffraction (Vide next Chapter) 
and as such the intensity of diffracted pattern is poor. So this is 
not a practical method of studying interference pattern. But this 
experiment is of historic importance. 

138. Fresnel's Bi-prism—A bi-prism consists of two identical 
thin prisms of glass cemented together at their bases. The refract- 
ing angles of both the prisms are equal having a value much less 
than one degree. A bi-prism is very often made of a single specimen 
of glass by having a form of an isosceles prism having vertical 
angle of nearly 180°. Then each half of such a prism behayes as a 
thin prism. 

To understand in what way a bi-prism can produce interference 
of light, imagine that the bi-prism CDE is placed so that the edge 
of the prism at E is vertical (Fig. 242). A linear slit giving mono- ' 
chromatic radiation is also placed vertically at O. A divergent beam 
from O limited by OC and OE is incident on the upper prism. The 
beam is deviated by the prism on emergence, the extreme rays. going 
along CS and EG to meet a screen. On producing back the 
transmitted rays, they meet at A. So the virtual image of the slit at 
O by the upper prism is at A. 

In a similar manner by drawing incident rays OE and OD on 
the lower prism, there would be identical deviations of the trans- 
mitted rays through the lower prism along EF and DT. The 
virtual image of the slit by this prism is at B. Let the transmitted 
beams superpose over the part FG of the screen. So at any point 


Fig. 242 


of FG, one ray from A and another ray from B must meet with 
some path difference. Of course at P, the path AP—path BP. Now 
these two virtual sources are identical in all respects and are so 
coherent, 

Treating these two virtual sources as sources A and B of Art. 
134 we get interference pattern over the region FG of the screen. 
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If there be any point Q at distances r, and r, from A and B, then 
For the point Q to be a maximum, r,~r,=mA 


anc for Q be a minimum, nora Qm» -. (138,1) 
If the distance PQ be xm, then for Q to be mth maximum, 


D Xnic. 
Xm=mà = whence A-2m* 
i c mD 


and for Q to be minimum, et (138,2) 
=2m+1),D Na 2% me 
REPE, EE whence DQm--1) 
The width ofa fringe, either a maximum or minimum, is given by, 
La P A (138,3) 


These equations are equally important in so far as the measure- 
ment of wave-length by Fresnel bi-prism is concerned. Particularly 
eqn. (138.3) is most widely used. 

Experiment with a Bi-Prism—To set up a bi-prism the following 
components are required. An optical bench, 2 to 3 metres in length 
and are graduated all through in millimetres. This optical bench 
is provided with four verticalsliding stands. An adjustable linear 
slit is placed vertically on stand no. 1. A source of monochromatic 
light such as a sodium flame is placed behind the slit which serves 
as the source. For the diagram of the apparatus reference is made 
to Intermediate Practical Physics by J. Chatterjee. 


The bi-prism is so mounted on the second stand that the plane 
of section of the two prisms is vertical and it is placed at the same 
level as the slit. By eye-estimation the slit and the dividing plane 
or the blunt edge of the bi-prism are to be brought over the central 
line which is the axis of the optical bench. Now the eye-piece is 
placed on the fourth stand leaving the third empty. The eye-piece 
is also brought to the same level as the other two and it is placed 
on the central line. 


On now looking through the eye-piece the field of view might 
appear to be crossed vertically by a bright patch of light. If not, 
the bi-prism on its stand may be required a smallturn along a 
vertical axis. When the patch of light is obtained, it gives the 
position of beams of light through the bi-prism. To get the 
interference fringes two other adjustments are to be made, which 
are the following. 

If the slit appears to be wide, the width ofthe slit should be 
brought down to a very small value (01 to 0'2mm.). Then the 
tangent screw attached to the bi-prism stand should be slowly rotated 
keeping observation through the eye-piece. The tangent screw gives 
the bi-prism a slow turn along a horizontal axis. For some position. 
of the bi-prism, when its blunt edge is exactly parallel to the slit, 
interference fringes would appear in the field of view. Now the 
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eye-piece should be placed about 100 cm. from the bi-prism and slit 
d from bi-prism should be about 10 cm. for good fringe 
ormation. 


There are methods by which the slit and the edge of the biprism 
may be made exactly vertical. The next procedure is to make the 
slit, the edge of the bi-prism and the cross-wire junction of the eye- 
piece co-axial, which means that over the optical bench these three 
must move along the same vertical plane. This procedure need not 
be discussed here. But it must be borne in mind that unless the 
system has been made co-axial, the measurement of the width of 
the fringe cannot be accurate. 


Measurement of Fringe Width :—The fringes are actually so thin, 
that measurement of a single fringe width cannot be accurate. For 
this reason a measurement of total width of 15 to 20 fringes is taken 
with the micrometer attached to the eye-piece and their average 
width is calculated. Even then a number of readings for the width 
of 15 to 20 fringes should be taken to ensure better accuracy in 
results, 


Measurement of Slit-screen Distance :—In this case D represents 
the distance between the slit and the focal plane of the eye-piece 
at which there is the cross-wire. A metre scale placed alongside 
the slit and on eye-piece help to measure D correct to nearest 
millimetere. If the scale cannot be conveniently used, a beam 
compass may be used to measure this distance. 


Measurement of Virtual Image Distance :—Without moving the 
positions of the slit, bi-prism and the eye-piece, an achromatic 
convex lens of focal length of about 20 cm. is to be mounted on 
the stand intermediate between the bi-prism and the eye-piece. The 
lens is to be brought to the same level as the other three. Now 
the lens is gradually shifted towards the eye-piece until 'two very 
clear images of the slit are observed in the field of view. By working 
the micrometer screw of the eye-piece, one image is brought to 
coincide with the cross-wire and the reading of the micrometer 
istaken. Next the micrometer is worked until the other image is 
on the cross-wire and the reading is taken. The difference of these 
two readings gives the distance betwcen the images, The observa- 
tions should be repeated to get two or these values of such distance. 
Let the mean value of this distance bec,. Then the lens is slowly 
shifted towards the bi-prism when the images disappear and 
finer fringes may be seen. The shift is continued until two 
magnified clear images of the slit appear in the field of view. 
When the images are distinct, the mean distance between such images 
is again measured in a similar manner. Let it bec» Then ifc 
be the distance between thc virtual images of the slit as formed by 


the bi-prism, then c— V c,0,. 
Proof :—Let S, B and PQ represent the position of the slit, the 
bi-prism and focal plane of the eye-piece (Fig. 243). The achromatic 
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lens L must have a focal length which is less than one-fourth the 
distance between S and PQ. Let the axis of the optical system be 
SX. Let L, be the first position of the lens for which the images 
of S, and S, are formed at P and Q respectively. 


Fig, 243. 


Now if SO, =u and O,X=». 
PO Y whi E 
Then cT while u--y=SX. 
Let L, be the second position of the lens for whieh images of 


S, and S, are formed at V and T respectively. Now if SO, =w 
and O,X —v'. 


Then JI . while wv -SX ut ws (138,4) 
$185 NAA 
ico MT Post] dd oan d ^ 
Again NE nc RU of the lens de (138,5) 
Combining (4) and (5) we get w=w'y’ E (138,6) 


By squaring (4) and subtracting 4uv or 4u'y’ we get, 
(u—v)? =(u'—v)? whence u—v—w'—vY or v—wu and by com- 
bining again with (4) we get 
UESUSROT W 
But since uu’, then u=v and so u'—v. 
If VT=c, and PQ=c, and S,8;, —c. 


Then, £2. Y also GAN 
[4 u [4 u 
Cx Cg TW A — 
^om —gXy71 whence c—V 6,65 3s (138,7) 


Therefore knowing D,c and w, wave-length À is found from 
eqn. (3) Art. 138. 


' 
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139. Fresnel's Double Mirror—In this experiment, two virtual 
images from a single source are produced by reflection from two 
s Plane mirrors. S re- 

presentsalinear source 
K of monochromatic 

light. OM, and OM, 
are two plane mirrors 
inclined to each other 
e atan angle of less 
than one degree 
(Fig. 244). These mir- 
rors are silvered at 
| the front surfaces to 
Ne aviod successive re- 
flections. Two beams 
: of light from S re- 
Fig. 244 flected from the mir- 
rors are shown in the figure. These coherent beams Superpose over 
the portion EB and produce interference fringes. 


The experiment» is to be 
done with an optical bench as 
described in the preceding 
article. The bi-mirror is to be 
mounted on the stand for | 
bi-prism. The slit and the A 
sodium flame are kept at one j 
Side of the bench in such a 
position that the superposi- 
tion of the beams takes place 
in a plane perpendiculars to 
the axis of the bench. 


The average width of the $ 
fringe is taken in the way as Fig. 245 

described in the preceding article. The distance between the virtual 
source is measured froma knowledge ofc, andcy. The distances 
D in this case in the sum of the distances OS and OP, which are 
Separately measured with a metre scale. Thus knowing w, D 
and c, the wave-length À of a monochromatic source may be 
measured. The fringes obtained with a double mirror are more 
distinct and their maxima and minima Tegions as shown in 
Fig. 245. 

140. Displacement of Fringes due to a thin transparent 
Plate—Let S, and S, represent two coherent linear sources and SS 
a suitable screen (Fig. 246). It is evident that if O be a point on the 
Screen equidistant from S, and S;, then for O, r2=r, and the central 
maximum fringe is formed there. In other words, we may say that 
central maximum is formed under condition that the time required 
by light waves to reach O from S, is equal to that from Sg. 
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If now a thin transparent plate G of refractive ndex y is intro- 
duced in one of the beams, the central maximum i, found to move 
to a different region P. 
The shift of the fringes 
takes place to that side 
of the original central 
maximum on which 
the beam is interecpted 
by the plate. The 
reason is as follows— 
Let the thickness of s 
the plate be e and let £ 
P be the position of Fig. 246 
shifted central maximum. Let S,P=r1, S1P=r2, velocity of light 
in air bec and velocity of light within plate be v. The light is 
supposed to be monocromatic in character, 
and S, reach P during equal interval. 


Time for light waves to move through S,P=2, 


Time for light waves to move through S P= 
Ta TENA Seres 
Hence RA Ade = Or, re=ry—e+e- w 
Whence rg — 7; —(u—1)e f .. (140,1) 


since c[v—p. 

Thus the ‘geometrical path difference r,—7, is given by eqn. 
(140,1) in terms of thickness and refractive index. This method is 
sometimes used to measure a small thickness of transparent plate of 
a given refractive index. But the principle of this experiment 
is RM used in measuring the refractive indices of gaseous 
media. 


The experiment is made in the following way. A linear slit source 
is taken and illuminated with electric light. Next the two virtual 
coherent sources S4 and S, are made from this source either 
with a bi-prism or better with an achromatic convex lens placed 
before two identical linear slits. The central maximum is un- 
coloured and it is formed at O. This central fringe is focussed on 
the cross-wire of a micrometer eye-piece and the reading of the 
micrometer is taken. Now the plate is introduced in the beam 
S,O whereby the central maximum is shifted to a point P. The 
eye-piece is slowly moved until the image at P is on the cross- 
wire. The reading of the micrometer is again taken. The difference 
of the two readings given distance OP, which is say Xn- 


. Next the plate is removed and the slit is illuminated by a 
monochromatic flame of known wave-length \. This time uniform 
bands would be observed. Now micrometer is moved though a 
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known distance d and the number of bands lying within this distance 
is counted. If m be the number of bands over a distance d, then 


Average width of a bande =w, say. 


-. The number of bands lying over a distance X= =n, say. 


Thus if P be the position of nth band counting from O, 


Then r; —r, =nA=(u—Le 
nad 


whence EN s As (140,2) 


Thus knowing n, A and yu, the thickness e of the plate may be 
experimentally determined. The plate simply retards the path of 
the waves through it. The path retardation in this case is nA for 
n fringe shift. Suppose that in a particular experiment a mica film 
on being introduced, shifts the central maximum through a 
distance equivalent to 2 band-widths of a monochromatic radiation 
of A=5872 A.U., given that p=1'512. Then the thickness e of the 
film derived from eqn. (140,2) is :00023 cm. Such a small 
distance is beyond the measurement of ordinary spherometer or 
screw gauge. Lord Rayleigh using this principle could measure a 
length which was one-hundred-thousandth part of a centimetre. 


141. Phase Change on Reflection—When a wavefront is 
reflected at the junction of two media, the reflected wave-front 
turns its course of motion from the reflecting surface according to 
the laws of reflection. The phase of motion on the wave-front 
just before incidence and just after reflectionundergoes a modification 
depending upon the nature of the reflecting surface, angle of 
incidence and the direction of vibration on the incident wave- 
front. There is also a change in intensity of the reflected beam 
as also of the refracted beam, if there is any. These problems 
were theoretically investigated by Fresnel treating ether as elastic 
solid and later on these were verified by experiment. A better 
explanation of such observations has been afforded by the Electro- 
magnetic Theory of Light. 


Following Fresnel's theory, we may say that when natural light, 
moving in air, is reflected at the surface of glass of refractive index 
1'5, then if the angle of incidence exceeds about 56^, the reflected 
wave-front has its direction of vibration reversed at the point of 
reflection with reference to the incident wave-front at the point of 
incidence. This means that there is a phase change of of amplitude 
of natural light on reflecton from glass at wider angle. Although not 
rigorous, Stokes has given a mathematical proof of such phase 
change as given below. 


Let a parallel beam of natural light be incident on a glass surface 
Pt. II/L—16 
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in a direction AB and let the incident wave-vibration at B be 
represented by a sin wt (Fig. 247). 

The reflected wave-vibration 
moving along BE can then be 
represented by ar sin wt, where r 
is a fraction. The square of this 
fraction r is known as reflection 
co-efficient of intensity. Let the re- 
fracted wave-front at B going along 
BD be represented by ac sin wt 
where c is also another fraction. 
Thesquare of c is known as the 
transmission or refraction co- 
efficient. The pulsatance w does not PA 
change on reflection or refraction “ 
and so is the case with the period 
of ‘vibration T which remains 
constant. 

Stokes assumes that if there is 
no dissipation of energy and then 
if the reflected and refracted waves 
are reversed, the original incident wave amplitude should be 
obtained. On reversing BE of amplitude ar we should get a reflected 
wave-front along BA of amplitude ar? and a refracted wave front 
moving along BF of amplitude arc. Again on reversing BD, we 
should get a refracted component along BA of amplitute acc’, where 
c is the amplitude ratio for refraction from denser to rarer medium B 
also we should get an. internally reflected component of amplitude 
acr’ moving along BF where v’. is the amplitude ratio of reflection in 
the denser medium. Then with regard to the incident wave-front, 


< a=ar*--acc’ whence 1=r?+-cc’ rae dcs (141,1) 
` also since there is no wave-front moving along BF, 

0=arc-Lacr’ whence r4-7—0 i keL ATAI 2) 

From egn (141,2), we get r= —r' or, r=—r ad. 19. (0415.3); 


This means that if one is positive, the other one must be negative. 
There may be either one of two inferences from eqn. (141,3) :— 

Letr be positive. (1) The incident wave equation is a sin. wt in 
the rarer medium and the reflected wave equation is ar sin wt. So 
apparently there is no phase change in the two equations except a 
change of amplitude. Now ifa wave represented by a sin ot be 
incident at the surface along DB in the denser medium, the 
internally reflected components would be ar’ sin ot— —ar sin ot 
=ar Sin (wt-tx). So there may be a phase change of x on reflec- 
tion when waves moving in a denser medium suffer reflection at the 
surface of separation of rarer medium. i 


Let r be negative. (2) Letthe incident wave equation in the 


denser medium be a sin wt. The internally reflected component 
is then ar’ sin wt, which has apparently no phase change. Again if 
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a Wave represented by a sin wt be actuall inci 

direction AB, it gives rise to a wave Xepresehied [euh Mie 

a nin (ee): eo there may ue oange of phase of m on reflection 

riace of separation of a i i 

takes place in the neca medium, d m 
Whether this phase change is an acceleration or retardation of m 

or in what type of reflection this phase change takes place, was 

conclusively decided by Lloyd in the following experiment. i 


142. Lloyd's Single Mirror—A glass mirror M,M, having its 
front perfectly plane and blackened at the back side, forms the 
reflecting system (Fig. 248). A narrow linear slit S, placed vertical 
and very near to the edge of the mirror is illuminated by a mono- 
chromatic light. On making the front surface ofthe mirror vertical 
straight interference fringes are observed in the field of view of the 
micrometer eye-piece whose focal plane is represented by S,S,. 


Fig. 248 


In this case the source S and its image S, by the plane mirror 
form two coherent systems. The direct beam from S is limited by 
rays SA and SB. The reflected beam of S from the mirror is limited 
by SM,A and SM,B. This reflected beam appears to come from $,. 
Thus there is a superposition of two coherent beams over the part 
AB of the screen. Since the reflection of waves takes place nearly 
at grazing incidence, the intensity of the reflected beam is very 
nearly that of direct beam and so the amplitudes of the coherent 
waves are nearly equal. 

To measure wave-length, the apparatus is fixed upon an optical 
bench and the width of a given number of fringes is measured with 
the micrometer eye-piece, whence the width o of a single fringe is 
measured. The distance D between the source S and the focal plane 
(position of cross-wires) of the eye-piece is measured with a linear 
Scale. The distance c between the slit and its virtual image is 
measured optically as in a bi-prism experiment. Hence from the 


formula, => the wave length is determined. 


Shift of Central Maximum—With white light the uncoloured 
fringe is the central maximum. S is illuminated with white light 
and the eye-piece is brought to view the point O, which is equi- 
distant from S and S,. The central maximum is expected to be 
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formed at this position but it is found to be formed adjacent to it 
on the top side at a distance of half the fringe width. 


According to the principle discussed in Art. 141, the shift of half 
the fringe width on one side corresponds to the retardation ofthe 
interfering beam on that side by 4/2" In the case of Lloyd’s mirror, 
the direct beam, which is the upper one interferes with the reflected 
beam producing the shift of the central maximum by half the fringe 
width on the side of the direct beam. Hence, in order that the path 
difference between the interfering beams may be 4/2, either the direct 
beam suffers a path retardation of A/2 while the reflected beam 
moves on as usual or that the direct beam moves on as usual but the 
reflected beam undergoes a path acceleration of M2. But since there 
is nothing to retard the direct beam, the inevitable inference is that 
the other beam which isreflected has sustained a path acceleration 
of A/2 or a phase acceleration ofz. Thus we conclude that when 
natural light moving in rarer medium is obliquely reflected froma 
glass surface, there is a phase acceleration of 7 in its act of reflection. 
In sound wave also there is a similar phenomenon of phase accelera- 
tion m at the surface of a rigid boundary for all angles of 
incidence. 

143. Interference in Films—Occasionally colours are exhibited 
in any light by transparent film: such as mobil oil spread over roads 
by automobiles. These colours are dueto interference of light. 
For simplicity, we shall assume a films F,F, (Fig. 249) is of uniform 
thickness. Let this film be illuminated by an extended monochro- 
matic source of light from the top side so that the whole surface of 
the film appears illuminated to the eye placed at E. Necessarily rays 
PF, and RF, from the source by reflection at the top surface of the 
film illuminate the extreme edges of the film. For illumination of any 
point O, the film surface requires an incident ray QO from the source. 
Thus we conclude that for any position of the eye, we need an 
extended source of light to study the nature of illumination of a film 
surface and the illumination at any point of the surface is due to rays 
of light starting from a corresponding point of the extended source. 


Let AB be a ray of light incident from any point ofthe extended 


Fig. 249 


source ata point Bof the film PQRS of uniform thickness e and 
of refractive index «u (Fig. 250). Let the angle of incidence be i. 
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From the upper surface of the film there would bea reflected ray 
BL at equal angle with the normal BN,. The refracted ray BH 
would enter the film at an angler with the normal BN Such that 
#=sin i/sinr. The refracted ray would Partly be internally reflected 
at H along HD obeying laws of reflection. From D the ray would 
be transmitted in air along DM parallel to BL. Now if DJ is the 
normal at D, then since PQ and RS are parallel, DJ and BN, are 
also parallel. Hence / HDJ—r and so angle of refraction for DM 
isi. Thus BL and DM constitute two parallel rays emerging from 
the incident ray AB and are therefore coherent. A convex lens placed 
along the beam would superpose these two rays at E. So intensity 
of coherent beams at E would obey the condition of interference. 
If the film is of small thickness, the two emergent rays are so close 
E together that on looking 

along ED, the lens ofthe 

eye would superpose the 

aM rays on the retina and 

oS d nature of illumination can 
NC o pe studied. oa Alternative 

ID, GO jagram is shown in Fig. 
Ld IL 251, where the parallel rays 
AB and CD arederived from 
a distant point of the broad 
source, The ray BA is 


k directly reflected while the 
incident ray CDfinds a trans- 
Fig. 250 mission along BE by an 


internal reflection from the lower surface ofthe film. In this case 
the superposition is along the emergent ray BE. The superposition 
is on the surface of the film, if it be of small thickness. 

Theory :—Produce DJ and BH to meet K (Fig. 250) Draw DG 
and DF perpendiculars on BL and BH respectively. Then DG is 
the reflected wave-front and DF is the refracted wave-front. The 
paths of the two rays are ABGLE and ABHDME before they 
meet at E. 


<. Geometrical path difference=[AB in air-- BHD in film 
+DME in air]—[(AB+BGLE) in air] 
—BHD in film- BG in air, since GLE=DME  ... (143,1) 


According to the preceding Art., there would be a phase accelera- 
tion of 7 or a path acceleration of 4/2 for the waves incident at B 
since the reflection occurs at the surface of film of higher refractive 
index than the surrounding. 


: MM NA 
Thus the actual path difference=BHD in film — [Bo in air-L7] 


—BHD in film—BG in air. — o (132) 
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Now, i= Z N,BA— / BDG and r= / N;BH— / FDB 

_sin i sin /GDB GB/BD GB c 

ain rsin ZBDF BF[BD- BF y 59m Wave, theory 

whence c=velocity of light in air and v—velocity of light within 

film material. If light waves from B take a small interval ôt in 

reaching G, then BG=c$t. During the same interval light waves 
from B would move a distance vt within the film. 


Now, pd and since GB—càt, then BF=v.5¢ ... — (143,3) 


Equation (143,3) shows that time interval for the wave movement 
over BG and BF is the same and so optical paths BG and BF are 
identical. Hence, from eqn. (143,2), 
we get : 

Actual path difference 
—BHD in film —BG in air—2/2 
=(BF+FHD) in film—BG in 


air—A/2 

=FHD in film- (143,4) 

Again from two A* DHJ 
and KHJ. 


LHDJ- / HKJ, both being 
equal to r. 

ZDJH= Z KJH, being right ; 
angle, and JH common to both. Fig. 214 


Triangles are equal in all respects, when DH— KH 
or, FHD=FK and since ADBK is a right-angled triangle 
FK —DK. cos r=2DJ cos r=2e cos r. 
The equivalent air path FHD=air path FK — p.FK —2pe cos r. 
Thus the actual path difference of the rays=2ue cos r—A/2 
(143,5) 
From the principle of superposition, we conclude that 
(i) if 2ue cos r—1/2— nA illumination along MD is eiii (143,6) 
(ii) if 2ue cos r—A/2=(2n+1)A/2, illumination is minimum 2 
"Note: According to the lettering of Fig. 251, Geometrical path 
difference=DHB in film-—GBin Air. Refractive index u=sin i/sin 
r=GB/DF. Then GB=c.8t and DF=vôt. Therefore actual path 
difference=DHB in film—GB in ait—)/2=FHB in film—A/2=2ue 
cos r—A/2. FA : à 
Film of a Rarer Medium placed ina Denser Medium—If the 
film of a rarer medium “bp, plabedcin in a dénser medium, then the 
reflection at the lower surface at H entails a path acceleration of 
^/2, the nature of calculation of. path difference is the same but the 
actual path difference is 2ue cos r+)/2, where q is the relative 
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refractive index of the film with respect to the medium surrounding 
it. Then from the principle of superposition 

(i) if 2ue cos r+-A/2=nA, illumination along MD is maximum (143,7) 
(ii) if 2ue cos r+-A/2=(2n+1)A/2 illumination is minimum. } ? 

Transmitted System—If a transparent film is placed before the 
eye and the broad monochromatic source is viewed through it, 
interference pattern is presented on the film surface. But such 
fringes are not so prominent as the reflected system. For a film of 
optically denser medium, there is no path acceleration of 4/2 of any 
wave in the act of internal reflection. So we get 

2ue cos r=nà for maximum (143,8) 
and 2pe cos r=(2n-+-1)A/2 for missum] 4 

Thus the positions of maxima and minima of a transmitted 
system are interchanged with respect to those of reflected system. 
So one system is complementary to the other and if both these 
patterns of fringes are superposed, a uniform illumination is 
obtained. 

Interference Pattern in White Light—White light is a composi- 
tion of various colours extending from red to violet. Let the mean 
wave-length corresponding to colours from red, orange, etc., to violet, 
be represented by Àp, Ao...Ay. These wave-lengths are all different 
gradually diminishing from red to violet. If the white light be 
incident on the film surface at an angle 0 to the normal, various 
colours would be refracted into the film at slightly difference angles 
Ör, 0o, 0» owing to dispersion no doubt, but variation of the angle of 
refraction due to dispersion is very small. We can very approxi- 
mately take up cos 0,— {Wg cos 0,— ly COS 0,— ... cos 0—constant. 

If the film is plane parallel of thickness e, then from eqn. (143,6), 
we can write, for red rays 

2ue cos 6=ndA,+A,/2 condition of maximum for red rays. 

Suppose that the thickness e and angle of refraction 6, be such 
that the value of n isa whole number. In this case red rays would 
be very prominent in the superposed reflected beam. For other 
colours, say blue, the actual path difference is also 2ue cos 0. So 
the right side of the equation would be different since A (blue)4A 
(red). It may so happen that 

2ue cos 6—n3,--A,[2—(2m-4-1)3y/24-X/2- 

Thus the condition isa minimum for blue colour and in super- 
posed reflected beam, blue would nearly vanish. All other colours 
would more or less find:a reflection. The result would be that reflec- 
ted light might conta, 

range red. If the red.is cut 


out, all other colou * 


would be greenish blue. This. 


all colours of spectrum except blue, andi ! 
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refractive index winclined at a small angle ¢ with each other enclosing 
an wedge-shaped air film in between them. Let FE and GH be two 
coherent parallel rays from a point of a broad monochromatic source 
and let the rays be incident onthe upper surface of the film at an 
angle i with corresponding normals. EF would be reflected partly 
from the upper surface. But its another part would be reflected 
within the film. The refracted ray FJ makes an angler such that 
sin i/sin r—1/M. If NM be the normal to the lower surface CD, 
then the angle of incidence FJN at the lower surface is r--4. Let 
the ray be internally reflected at J along JH where angle NJH 
is alsor+¢. At H, the ray finds a transmission in glass along 
HQ where the angle of incidence JHW isr+2¢. Ifthe angle of 
refraction in glass be NHQ=«, say, then sin (r+2¢)/sin «=u. 
Another incident parallel ray GH finds a reflection along HP 
where angle NHP=i. Thus there is a divergent small cone of 
light from H having an angle «—i going to the eye. The 
lens of the eye can very easily bring to focus these two rays on 
the retina, on which these two rays are superposed. 


Let FR be 
N à a plane nor- 


Ato ra oe mal to the 
i incident 

| beam, in 

V 44 which case 
M itis the in- 


| cident wave- 
qi front and so 
I phases of 
motion at F 
| and R are 
meo the same. 
\ From H to 
y 2 the eye the 
Me paths are 
identical. 


i\ 


R 


"44 5 A 


: pa Ven aes dd e refore 
pi ^ RE the geomet- 
4 VA CL ZA P2 7 Wu rical path 
PEE NS d i ff erence 

between the 

1 superp osed 

M rays is path 

. FJH in air 


Fig. 252 p —path CH 
in glass. Ifa perpendicular HS be drawn upon FJ, then in accor- 
dance with the preceding article, t 


sinr sin LFHS, FS c 3 : 
iin i “sin CRE RAO E 
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Thus path FS in air is optically equivalent to path RH in glass. 


«e Geometrical path difference—path FJH i in "air—path FH in 
glass=path SJH in air e (1441) 


Now produce SJ and drop a perpendicular HV on CD and 
produce it to meet at K. 


By geometry, since NM and HK are parallel, 
ZFJIN=JKV=r+¢. Also Z HJV— 7 KJV. 
Thus in A* HJV and KJV, since Z HIV— Z KJV. 


ZHVJ=ZKVJ both being right angles, and JV common to 
both ; 


4. A’ are equal in all respects, whence JH —JK. 

Hence geometrical path difference=SJH - SK =HK cos (r-4-4). 

Since path acceleration of à occurs at J at air on glass surface 
in reflection. 


-. Actual path difference=HK cos (r+4)+4 


=2e cos (r+e)+3 we (1442) 


where e is the thickness of air film below the point of observation. 
In this case also the superposed partem is formed at different points 
on the surface of the film. 


If now the observation is taken almost in a normal direction of 
the film surface, then i~0 and r~0. The angle of the wedge-shaped 
film may be supposed so small that cos ¢ is very nearly equal to 
unity. 


Then actual path difference becomes 2e+h for the air film. 


If 2e+3=n whence 2e=(2n— D giving the condition 

of maximum, n=1, 2, 3, etc. (144,3) 
If again 2e - Qn--1) 2 whence 2e=n) giving the 
condition of minimum : n=0, 1, 2, etc. 


In case the wedge-shaped film has a refractive index & and if it 
be placed in air. 


Then 2ue—A=my whence 2ue=(2n+1) 5 A condition 
of maximum ; n=0, 1, 2, etc. 
and 2pe—3 )=(2n+1)) whence 2ue=(n+1)A=s) 


condition of e PA Mi s is 0, 1, 2, etc. 


wae (144,4) 
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Nature of interference Fringes—The locus of points on the film 
surface for which 2ue cos ris constant gives the nature of inter- 
ference fringe. For an extended film surface of variable thickness, 
the thickness of e of the film as also the angle of refraction of the 
beam may change from point to point of the film surface. Let us 
take the condition of minimum, 24e cos r=nA, in which the varia- 
tions of e and r cause a variation of n. On partially differentiating 
we get 


2u8e cos r—2ye sin r.ór—àn.À l we (144,5) 


or, óecosr—esin rór— PLA 


Since A eeosr , We get cos r.de—e sin r.r—e cos pon 
2p n .n 
Ore aN nape” vs K1446) 
e n 


We can get eqn. (144.6) directly from the main equation 2ue cos r 
=m by logarithmic differentiation. 


Eqn. (144,6) gives the changes à ofthe order of the fringe n 
brought about by the joint variation of thickness Se of the film and 
a variation ôr of the angle of refraction of the rays in the film, If 
the film is thin and wedge-shaped and incident beam is not very 
oblique the variation of thickness is very large as compared to the 
variation of inclination of rays. In such a case, 8e/e is exceedingly 
large as compared to tan r/àr. Thus eqn. (144,6) comes to the form, 


sob whence by integration we get, 
log e=log n+coastant=log n+log k where k is a constant; 
orloge=lognk or, e—nk ^. e 00 (1447) 


Thus the order of the fringe is proportional to the thickness of 
the film and such fringes are known as fringe enrves of equal thick- 
ness. In an wedge-shaped film loci of points of equal thickness are 
straight lines parallel to the edge of the wedge. Hence the maxima 
and minima are parallel, equidistant and straight fringes along the 
direction of the edge of the wedge. 


Readers, who are not conversant with the rudimentary principles 
of Calculus, may come to the same conclusion from the main equa- 
tion 2ue cos r=n\, by assuming that in a thin wedge-shaped film 
cos r is nearly constant. Thus we get, i " 


2u cosr 


e-n. 


=nk for a given radiation. ` 


: Fe n M ROS S IUE 
145. Newtons Rings—The Newton’s apparatus consists of a | 


convex lens L of a large focal length placed upon on optically 
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worked horizontal glass plate P (Fig.253). The film of air between 
the lens and the glass i; j 
plate acts as the 
medium where co- 
herent rays superpose 
producing steady in- 
terference fringes. 
The necessity of an 
extended source of 
light to illuminate a 
large portion of the 
film has already been 
stated. A burner B 
with sodium flame 
may serve as a mono- 
chromatic ^ source. 
This burner is placed 
at the focal plane of i 
a convex lens L,, so y Fig. 253 

that rays from any point of the flame are rendered parallel in passing 
through the lens, The groups of parallel rays, are reflected down- 
wards by a thin glass plate G inclined at 45° to the incident rays. 
Such vertical rays pass through the lens L and are partly reflected 
from the underside of the lens. Another fraction of light passes 
through the air film and is reflected from the top side of the glass 
plate P. So at every point of the film where there is such super- 
position, stationary interference pattern is formed. Since the air film 
is thin, the pattern is formed at the top surface of the film and fur- 
ther because it is a film of variable thickness the fringes are curves of 
equal thickness. As a result circular interference fringes are observed 
since locus of the points of equal thickness is a circle with centre at 
the point of contact of the plate at the lens (Fig. 254). 

Theory—Let O be the point of contact of the lens and the glass 
plate (Fig. 255). Let the radius of curvature of the lower surface of 
the lens be OQ=R, say. A ray of light moving vertically along TG 
would be partly reflected from G and partly reflected from P. The ray 
just reflected from G and the ray reflected from P superpose to pro- 
duce the stationary pattern of interference bands. Thus the surface 
over which fringes are formed is the undersurface of the lens. The 
geometrical path difference is evidently 2PG and the actual path 
difference is 2PG-I-3/2 taking reflection at P at the surface of glass. 


If now, 2PG--4/2—m, maximum brightness is seen at G 
Again if 2PG--1/2—(2n4-1)4/2 minimum brightness is | (145,1) 


, seen at G.) 
Let PG=e and let the distance OP=P,,. Draw a tangent VT at V. 
and produce the chord PS to meet the tangent at T. © = — + 


.' Since PO is the tangent to the circle whose radius is the radius 
of B») ofthe lens, PO?=SPxPG=(PT—ST)xPG=(2R—e)e 
—2Re-e?. Since eis very small, e? may be neglected." : 


à 
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, Where p, stands for radius of nth 


oe 


2 
"^ Pn?=2Re whence 2e— e 


fringe. So from equation (145,1) we get, 


n n Pau ioi cii 


Fig. 254 Fig. 255 
Pat e (n A=(2n—1) x for maximum brightness ] (145, 2a) 
where n— 1, 2, 3...... 
and Bee) for minimum brightness almost darkness (145, 25) 
where n=0, 1, 2, 3, etc. 


From eqn. (145,2) we learn that the Square of the radius of the 
nth dark ring is proportionalto the natural number n for a given 
Newton’s Ring apparatus. Also the square of the radius of nth 
bright ring is proportional to (2n—1) which is an odd number. 

Measurement of Wave-length—The apparatus is adjusted to get 
circular fringes and observation is made with a low power vernier 
microscope from the top in a vertical direction so as to focus the 
surface of the film. Circular fringes are observed with a central 
round dark patch. This is because for n=0, e=0 for minimum. A 
reading of vernier may be taken here. Now the microscope is moved 
slowly to one side with the moving screw and the number of bright 
fringes that passes by the cross-wire is counted taking the order of 
the first bright ring as 1. If m rings have crossed the cross-wire, 
another reading is taken. The difference of the readings is Pp, 
Knowing R and n, the wave-length A can be found from eqn. 
(145,24). For a more accurate determination of Pn the diameter of 
the nth circular fringe should be measured with a vernier microscope. 
Half this diameter would give the radius. 


INTERFERENCE 


EXERCISES ON CHAPTER XI 


1. Discuss the general principle of superposition of two 
coherent beams of light and obtain the condition of maxima 
and minima. 

2. State the conditions of interference of light and explain 
coherence of beams. Describe the bi-mirror method of determin- 
ing the wave-length of a monochromatic radiation. 

[Poo. U.—1974] 

4 3. Describe and explain the bi-prism method of determin- 

ing wave-length of sodium light. What is the nature of super- 
posed pattern when white light is used ? 

(C. U. B. Sc.—1969 ; B. U.—1973] 

4. Derive an expression for width of a band in inter- 
ference. Ina bi-prism experiment, the distance between the slit 
ann focal plane of the eye-piece is 1002 cm. and the average 
width of an interference fringe is 32 mm. The distance between 
the coherent sources is 1'81 mm. Calculate the wave-length of 
the radiation, 

Ans. 5760 A.U. 

5. Discuss the nature of interference pattern with a 
Lloyd's mirror. How does it differ from that of Fresnel bi-prism 
and why? [Guj. U.—1970) 

6. Explain the colours of thin films by reflected light. 
Discuss the formation and location of fringes in a thin wedge- 
shaped film, 


253 


Reference 
Art. 133 


Arts, 
135 & 138 


Art. 138 


Arts. 
136 & 138 


Arts, 
138 & 142 


Arts, 
143 & 144 


7. Discuss the formation of Newton's Rings and explain * * Art. 145 


the method of measuring the wave-length of a monochromatic 
light with its help. (C. U. B. Sc.—1970] 


CHAPTER XII 
DIFFRACTION 


146. Diffraction of Light Waves—In order to examine how 
light waves behave in passing through an aperture, Young made 


p, the following 


source of light S was 


experiment. A 


placed 


T. A 


Fig. 256 


before a rectangular slit R whose 
width could be adjusted (Fig. 256) 
In front of this slit, another 
rectangular slit T of variable 
width was placed. Observation 
was made upon a semi-transparent 
screen PQ placed at the front. 
When the first slit R was not 
narrow and the second slit T was 
broad, then the patch of light 
AB on the screen had such a 
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width that it could be explained on the basis of the principle that 
light rays move in straight lines. But when R was made very narrow, 
then the width of the patch AB showed that light rays bend round 
the edges of T so as to reach some region of the shadow portions 
above A and below B (Fig. 256). The bending of light within the 
geometrical shadow was more and more evident as the slit T was 
narrowed down. When the second slit was made also very. narrow, 
the light on PQ extended much and showed bands of light of variable 
intensities. 

The bending of the rays as also the 
appearance of fringes could not be 
explained from the laws of geometrical 
optics. Fhe term diffraction was 
originally used by Fresnel to mean 
‘bending of light’ within geometrical 
shadow. But later on Diffraction was 
used to mean the nature of illumination 
at a point due to an effective portion 
of the wave-front from a source of 
light or the collective effects of all 
possible wave-fronts from a source at 
any instant ata point. To understand 
the problem we have to know how a Fig. 257 
wave-front contributes illumination to a point. 


147. Propagation of Light by a Wave-Front—Huygens put 
forward the wave theory of propagation, according to which he 
assumes that a source of light transmits light energy to any point 
through the intermediacy of the wave-fronts. Let us assume for 
simplicity that the source of light is ata large distance so that 
rays from it are parallel. The wave-fronts are then plane and per- 
pendicular to the beam of light. Let ABCD bea part ofa plane 
wave-front at any instant and O is a point in front of it at a distance 
b from it (Fig. 
258). Draw a per- 
pendicular OP 
on the plane and 
call OP—b. Every 
point on this 
wave-front is in 
the same phase 
of vibration pro- 
ducing secondary 
wave (vide Art. 
119) and the for- 
ward plane enve- 
lope ofsecondary 
i waves is the ad- 

Fig. 258 vance position of 
the plane wave-front at a later instant. The wave-front in its turn 
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produces similar secondary waves and another wave-front is formed 
at a still forward position. In this way, we can explain the advance 
of the wave-front along PO. When actually the wave-front reaches 
the position O, the point O is set into vibration becoming bright. So 
we say that light has reached O from the wave-front ABCD. 


Fresnel with Huygens looked to the problem ina slightly modi- 
fied way. According to Huygens-Fresnel’s theory let ABCD be a 
fixed plane through which light waves are passing from left to right. 
As a result every point ofthe plane ABCD is undergoing periodic 
vibrations sending periodic displacement in all directions about every 
point. So from every point of the plane periodic displacements 
would reach the point O at any later instant of time. The effect of 
a plane ABCD at a point O reduces to finding out the resultant of 
avery large number of periodic distrubances arising from every 
point of the plane at the point under consideration. 

Half Period Zones—In order to simplify the problem, the plane 
ABCD is conveniently sub-divided into compartments in the follow- 
ing manner. Let the light waves be of length à. With centre O and 
radius b--A/2 draw a sphere which cuts the plane in a small circle. 
Again with the same centre and radius b+2A/2 draw another sphere 
cutting the plane in a slightly bigger circle. In this way by increasing 
the radius each time by 2/2 and drawing a sphere, a large number 
of concentric circles are obtained on ABCD. These circles divide 
the plane ABCD into a circular area about the centre P and a large 
number of annular areas included between any two consecutive 
circles as shown iu Flg. 258. These annuli with the central circular 
areas are known as Fresnel’s half period zones. 

Area of Zones—Consider the section of Fig. 258 by a plane 
passing through OP and let the radius of the central circle be 

P,P (Fig. 259). Then 


P. e, the area of this circle 
Se is given by j 
P, "n 7XP,P TS 


xd HS O 


1 ay man 
BI 59e =a (6+3} »] 
Ag trs "ug Lope 
=b pA ] 
E zb 
: neglecting square of 
H the wave-length which 


is still a smaller 
quantity. 
Area of the T 
i of width PP, =Area 
eoe of the birele tor radius 
P,P—Area of the circle of radius P, P=2P,P?—zb) 
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=7(b?-++2bd+ 32 —b?)—5bA 
—nbA negtecting higher powers of A. 
If this way, we can show that neglecting higher powers of 
wave-length, the areas of the zones are all equal. 


Displacements associated with Zones—Due to plane waves passing 
through the plane ABCD every point of this plane vibrates with 
the frequency of the waves producing secondary waves which radiate 
in all directions. Accordingly the source of secondary radiation 
is the plane ABCD. We may thus assume that at any instant 
every point of the piane has some definite displacement and we can 
speak ofa term displacement per unit area which is the algebraic 
sum of the displacements of all the points per unit area of the 
plane. Ifthe displacement per unit area be 6 at any instant, then 
the displacement associated with every zone is xbAS at that instant, 
This shows that equal amount of light energy is transmitted through 
every zone. 


Displacement reaching the point O—The displacements reaching 
O due to secondary waves generated from the zones would not be 
equal due to following reasons :— 


(i) The distance between O and a zone increases successively 
with the order of the zone counting from the centre, and due to the 
increased distance the amplitude of spherical waves decreases with 
the order of the zonal distances P,O>PO, P20>P,0, etc. (Fig. 260). 


(ii) The inclination between the primary wave normal and the 
direction of transmission of the secondary waves towards O succes- 
sively increases. The in- 
tensity of light due to 
secondary waves decreases 
with greater inclination. 
This is often called 
obliquity effect. Thus 676 
etc. Hence both due to 
distance and obliquity 
effects, the displacements 
contributed to O by the 
zones of higher order are 
less and less in magnitudes. 

Phase of Displacements 
reaching O—Although the 
phase of vibration over 
the plane ABCD is uniform, the phase of the displacements 
reaching O from different points of the plane would be different 
when the distance to O changes. Even within a zone such as of 
width P,P», the distance of O from different points slightly increases 
from P,P2. By geometry OP;—OP, —X/2. Therefore for the path 
difference, the phase difference with respect to O is the product of 


Fig. 260 
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2n/), and À/2 which is simply x. We can assume that the mean* phase 
of displacement at O corresponding to the first (central) zone is «. 
Then mean phase contribution of the second zone is « —7, that from 
third zone is «—27 etc. So the mean phase difference of contribu- 
tions from any two consecutive zones is m. 


Now a phase difference of corresponds to a path difference of 
A/2 or a time difference of T/2 where T is period of vibration on the 
wave-front. So the mean displacements from any two successive zones 
have a time difference of half the period T when they reach the 
point O. For this reason the central circular area as also the 
concentric annuli are called Fresnel's half period zones. A phase 
difference z changes the algebraic sign of the displacement as would 
be evident from the following consideration. Let the mean displace- 
ment Contributed by a region of the wave-front be y, —a, sin wt and 
by a different region of the wave-front be Ya=4; Sin (ot 4-7). 


Then, y,-a, sin wt, for t=0, y,—a, 
and — y,—a; sin (wt+n7)=—a, sin wt ; for t=0, y, — —as, 
even, y,—a, sin (wt—7)— —a; sin wt ; for t=0, ys = —ag. 


Resultant Displacement at any point—We shall now consider 
the resultant displacement contributed by the whole of the wave- 
front at any point O on the front side at any instant of time. Let the 
displacements contributed to O by the successive half-period zones 
counting from the centre be a, sin wt, as sin (wt—z), as sin (wt—2), 
a, Sin (wt —3z)...a, sin (wt —mz) etc., where a, is the amplitude of 
ihe nth half period zone, n being a large number. Let the values 
of displacements at time ¢ be represented by, $,,—55, $5,—5,... 3: 5. 
If S be the resultant, displacement, then 

$-5s,—s,-F$,—54-- oe see vee ESp ee (147.1) 


These displacement continuously diminish in magnitude due to 
increasing obliquity and distance* from O. If the wave-front be taken 
very large and n also large, then s, is so negligibly small that it can 
be taken to be zero. Further assume that the decrease of magnitude 
Of S1, S2, $,, etc., be such that $,—5,—5,—55—5,—s, etc, which 
means that the series are in arithmetic progression. Then, 


*The mean distance from the ceatral zone tothe point Oisb+)/4. Ifthe 
p ^ 2nvt 
vibration at any point of the plane ABZD beirepresented by a sin Dy then 


vibration reaching O may be represented by 5 sin Xx (vt—b—)/4). The phase 


difference is x (6+A/4) =T, say. 
*A more rigorous calculation shows that the effect at O due to increasin; 
distance is comp2nsated by a slight increase in areas of higher order of zonea i 


higher po vers of bare taken into consideration. 


Pt. II/L-17 
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Equation (147.2) shows that the effect at any point due to the 
whole of a plane wave-front is equivalent to half of the effect due 
to the first half period zone. The intensity of illumination at P is 
proportional to S?. 

148. Rectilinear Propagation according to Waye-Theory—An 

. evidencein 
favour of recti- 
linear propaga- 
tion of light is 
the formatjon of 
shadows cast by 
opaque bodies. 
According to the 
principle of 
Geometrical 
Optics,if an 
opaque body be 

Fig. 261 placed anywhere 
in the path of a parallel beam of light, a screen placed behind the 
body would receive a shadow of the same sizeas that of the body 
proving thereby that light rays passing by the edge of the body move 
straight producing the edge of the shadow. To verify the same 
principle by the wave-theory, we should imaginea plane ABCD 
through which plane wave-fronts due to monochromatic light are 
passing from left to right (Fig. 261). Now we place an opaque object 
on the plane and study the nature of wave-displacements at any point 
within the shadow as demanded by Geometrical Optics. For simplicity 
let the opaque body be a circular disc and let the distance of a point 
O from centre of the disc be b. On the plane ABCD draw half period 

' zones in accordance with the direction given in preceding article. 

If now the radius of the disc is /5A, then its area is 5A and it is 
just big enough to cover the first half period zone resisting its contri- 
bution of displacement to O. Other half period zones being larger 
than the disc would freely pass through and make their contributions 
to O. Then the resultant contribution is given by, 


S) cet peer ian oS +0=—"2 Teche SEIS] 


The negative sign of $ only indicates that the phase of motion of 
$5 is 180? behind that of s,. The intensity of illumination at O is 
proportional to s,?/4. When there is no disc, the intensity of 
illumination is proportional to s,?/4. Since s,>s, the placing of 
the disc of aforesaid dimension would simply reduce the intensity of 
light at O without producing a shadow. This effect goes against 
the prediction ofthe Geometrical Optics. This has already been 
verified by experiment. 
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Increase the size of the disc so that sit covers two half period 
zones about the point P. The resultant displacement at O would 
then be summation of the series starting from s,. Hence the 
illumination is proportional to s,*/4. The illumination at © 
becomes still less but a dark shadow is not cast. Now suppose that 
the disc is so enlarged as to cover all effective zones, then the 
contribution to O is zero. and the illumination at O becomes zero 
causing a shadow to extend to O. We are now in a position to find 
the radius of the disc to produce a shadow at a desired point. It is 
known that the intensity of light at a point very rapidly diminishes as. 
obliquity with wave normal increases. For a plane wave-front the 
contribution from 14th or 15th half period zone is so feeble that this 
order of zone may be taken as the last effective zone, although the 
order depends partly upon the wave-length. Suppose that the 15th. 
half period zone is the last effective zone, when the wave-length is: 
“0000589 cm. (yellow) and distance b is 10 cm. So to throw a shadow 
at a distance of 10 cm. the disc should be so large as to cover 15 half 
period zones. 

Area of the Disc=15zbA and the radius of the disc= J|55À 
=V 15x 10X ‘0000539 —:093 cm. —:93 mm. 

Soa circular disc of diameter 1:86 mm, can throw a complete 
shadow ata distance of 10 cm. behind italong the direction of 
propagation ofthe beam. A bigger obstacle would produce a more 
well defined shadow. The wave theory justifies rectilinear propaga- 
tion of light in this sense to this extent. 

Criticism on Rectilinear Propagation—If the distance of the 
screen be shifted away from the obstacle, the light appears more and 
more within the so-called geometrical shadow but the intensity 
of light within the geometrical shadow shows a fringe pattern with 
a bright spot of light at the centre. For a definite shadow pattern, 
the shorter is the incident wave-length, the more pronounced is the 
shadow. The bending of light rays around the edge ofan opaque 
body is more for a longer wave length. Therefore the rectilinear pro- 
pagation of light, as envisaged in Geometrical Optics is simply an ideal 
propagation of a radiation whose waye-length is very nearly zero. 

149. Zone Plate—The zone plate confirms the correctness of the 
theory of half period zones. To construct a zone plate, take a picce 
of fairly large drawing paper and draw upon it a series of concentri¢ 
circles whose radii are proportional to yT, /2, y/3, y/4, ete, that is 
square roots of natural numbers. The first circle may bel inch in 
radius. Draw at least 20 to 25 circles. Blacken with ink the central 
circle and alternate annuli. Paste it ona plane card-board and 
obtain a photograph of the drawing on a scale about 2 inches x 2 
inches. The photographic negative after washing or a positive after 
washing turns into a zone plate. If such a zone plate is placed in a 
parallel beam of monochromatic light at right angles to the beam, 
then a screen moved on the other side of the plate would show 
focussing of the beam at different points along the axis. 
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Explanation—Let the central circle of the zone plate be of radius 
dcm. Then the successive annuli would have radii 7/2/, y/3l, y/4l, 
etc. The areas of the central circle and the annuli would each be 
xl?. If the distance of the screen from the plate be b such that 
~ml? =nbà, then according to the theory of half-period zones, the 
edges of constructed annuli would be at distances of b+A/2, 
b42A/2 etc. from a point of screen. Thus the plate acts as a zone 
plate whose alternate zones have been blackened to cut off light. 
If the second, fourth, sixth zones, etc., be blackened then according 
sto eqn. (147,1), S=s, 4854554000040. see if: (149,1) 


We take the contribution of the last zone on the plate to be 
zero because there are more than about twenty zones on the plate. 
If the mean contribution of all zones be Sm and If there be m number 
of effective zones. Then S=ms 

Thus the contribution to the point is large and the intensity of 
ight at the point is considerable. If the point be at distant 5/2, 
‘6/3, b/4 etc., still there would be concentration of light at such 
points. Thusa zone-plate acts asa multifoci convex lens. It can 
also de shown that a zone plate may act as a multifoci concave lens. 

150. Spherical and Cylindrical Wave-fronts: ^ Half period 
Zones—The nature of a 
spherical wave-front has al- ; : : 
ready been discussed in Art. 
102. In fact when a point 
source of light is at a finite 
distance, the nature of the 
wave-front is spherical. Fig. 
262 gives the nature of spread- 
ing of spherical’ waves on a 
plane surface. Huygen’s half 
period zones, with respect to 
a point are constructed on a Fig. 262 
spherical wave-front in the following manner. 


Fig. 263 
Let S be a point source of a light and AB the section of a part 
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of the spherical wave-frontat any instant of time having a wave- 
length A (Fig. 263). Let the radius of curvature of AB be a, so that 
SA=SB=a. Let O be a point outside the wave-front. Join OS to 

ES meet the wave-front a 
P. ThenP is the pole of 
the wave-front with res- 
pect to O. Let OP—b. 

With O as centre 
and b+A/2 as radius 
draw a sphere. This 
sphere would cut the 
spherical wave-front in 
a circular section whose 
part is shown by the 
arc P,P, (Fig. 263). 
n Again with centre O 

F ig 264 and radius 2--À draw 
another sphere to cut the wave-front in a section PPa. In this way 
increase the radius of sphere each time by A/2 and -draw a large 
number of circular sections on the spherical wave-front. The 
centralcircular area and the successive annular areas so obtained 
on the spherical wave-front are the half-period zones. It can be 
shown that neglecting higher powers of A, which are usually too 
small, all the half-period zones are equal in area, each equal to 
abAj(a--b). So to find the total contributions of these wave-fronts 
at O, we can assume the individual contributions from the half- 
period zones as $,, — S2, Ss, etc., as in Art. 148 and proceed on with 
the same line of argument to show that the resultant contribution 
S=s,/2. The only difference in this case is that the obliquities and 
distances of successive zones increases more rapidly than a plane 
wave-front. So the number of effective zones is much less than 
that of a plane wave-front. The figure in perspective is shown in 
Fig. 264, in which a part of the spherical wave-front ABCD is cut 
by concentric spheres in a series of concentric circles or half period: 
Zones. 

Cylindrical Wave-front—When the light is allowed to pass 
through a very narrow slit of considerable length, it is called a linear 
source of light. In Fig. 265, SS represents a linear source. A plane: 
at right angles to the length of the linear source is called an: 
equitorial plane. From any point of the linear source, secondary: 
wavelets would propagate in all directions. Ifthe wave-velocity be: 
v, then in a time 1 the distance of propagation from any point would 
be vt. Imagine a number of 
equitorial planes at different 
points of the linear source and 
on each plane imagine a circle 
of radius vt. Then the envelope 
A of these circle is the wave-front 

Fig 265 ata time t. This is evidently 
a cylindrical surface. A part of the cylindrical wave-front ABCD 
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ds shown in the figure 265 ‘a which axis SS represents the linear 
source of light. à 


To consider the effect a 
of the wave-front at any 
external point, take a 2 
section of the wave-front 2 
by any equitorial plane R 
such as the arc GH with 
centre N (Fig. 266). This N m 
point N is a point on R 
the linear source. Let p j 
'O be the external point S 
on the plane GHN. Join 
points NO cutting the arc P. 
at P. Then P/is the pole NyA 
of the cylindrical wave- A 
front with respect to the Fig. 266 
point O. Let NP be of length a and PO=b. Now with O as 
centre and b +å/2 as radius draw a circle cutting GPH at points 
P,P, (Fig. 266). In a similar manner increase the radius every 
time by 4/2 and draw concentric circjes cutting the arc GPH at 
points PaPa, PsP,, etc. Then draw 
through each such pair of the points 
straight lines on the cylindrical wave- 
front parallel to the axis of the 
cylinder. When observed perpendi- 
cular to the wave-front the half period 
zones would look like Fig. 267. The J 
half period zones on the cylindrical Fig 267 
wave-front are rectangular sheets on a cylindrical surface. The 
. width of such sheet rapidly diminishes with higher order of zones 
as shown in Fig. 268. 
In case of cylindrical wave- 
front the areas of succes- 
sive zones diminish and 
so contribution of light to 
an external point is limited 
to a few half period zones 
only. The nature of contri- 
bution of light at an exter- 
nal point or the nature 
K of shadow formation can 
Fig. 268 be explained in a way 
similar to a plane wave-front. 

151. Fresnel Diffraction Patterns— Whenever the source of light 
is at a finite distance from the region of observation, the nature of 
the diffraction pattern is known as Fresnei’s diffraction phenomena. 
Clearly such diffraction pattern is due either to spherical ora cylin- 
drical wave-front according as the source of light is a point or a line. 
We shall now discussa few cases of Fresnel’s :diffraction patterns. 


t 
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Point Source and Opaque circular Disc.—Let a point source of 
monochromatic light be placed at S and a circular opaque disc DD 
of radius r be placed at 
a distance a from S Im 


' (Fig. 269). Let the point 


of observation be O 

along an axis passing 

through S and centre of a 

the disc. Let the plane s 

ofthe disc beat right 

angles to OS. We know 

that spherical waves j 
produced by S and så 
travelling towards O, : 
would be partially cut Fig 269 
off by the disc. Imagine a spherical wave-front AB about the disc. 
The central portion of this wave-front is covered by the disc. The 
area of each half period zone is xabA(a4-b) with respect to O and 


the area of the disc is 7r’. i 
2 
.. Number of zones covered by the disc "(a b) zu ur) 
Taba aba 

If now, n exceeds the effective number of half period zones 
responsible for producing illumination at O, the point would receive 
no light. But If n be less than the effective number, some illumination 
would reach O. 2 

If the point O is slowly moved away from the disc the distance 
b would gradually increase and the value of n would decrease. 
A distance of O would ultimately be 
attained for which m would have a 
value equal to the effective number of 
zones. Beyond this point, there would 
be permanent illumination on the axial 
region. This has been verified by cx- 
periment, and hence the diffraction 
theory is found correct. On taking a long 
exposure photograph a few rings of 
light are observed around the central 
spot of light (Fig. 270). The presence 
of these rings is also explained by means 
La 4 of Huygen's secondary waves produced 
Eig. 270 at the edge of the disc. 


=n, say. 


Point Source and a Circular Aperture—Let there be à point 
source S radiatiag monochromatic light of wave-length X and a 
screen having a circular vue ^ 
aperture of radius r be — , : £ 
placed at a distance a ,—— — —9—; 5 
from S (Fig.271). The * ritu 

i > E d 


observation is made at a « ==- : 
point O at a distance b Fig.271 
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from the screen, the plane of the screen being supposed normal to 
the line SO passing through the centre of the aperture. 

In this case the central part of the spherical waves from S is 
allowed to pass through the aperture. If with respect to O half 
period zones are constructed on the wave-front at the circular 
aperture, the area of each half period zone is zabA/(a--). 

c S _ar*(a+b)  r*(a4-b) 
<. number of zones within the aperture—7^ 1471 7) _ E 
mabn aby 
n, say. Ifn be even, then displacement at O is given by 
S =5y — Sg HS8 —S 4+ 00. HSn —Sp ^ e (151, 1) 

In this case, s, may not be negligibly small, since n is not large 
enough. 

(5, —5,) is a very small quantity and so also (s;—s4), (55. —5,). 

Thus S, would have a very small value. The illumination at O 
under the condition is minimum. 

If again n be odd, the displacement at O is given by, 

S45, —55--58 — $4,-- ...... FSn-2—Sn-1 F Sn 13210015172) 

In this case (S, —55), (55—5,)'**(s,.5—5,-1) are all very small 
quantities which being added to s,, make the sum considerably 
appreciable. So illumination at O is maximum. 

Therefore it follows that if the point O is gradually moved away 
or towards the aperture, the value of b would continuously change 
to make the number n of half period zones within the aperture 
alternately even and odd. The axial illumination would thus 
alternately become minimum and maximum. This is also verified 
by experiment, thus corroborating the existence of half period zones. 


152. Fresnel Diffraction at a Straight Edge—Let S represent 
the section of a linear source of monochromatic light placed 
perpendicular to the plane of the diagram and let PQ be the section 
of a straight opaque body, whose edge is placed parallel to the linear 
source (Fig. 272). S,Ss represent a semi-transparent screen for 
observation of diffraction effect. Join SP and produce it to O on 
thescreen. According to the laws of Geometrical Optics, there 
should be full illumination above O and full darkness below this 
point since light cannot pass through PQ. For this reason the point 
O is commonly called the edge of the geometrical shadow. 


If a high power eye piece (Fig. 273) is used, the nature of illu- 
mination on the screen is as shown in Fig.274. On scrutiny the 
following type of illumination is seen,— : 

As we move down from the point O, the illumination gradually 
fades until full darkness is observed from some point N downwards. 
Therefore light is found to extend for some distance within the 
so-called geometrical shadow, Again as we move up from O light 
rapidly grows to maximum at some point aftcr which illumination 
falls a little and it again grows to maximum at some other point. In 
this way, there is a periodic fluctuation of intensity on tke screen, 
illumination alternately strengthening and fading until from some 
position T,, there is uniform illumination on the screen (Fig. 272) 


4 
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, Explanation of the Phenomena—The source of light being 
linear, cylindrical wave- 


fronts are produced by 3 s 
it. These wave-fronts x zm 
can move freely up to vere Tela 
PQ wherea part of it p IT x 


is obstructed by the 
opaque body. Let AB 
be the section of the 
cylindrical wave front 
just touching the obs- 
tacle. The part AP is 
free to move forward 
while the part PB is 
obstructed. To investi- 
gate the nature of illu- 
mination at any point T on the screen, join ST by a straight line 
cutting the wave-front at 
V. Then V is the pole of 


Fig. 272 


S, 


: o the wave-front with respect 
m o. E to T. Then draw around 
SUIDAS C. E AEE A ALS V half-period elements fol- 

lowing directions given in 

Art. 150, taking VT as b. 

* The displacement at T is 

5 t then due to the contribu- 
Fig. 273 tion to effective part of 


the wave-front. 


Illumination within Geometrical Shadow—Let illumination be 
considered at N (Fig. 272). The pole of the wave-front is at R. 
With regard to R, the lower half of the wave-front RB is completely 
covered by PQ. So the lower half is ineffective in producing dis- 
placement so long as the point N is below O. The contribution 
due to lower-halt of the wave-front is evidently S/2—5,/4 (vide 
Art. 147), which in this case is absent. 

The upper-half of the wave-front is RA of which the part 

: : RP contains a few half-period zones 
A on the upper side ofthe pole. Suppose 
that m zones are covered. Remem- 
bering that each zone on the cylindrical 


Fig. 274 » Fig D 
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wave-front consists of two identical strips on either side of the pole, 
the effect of any one strip is one-half the displacement of the 
zone. Then the contributory effect of the part RA may be written 
as a sum. I 3 


Sass Seis os E ae ua +7 - (152,1) 
Of these contributions a part s,/2 to Sm/2 is absent because from 
first to mth zones are covered with respect to the point N. Thus 
contribution to N may be represented by a sum, 


Sm_Sm+r | Sm+2 I Su 

sett Smet g e x? - (152,2) 
Their sum is evidently represented by, 

Sr VE cn en (152, 3) 


Thus at N there would be some light. If N is at O, the pole 
is at P and one-half of the wave-front is present to contribute 
displacements to O. According to the eqn, (152, 1), the sum is s,/4. 
If PQ were removed, the point O would have received contributions 
from the whole of the wave-front and in that case the total dis- 
placement would have been s,/2 (vide eqn. 147,2). Since the 
intensity of illumination is proportionalto the square ofthe dis- 
placement, then if 1, be the intensity at O for the whole wave-front 
and 1, that due to one-half of the wave-front, 

I, 2:5, ?/4 and I, œs, 2/16 
I 


v Ta bee Me E ce (152, 4) 
2 
The intensity at O under these conditions has actually been experi- 
mentally measured and found to be true. 


Ifthe point of observation is continuously brought down below 
©, the intensity at any point is proportional to 52/16, where s,,/4 
represents the total displacement from mth to the last effective zone 
on the upper-half of the wave-front. As m continuously increases, 
the summation continuously decreases. This explains a continuous 
decrease in intensity below O. When the point N occupies such a 
low position that mth zone is the last effective zone, the contribution 
to that point or any point below it is z:ro. Perfect darkness occurs 
from this point downwards. 


Illumination beyond the Geometrical Shadow—Let illumination be 
considered at T within the lighted portion of the screen (Fig 275). 
The pole of the wave-front with respect to T is V. With regard 
to V the whole of the upper-half of the wave-front is effective in 
contributing displacement at T and a part of the lower-half also 
contributes displacement at T. The contribution of upper-halfis 
$,[4 and we have to consider contribution from lower-half. 


If the lower-half contains even number of half-period zones, then 
considering that any two consecutive zones have nearly equal and 
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opposite displacements, the even number would very nearly cancel 
one another by pairs contributing very small total displacement. 
Whereas if this part contains odd number of half-period zoncs, pairs 
would cancel leaving one outstanding to contribute illumination at T. 
Thus if it contains even number of zones, T would receive minimum 
illumination where as if it contains odd number, T would receive 
maximum illumination superposed on a background a constant 
illumination due to the upper-half. 

Ue So if the point T is continuously taken upwards, the arc VP 
would gradually be lengthened and it would contain alternately odd 
and even number of half-period zones, producing maximum and 
minimum illumination at T. When T goes so up that VP contains all 
the effective half-period zones on the lower half of the wave-front, 
there would be uniform illumination from this point upwards. 


Measurement of Wave length from Straight Edge—To perform 
the experiment an optical bench of precision type is necessary. An 
anjustable slit is placed vertically on the first stand. This slit is 
illuminated from back by a strong source of monochromatic light for 
example a sodium arc or a discharge lamp. On the second stand 
place a metal foil with its straight edge vertical which would better 
be a small safety razor blade mounted on a suitable stand. The 
third stand would carry a micrometer eye-piece with a cross-hair. 
On suitably adjusting the stands diffraction fringes of the nature as 
shown in Fig 274 are observed. 

Find the least count of the micrometer attached to the cye-piece. 
Now move the eye-piece so that the cross-hair is on the first 
maximum and take the reading of the eye-piece. In this way place 
the cross-hair on every successive maximum and take the corres- 
ponding reading. If xj and x, be the distances of the mth and nth 
maxima from the point O, then 
33 " ed EA nd xem | EERE 


$t a 


/2b.a+b)n - my 

Whencex,-%n= '  —— nr wee (1159 885) 
Now x,—xy is the difference of readings of the mth and mth 

maxima, which is obtained by measurement with the micrometer. 

Now measure with a metre scale the distance a from the slit 
to the edge of the opaque body. Also measure the distance b from 
the straight edge to the position of the cross-wires of the eye-piece. 
Thus knowing all the quantities of the expression (152, 5), the wave- 
length À can be found. 

Theory :— Consider illumination at T (Fig. 275). . If the arc SP 
contains an odd number of half-period zones, illumination at T would 
be maximum. According to Huygen's theory, if the path diference 
PT—VT=(2n+1)d/2, SP would contain (2n+1) number of half. 


period elements. 
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Now by Geometry,— 
PT? —PO? LOT? - 53. +x? 
1 $11 2 
Pr- (rex, =o itta [t= orem RR ] 
by Binomial theorem. Higher powers of x,?[b? may be neglected 
since x,<<b. 


PT=b4 "r 
Again ST?=SO*+0T*=(a+b)?-+x,2 
whence ST-[a 5x Peat b e for same reaton 


2(a+b) 
. VTRb 4 Xa 
si tat b) 
For T to be nth maximum. 
2 2 2 
VA AA Ee E P dnce e 4 
2b ~ a+b) ^" Waro mate ("55 
batb) À 
whence EST ACE TRE (152, 6) 
For nth minimum, PT-VT=nA 
yet b)nX 
Or, X,— Gini nae) 2 (1525/7) 


153. Fresnel’s Diffraction pattern by a narrow Slit—Let Xy 
represent the width of a long narrow slit placed perpendicular t o 
the plane of the diagram 
(Fig. 276). Behind this 
there is another narrower 
slit S placed parallel to 
itand is illuminated by 
a strong source of mono- 
chromatic light L. The 
slit S serves as a linear 
Source of light producing 
cylindrical waves. Let 
the width XY of the 
second slit be w. A " 
micrometer eye-pieceis so Fig. 276 
placed that the diffraction pattern may be observed on a plane S,8,. 


“Let O be such a point that the line LO passes through the 
mid-point P of XY. Let the cylindrical wave-front AB meet the 
two edges of the slit at X and Y. If the part XY of the wave- 
front contain an odd number of half-period zones, the poini O would 
be bright whereas if the number of zones contained therein be even, 
the point O would have minimum light. Since the wave-front is 
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cylindrical, any half part of XY would determine the number of 
zones. 


Then If YO—PO=(2n+1)d/2, light at O is maximum. 
Again if YO—PO-—zÀ, light at O is minimum. 
Let PO=b and PY=w/2. 


Then YO?—5?--w2]4- b?| 1-7. 
en Tw ea 


2 
whence Yo-ii gis [=> + neglecting higher powers op 


or, YO-PO=" = (2n-+1)* maximum condition «.. (153, 1) 


whence w=2 Jb(2n+1)A. 


2 
Again YO- PO-S en minimum condition ^ .. (153, 2) 
w=2y 2bnà. 

So a continous increase in the width w of the slit would make 
the number of admitted half-period zones alternately odd and eyen 
and the point O would alternately pass through maximum and mini- 
mum illumination until when the width is such that it allows all the 
effective zones.to pass there would be a uniform illumination. 


If the point of observation is moved up and kept at any point 
within OM, the pole P of the wave-front would also move up 
correspondingly. In such a case a given number of zones on the 
top part would be shaded while another number of zones would 
freshly appear from the bottom. But the two numbers would not 
bz equal since the widths ofhalf-period zones decrease rather 
rapidly. In such a case illumination at the displaced point would 
vary in intensity. 


Waea the point of observation is above M, the pole of the wave- 
front is above X and the upper-half of the wave-front is completely 
shaded. Tne illumination at the point is then to a part of the 
lower-half of the wave-front. If Q is the point, then 


If YO—XQ =(2n+1)A/2, light is maximum } 


If again YQ—XQ=nA light is minimum eos: ((153,3) 


Taese maxima and miaim are very nearly equi-spaced appearing 
as interference fringes but they are not so well defined and regions 
of minima are not absolutely dark. A complete mathematical 
discussion of such phenomena was made by Fresnel, which goes by 
the name of Fresnel’s Integrals. A geometrical interpretation of 
such integrals was given by Cornu which goes by the name of 
Cornu’s Spiral. ; 

Diffraztioa at a Narrow Wire—Let AB be the width of a un iform 
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narrow obstacle such asa metal strip or a wire. Behind this a 
fine narrow slit S is strongly 
illuminated by a source of 
monochromatic radiation L. 
S,S, is the plane at right 
angles to the axis LO of the 
system. If AB is considerably 
large and O,O' be the width of 
the geometrical shadow, then 
the nature of the diffraction 
pattern would be that due to 

Fig. 277 two straight edges A and B. 
Intensity would continuously fall off from O, or O’ towards O and 
there would be a number of diffraction fringes above O, and 
below O'. 

If AB is small, there would be superposition of diffracted light 
within O,O' and this would produce equispaced fringes. The effec- 
tive half period zones above A and below B have a constant phase 
relation and the superposition bet veen O' and O, is of the nature of 
interference. The only difference between ordinary interference bancs 
and such bands in this that minima are not places of full darkness. 
If P is any point between O' and O,, the conditions of maxima and 
minima are given by 

BP~AP=na (maxima) (153,4 
BP~AP=(2n-+1)A/2 (minima) } v A) 

Outside the points O, and O’, there are also faint equidistant 
bands given by eqn., (153,4) but the intensity variation over the 
bands is quite different. 


154, Fraunhofer’s Diffraction Patterns—The wave-front, from 
asource of light at an infinitely large distance, is a plane surface. 
The diffraction patterns due to a plane wave-front are known as 
Fraunhofer’s diffraction phenomena. In practice the source of light 
is placed at the focal plane of an apochromatic convex lens 
whereby the transmitted wave-front becomes plane. Fraunhofer’s 
diffraction patterns are standards because of the following 
advantages— 

(1) The intensity distribution of the diffraction bands is regular 
and can be conveniently expressed by simple mathematical 
expression. 

(2) The nature of the bands due to an opaque obstacle or an 
opening in a diaphragm depends cn the shape and on the size of 
such an obstacle or opening although the number and intensity of 
bands depends on the size. 

(3) The superposition of displacements from different parts of 
the wave-front is made by a convex lens and so the effect is studied 
at the focal plane of the lens. In such a case it is easier to find the 
path difference from various parts of the wave-front to the poirt 
under observation. 
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Diffraction at Single Slit—The usual apparatus to study the 
diffraction effect is a spectrometer. The Spectrometer is adjusted for 
parallel rays with a strong source of monochromatic light to illumi- 
nate the slit S, of the spectrometer (Fig. 278). Then a second slit S, 
whose diffraction effect is to be studied, is placed on the prism table 
vertically. The objective T is of the telescope superposes the 
secondary waves from the slit at its focal plane and produces the 
diffraction bands. These bands are magnified by the eye-piece E of 
the telescope. 

From every point of the plane wave-front incident on the slit S 
Secondary waves 
emerge in vari- 
ous directions. 
Of course the 
intensity of such 
secondary waves 
is highest along 

Fig. 278 thestraight 
direction and falliñg off rapidly with increasing obliquity. An 
observation of the diffraction pattern reveals a strong central 
maximum followed by a number of equidistant bands of light on 
either side of the central maximum. The width of the central 
maximum is double that of other bands. 

Maxima and Minima—Let AB be the width of the slit S. As a 
plane wave reaches the slit, every point of the wave-front would 
have the same phase of vibration. Consider the propagation of the 
secondary wavelets along the straight direction. The: displacements 
of such wavelets are superposed by the lens at its focal plane at P, 
The optical path of P from every point of the slit width AB is the 
same. Henceat P, there is no path difference of waves starting 
from AB. Naturally the point P would show a bright maximum, 
known as the central maximum, 

Consider at point P, such that ZP,OP-o. If now the path 
difference of the extreme rays AP, and BP, be A, no light can 
reach P,. To explain this mini- 
mum, consider the path 
diffrence between the middle 
ray OP, and the ray BP,, the 
path difference between them 
being A/2. Hence these two 
rays have opposite phases of 
vibration when they superpose 
at P, and by the PM of 

sition, there would be no resultant vibration. Taking rays 
D) P from the two halves of the slit, it can be shown that each 
pair produces no resultant vibration at P,. Hence, under this~ 
condition, there cannot be any illumination at P,. . 


If then AP, — BP, =à or a multiple of A, there would be no light 


Fig 279 


im 
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at corresponding points on the focal plane of the lens. Suppose 
BD is drawn perpendicular to the inclined beam. Then by geometry 
LABD-6. If AB=a, then AD=a sin 0. 
Thus a sin 9 -nà is the condition of minima. ne (154,1) 
For different integral values of n, we shall have different values 


of 0, giving different orders of minima. The different orders of 
maxima lie between successive minima. The condition of maxima 


may be very nearly represented by the equation* 
a sin 0—(2n--1)/2 rn (154, 2) 
A measurement of angle @ by spectrometer and from a know- 
ledge of the values of a and n, the wave-length of a monochromatic 
radiation can be measured. If the intensity of illumination of the 
central maximum be taken as 1, then it can be shown from 
mathematical theory that the intensities of the successive maxima 
decrease in the ratio of :05, ‘017, :003, etc. Thus the intensities 
fall off very rapidly so that only a few bands of either side of the 
central maximum are observed. 


Diffraction at two identical linear slits —Suppose there are two 
parallel slits CE and HL of equal width a and separated by an 
opaque interval b (Fig. 280). Let a parallel beam of monochromatic 
light be incident normally on the slits. The secondary waves issuing 
from the slits are super- 
posed by the lens at its d F 
focal plane. The displace- 
ments contributed by 
secondary wavelets mov- 
ing straight to the point 
O would produce a maxi- 
mum intensity, simply 
because the wavelets have 
equal paths and are 
therefore in the same 
phase of vibration at O. Fig. 280 

If now we consider a point F on the focal plane of the lens, the 
resultant displacement will be vectorial sum of the displacement 
contributed by the two slits. For F to be minimum, the path 
difference between the disturbances reaching F from the point C 
and that from the corresponding point H should be A/2. The path 
difference is HQ —(a--b) sin 0. 

Thus (a+b) sin 9=(2n +1)A/2 (minimum) (154, 3) 

and (a+b) sin 0=nà (maximum) } = d 

In actual experiment 9 isso small sin 0—6. Thus the angular 
width of a fringe is the angle subtended between nth fringe and 


*The actual value of n fər which suece;sive maxima occur are 93, 95, 2:07 
etc. instead of 1, 2, 3, etc. The discussion of such descripancy is b2yonl the 
scope of this book. 
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(n+1)th fringe. Let ðn and 0,,, are the angles of inclination of the 
two orders of fringes, 


m _(n+1)À EE 
en Ansa GP and 6, ub 
If $ be the angular width between the orders of the fringe, 
À 
mi Ona a (154, 4) 


This shows that the fringes are equidistant and equations (154, 3) 
suggests that they are interference fringes due two coherent beams 
separated by a distance a+b. Due to the superposition of diffraction 
patterns by each slit, the intensity of the interference pattern is 
guided by the intensity distribution of a single slit and as such a 
few interference hands become absent for such positions for which 
the intensity of diffracted pattern is zero. These are called absent 
spectra and are dealt in a book of higher standard. 


155. Diffraction Grating—A diffracting grating of a transmission 
type consists ofa large number of equal parallel equidistant and 
narrow transparent slits arranged on a plane transparent surface, 
A transmission grating is actually constructed by etching a large 
number of equidistant lines on an optical glass plate. The ctched lines 
serve as blocking spaces in between transparent spaces. 


Let DB be the trace ofa plane transmission grating, the trans- 
parent slits being of width a and placed perpendicular to the plane 
ofthe diagram (Fig. 281. Let the opaque interval between any 
two slits be of width b. Let a parallel beam of the monochromatic 
light be incident normally on the grating surface. Secondary waves 
diffract from each slit over a wide angle along forward direction. 
These waves are collected by a convex lens at its focal plane. So it 
is a Fraunhofer's type of diffraction phenomenon. 


In actual experiment the incident beam is made parallel by the 
collimator of a spectrometer, theslit of the collimator being kept 
vertical. A diffraction grating is placed on the prism table so that 
the lines are vertical. A telescope, previously focussed for parallel 
rays, is used to view the diffracted pattern. Almost equidistant 
sharp line images are observed in the field of view. 


Theory—Let us consider the effect of any two consecutive slits 
through which the emergent light is diffracted in all possible 
directions at the front. Since the direction of propagation of light 
waves is represented by rays, we can consider the effect of diffracted 
rays also in considering illumination at a point. Let us take a group 
of rays diffracted in a direction at an angle @ with the direct beam. 
Let the first ray of the uppermost slit be DF and the first ray of 
the next slit be GF. Similarly there are second, third, fourth, etes 
raysfrom the corresponding slits. These pairs form the corres- 


Pt. II/L—18 
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ponding rays from the two slits. From G drop a perpendicular 
GE on DF. Then GE is 
perpendicular to this 
group of the diffracted 
beam which is focussed 
at F due to the lens. 
Here the path EF is 
equal to the path GF. 
Thus the path difference 
between the rays DF and 
GF is DE. If DE is a 

Fig, 281. multiple of wave-length 
à, then the two displacements reaching F would reinforce each other 
to produce maximum intensity. We can take other slits in pair in 
this way and come to the same conclusion. 

Now by geometry, the angle of diffraction 0— / DGE 

So DE- DG sin 0—(a--5) sin 0 

If DE-(a--b) sin 0—n^, we get maximum light. Thus for 
maximum intensity 

(a+b) sin g=nA se (155,1) 

For n=0, 0 becomes 0. So the maximum intensity is obtained 
along the straight direction. This maximum is called the central 
maximum. Forn=1, let 0=0;. Then (a+5) sin 9,=A. Soatan 
angle 0,, we should obtain another maximum, which 1s called the 
first primary maximum, occurring on either side of the direct beam. 
Similarly for n=2, 3, etc,, 0 would have values 05, 0s, etc., and other 
maxima of higher orders would be visible on either side of the 
central maximum. The sum a+b is known as grating element. 

It may be noted that in between any two consecutive primary 
maxima for n and (n-+1) there are numerous extremely faint lines 
known as secondary maxima. These secondary maxima are more 
and more faint as the number of lines increases on the grating 
surface. So for a practical transmission grating the secondary 
maxima are too faint to be observed. The primary maxima are 
seen as fine lines separated by broad dark intervals. 


Measurement of Wave-Length—To measure the wave length of 
a visible radiation, the slit of a spectrometer is illuminated with 
that light. The spectrometer is levelled and adjusted for parallel 
rays. The slit is made vertical as well as the diffraction grating is 
so placed on the prism table that the lines on it are vertical. The 
slit of the spectrometer is made very fine so that the image lines 
are fine in the field of view. 

The angle between the central maximum and the first principal 
maximum on any side is measured with the vernier attached to the 
telescope. If the angle is 0,, then 

(a+b) sin 0, =À 1552 

If there are N lines per cm. on the grating surface, then 

N(a-+b)=1 cm. whence (a+b)=1/N. 
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D ERE e (155, 3) 

Thus knowing N the grating constant and 0,, the wave-length 
A can be found. In an actual experimental work, the measurement 
of angles of diffraction for any order of maximum is done on either. 
Side of the central maximum and the mean value of the angle is 
calculated. In this way mean 0,, 05, 05, etc., are found and from 
each such mean value, À is calculated from the general equation 
sin o,/N—zA. Details are to be found from a Practical Physics of 
an equivalent standard. 

Diffraction of White Light— When a parallel beam of white iight 
is passed through a diffraction grating in the usual way and is 
examined through a telescope, a number of rainbow coloured spectra 
on each side of a central white maximum is seen. These spectra 
appear to be more and more elongated as higher orders are reached. 
These are continuous spectra if the source is sun light, electric lamp 
or a carbon arc. But if the source is a gas discharge lamp such as 
helium, neon or mercury vapour, the spectra consists of a few 
coloured lines in any order of spectra. 

The presence of the line spectra can be explained in the 
following manner. Let the composite light consists of a few 
coloured radiations from red to violet whose wave-lengths are 
designated by A,.....Ay. Let us fix our observation on the nth 
spectrum. Then according to eqn. (155, 1), 9 would change from 
colour to colour since (a+ b) is constant. 

(a+b) sin 0,=nd, 
and (a+b) sin 0, —nA, } mt (155,4) 

Consequently for any intermediate colour for which wave-length 
is Ay, 0 would have an intermediate value 03. Thus different coloured 
lines would occupy respectjve positions in any order of spectrum. 

If sun light is the source, then the spectrum is continuous, in 
which case 9 and A are continuously variable quantities. Differen- 
tiating eqn. (155, 1) we get, 
br] n nN 
SÀ (a+b) cos Üü cos0 ` CS) 

The ratio 50/5A is known as the dispersive power of the grating. 
The dispersive power simply indicates the power of grating to spread 
a given spectrum. If the dispersive power is larger, it means that 
the spectrum would have a larger spread. It is noted from eqn. 
(155,5) that the dispersive power for a higher order n or for a larger 
grating constant N would be larger. 

Normal Spectrum—From the expression of the dispersive power 
of a grating, it is found that 80/8A is a constant provided m, N and 
gare constants. For a grating and a given order of maxima, n and 
N are constants. If farther the angle of diffraction be so small 
that cos 921, then the right side of eqn. (155,5) is constant ; 
call it k. 


(a+b) cos 0 80—n52 whence, 
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Then 28 — or f39=k J6 whence é-kxba (0 - (155,6) 


where a is another constant. The relation between 9 and A is linear, 


: which means that equal change in wave-length produces equal 


changes of angle of diffraction. This is called a Normal or a 
Rational Spectrum. 

We can also have a spectrum by refraction through a prism. But 
the type of the spectrum in this case is irrational in the sense that 
equal changes in wave-length do not produce equal spacings in the 
spectrum. Atthe violet end of the spectrum is approached, the 
spectrum appears to be longer and longer. 


EXEROISES ON CHAPTER XII 


Reference 


Arts. 1. Define a hal-period zone and ex;lain the nature of 
147 & 148 rectilinear propagation of light by the wave-theory. 

A (C. U. B. Sc.—1974) 

Art, 150 _ 2. Explain what is meant bya half-period zone and des- 

cribe the nature of halí-period zones on a spherical and 

cylindrical wave-fronts. (Mad. U.—1970) 

Art. 151 3. What is Fresnel’s type of diffraction phenomenon. 

Describe the nature of diffraciion pattern for a point source and 

a circular aperture. (Bom, U.—1972) 

Art. 152 4. Describe as fully as possible Fresnel'sdiffraction pattern 

$ for a linear sourceand a straightedge placed parallel tothe source, 

Art. 152 5. Describe an experiment to measure the wave-length of 

a monochromatic radiation from the diffraction effect at a 

straight edge. Discuss the theory. (Poo. U.— 1968) 

Art, 153 6, Discuss the nature of Fresnel’s diffraction phenomenon 

- due to a thin wire., 
Art, 154 7. Distinguish between Frensel and Fraunhofcr's type of 
bands due to a single slit. 
Art. 155 8. What is a plane transmission grating ? Describe a 


method of measuring wave-length of light by a grating. 
(C. U. B. Sc.—1970) 


CHAPTER XIII 


POLARISATION 


156. Polarisation of Light Waves— The term polarisation has 
a simple meaning of ‘one sided-ness’. In Optics, it has a modified 
meaning of one-sided vibration and the property of light can only be 
explained, if we assume at this stage that light waves are transverse 
in character. Suppose that light 
waves are propagated along a 
direction XX and O is a point 
on this line (Fig. 282). If aplane 
PQ is drawn perpendicular to 
X’X at O, then for waves to be 
transverse, the vibration at O 
might be along any direction per- 
pendicular to X’X. So the dlrec- 
tion of vibration might be any line on the plane PQ passing through 
O as shown in the fizure. If it were possible to examine along XO 
the actual nature of vibration on the plane PQ when series of wave 
would pass by, we would observe that the vibrations take place on 
all sides of the point of observation O. This is the picture of 
vibrations of natural light waves on a waye-front. 

If by any mechanism, vibrations are quenched in all directions ^ 
except one on the wave-front as 
shown in Fig. 283 the light 
vibrations have only one direc- 
tion or wave-vibrations are one 
sided. Let the light energy pro- 
pagate along Z’Z. If vihrations 
take along a direction XX’ on 
the wave-front PQ then the 
plane of vibration of the light 

Fig. 283 waves is the plane XOZ. If Y Y* 
is a line perpendicular to XX’, then the plane of polarisation of light 
waves is the plane YOZ. Evidently there is no component of vibra- 
tion of plane polarised light waves along the plane of polarisation. 

157. Effect of a Linear Slit on Transverse String Waves— Let 
there be a uniform string OX under some tension so as to be capable 
of transmitting transverse waves through it (Fig. 284). If the point O 
is moved periodi- 
cally in any direction 
on a plane PQ at 
right angles to OX 
transverse waves be 
produced on the 
ons moving along 
the string. Theplane ; 
of vibration of such Figg 
transverse waves at any instant is parallel to the direction of 
vibration of the point O. Now imagine that the point O is made to 
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oscillate a large number of times per second in all possible directions 
on PQ. Inthatcasethe plane of vibration ofthe string waves 
would have all possible positions about the line OX. If somebody 
would observe along the direction XO, he would see the vibrations 
all sided with respect to a plane placed perpendicular to the length 
of the string. This is actually the picture of the nature of vibration 
of unpolarised (common) light on a wave-front. 
> Suppose now that the string is slipped through a fine linear slit 
(of acardboard B (Fig. 285). Before being incident on the slit, the 
string vibrations are 
all-sided but sincethe 
slit allows vibrations 
parallel to its length 
to pass through, the 
transmitted string 
waves have only one 
Fig. 285 1 direction of vibration. 
| Thus we can say that the string waves are pO" rised. The cardboard 
B here acts as a polariser of the natural vib'"tion of string waves. 
If the cardboard B is rotated in its own plane, the slit would also 
; rotate on the plane of the board causing the plane of vibration of 
the transmitted waves to rotate likewise. The effect of transmitted 
polarised vibrations would be the same, whatever be the orientation 
ı of the slit, provided the incident vibrations have equal amplitude in 
all possible directions on the wave-front. 


f" Now suppose that another cardboard D with a similar linear slit 
is mounted so that the 
string passes through 
it. If the two slits are 
kept parallel (Fig. 
286), the plane pola- 
rised vibration from B 
would freely pass 
through the second Fig 286 
cardboard and the effect of vibration would be detected at any exter- 

nal point X. If the board D with slit is rotated 
in its own plane, the s:cond slit would rotate 
the plane of vibration of the string likewise 


Fig. 287 Fig. 288 


(Fig. 288) and the amplitude of vibration of the transmitted waves 
would become less since the component of an amplitude a in direc- 
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tion 9 becomes a cos @. This is shown in Fig. 287. Ultimately when 
the slit in D is perpendicular to the slit in B, the transmitted vibration 
would be fully quenched (Fig. 289), @ being 90°, and the effect of 
transverse vibration at X would not be felt. The second cardboard 
D with the slit in this 
case acts as an analyser 
of the plane polarised 
String waves. 


Now, with the two 
cardboards in position, 
produce longitudinal 
waves on the string by 


Fig. 289 


rapidly pulling and pushing the far end of the string. Longitudinal: 


waves generate alternate states of tension and relaxation within the 
body of the string. This periodic push and pull would be felt at the 
other end X irrespective of the relative positions of B and D. So 
there is no perceptible effect on the longitudinal waves by the linear 
slit placed in the path of the waves. Thus we conclude that the 
polarisation of the waves on a string can only happen when the 
nature of the waves is transverse. We observse a similar phenomenon 
with light waves, which follows in the next article. 

158. Effect of Tourmaline Crystal on Light Waves—A crystal 
of tourmaline can be so Sliced that it behaves with light vibrations 
almost in a similar manner as a linear slit with transverse vibrations 
of string waves. The exact behaviour of tourmaline with respect to 
light waves would be explained later on. Suppose that a parallel 
beam of light is incident normally on a sliced crystal of tourmaline. 
On now rotating the crystal about the beam as axis, a greenish light 
transmitted for all positions of the crystal. This greenish tinge is 
due to the natural colour of the crystal. Assuming that the crystal 
allows transmission of light vibrating in a definite direction with 
respect to it, we may infer that the incident light might have trans- 
verse vibrations in all directions on the wave-front much as natural 
string waves and the tourmaline has transmitted that linear vibration 
which is parallel to the optical slit of the crystal at that position. 

To complete our observation 
we insert a second identical 
specimen of tourmaline after 
the first in the path of the 
beam. If the second tourma- 
line is placed parallel to. the 

3 first, we get the transmitted 
Fig. 290 Fig. 291 Fig. 292 light (Fig. 290). If now. the 
second tourmaline is rotated along the beam as axis, the transmitted 
light slowly fades indicating that the amplitude of lightis diminishing 
(Fig. 291). Ultimately when it is placed perpendicular to its original 
position light completely fades so that there is no trace of transmitted 
light (Fig. 292). Thisisexactly similar to the effect of transverse 
string waves in passing through two crossed linear slits. So we infer 


/ 
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that light waves have a similarity of vibration as transverse string 
waves. Had light waves been longitudinal in character, their effect 
would not have changed on the relative position of tourmaline pairs. 
We thus conclude that light waves are transverse in character. 


Tourmaline Crystal as Polariser—The effect of the first tour- 
maline crystal is to transmit light waves having a given direction of 
vibration out of the incident light waves having innumerable 
directions of vibration on the wave-front. So this crystal acts as a 
polariser of natural light. 


Tourmaline Crystal as Analyser—Plane polarised light from the 
first crystal is incident on the second. When the optical slit of the 
Second crystal is made perpendicular to the optical slit of the first 
‘the second crystal refuses transmission of light. This refusal of 
light is an evidence of polarisation of incident light. Therefore the 
second tourmaline acts as an analyser of plane polarised light. 


Plane of Vibration—The plane of vibration is the planepassing 
through the direction of vibration of the wave-front and the 
direction of wave-propagation. 

In Fig. 293 AB represents the xy 

wave-front on which the direc- 
tion of vibraiion is along YY’. 
The direction of propagation 
of the wave-front is along OX, 
The plane YOX then represents 
the plane of vibration. In plane 
polarised wave-front, the plane 
of vibration is a fixed plane but 
in natural light since there are innumerable directions of vibration 
on the wave-front there is no fixed plane of vibration. 


Plane of Polarisation—The plane of polarisation is the plane 
Containing the direction of propagation of the wave-front and a 
direction normal to the vibra- 
tion vector. Let AB be the 
wave-front on which the vibra- 
tion is along YY’. Draw a 
line ZZ’ on the wave-front at 
right angles to Y Y' and pass a 
plane through ZZ' and direc- 
1 tion of propagation OX (Fig. 

Fig. 294 294). Then the plane ZOX is 
plane of polarisation. Since there is no component of vibration 
along ZZ' the plane of polarisation may be defined as the plane con- 
taining no amplitude of vibration on the wave-front. 


Plane of Incidence—The plane of incidence is the plane con- 
taining the incident wave normal and a perpendicular drawn at the 
point of incidence of the waye-normal on a given surface. Evidently 
it is the plane containing the. incident ray and the normal at the 
point of incidence. £ 


B 


Fig. 293 
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, Plane of Reflection—The plane of reflection is the plane con- 
taining the perpendicular drawn at the point of reflection of a wave- 
normal and the reflected wave-normal. Evidently it is the plane 
containingthe normal drawn at the point of reflection and the 
reflected ray. The planes of incidence and reflection are identical. 


Plane of Refraction—The plane of refraction. is the plane 
containing the refracted wave-normal and a perpendicular drawn at 
the point of refraction of the wave-normal at a given surface of 
Separation. 


159. Polarisation by Reflection—The effect of a Single tourma- 
line on light is to polarise it by transmission. In 1808 Malus 
observed that when an ordinary beam of light is reflected from the 
Surface of glass at some definite angle of incidence (about 57°), the 
reflected light shows peculiarities of polarisation possessed by light 
in passing through a tourma- 
line crystal. Let AB be the 
Surface of a glass plate. and 
PQ be the direction of an 
incident pencil of ordinary 
light reflected in a direction 
QR (Fig. 295). T represents 
a tourmaline plate with the 
optical slit (optic axis) along 
the dotted line. If the Fig. 295 
tourmaline is rotated with , T m 
the reflected pencil as axis, then in general there is a variation of 
intensity of transmitted light, being minimum when the optic axis 
of the tourmaline is parallel to the plane of incidence and is maxi- 
mum when this axis is perpendicular to the plane of incidence. 


Suppose now that the angle of incidence of PQ is changed step 
by step through small angles, and for each angle of incidence, the 
reflected beam of light is examined with tourmaline ; then a parti- 
cular angle of incidence is obtained. for which the tourmaline with 
its axis parallel to the plane of incidence would show absolute 
darkness. This shows that for this angle of incidence, the reflected 
light is plane polarised and the direction of vibration on the reflected 
wave-front is perpendicular to the plane of incidence. The angle of 
incidence, for which maximum plane polarisation is observed in the 
reflected light, is called the polarising angle for that medium. The 
incident wave-front, moving along the arrow head PQ, has all direc- 
tions of vibrations on it as shown in Fig. 282. The reflected wave- 
front is perpendicular to QR on this wave-front the direction of 
vibration for polarising angle is perpendicular to the plane of 
incidence NQR and is so perpendicular to plane of the paper. 
When the optic axis of the tourmaline is kept parallel to the plane 
NOR, it is perpendicular to the direction of vibration of the 
reflected wave-front. Hence the light is refused transmission through 
the crystal. 

Nature of Polarisation of Refracted Beam—If the refracted 
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pencil through glass slab is examined on transmission with a tourma- 

line, then for all possible angles of refraction, there is a more or 

less variation of intensity as the tourmaline is rotated. There is 

no position of the refracted pencil for which the tourmaline can 

make the field absolutely dark. This shows that the refracted beam 
in glass is partially polarised. 

To understand the nature of partial polarisation, imagine a wave- 

front AB at any point of which the amplitude of vibration is not 

v equal in all directions (Fig. 296). Suppose 

A, pee EA that the amplitude of vibration is maxi- 

' mum along YY and minimum along XX. 

If the effect of this wave-front be examined 

through a tourmaline, then when optic 

-y axis of the tourmaline is placed parallel to 

YY’, the amplitude parallel to this 

direction would be transmitted and we 


would obtain maximum intensity ; where- 

1 as when the optic axis is placed parallel 

pm 5 to XX’, we should obtain minimum 

Y intensity. Itisto be borne in mind that 
Fig. 296 in a partialy polarised light there may 


not be any permanent phase relation between the displacements in 
various directions about the point in question. 


Now suppose that a beam of natural light is incident on a 
refracting medium like glass along a direction DO (Fig. 297). Let 
OZ be the normal at the 
point of incidence O. T 4 Vi 
Then DOZ is the plane 9r 
of incidence. Let the 
plane of incidence cut 
the incident wave-front 
AB in a section DC and 
take another section 
perpendicular to DC. 
Since the incident light 
is natural, we can ima- 
gine the vibrations on "7 
the wave-front to be all Fig. 297 
sided. Those all sided vibrations can be resolved into any two 
perpendicular directions on the same plane. So we can resolve such 
vibrations into two directions: DC in the plane of incidence and 
perpendicular to the plane of incidence. These rectangular vibrations 
in natural light have no permanent phase relations. 


These two rectangular vibrations move to O and meet the 
refracting surface whence they are partly reflected along OQ and 
partly refracted along OR. Nowithe reflecting power of light vibrating 
in the plane of incidence is different from the reflecting power ofilight 
vibrating perpendicular to the plane of incidence except for normal 
and grazing incidence. Light vibrating perpendicular to the plane of 
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incidence is more reflected than the other component. Hence on 
examining the reflected light with the analyser we should obtain a 
preponderence of vibrations along QE. Reflected light is therefore 
partially polarised. Along the refracted beam, on the other hand, 
light vibrating in the plane of incidence, will be more prominent. 
So refracted beam is also partially polarised. 

At the polarising angle of incidence, vibrations in the plane of 
incidence would be wholly refracted as also about 85% of light 
vibrating perpendicular to the plane of incidence is refracted. So 
refracted beam would be partilly polarised having a preponderance 
of vibrations in the plane of incidence. But the reflected beam 
although carrying about 15% of light vibrating perpendicular to the 
plane of incidence would appear plane polarised. This explains 
polarisation of light by reflection from glass surface. 

Brewster’s Law—Experimental investigations showed that not 
only glass but a few other transparent isotropic di-electric media 
exhibit polarisation by reflection. Sir David Brewster made an 
extensive study regarding the relation between the refractive index 
and the angle of maximum polarisation of different substances, He 
found that the refractive index is numerically equal to the taagent of 
polarising angle for any di-electric medium. Thus if u be the refrac- 
tive index and ¢ the polarising angle, 


_sin¢ af 

or » i 4e. 0002595 
Again we know from Sneli’s law that if @ be the corresponding 

angle of refraction (Fig. 297). 


qa i $ sine from eqn. (159, 1) 


ustan ġ 


sin 8 cosg 
Whence sin 0—cos =sin (90—¢) 
or, 9=90°—$ whence 9+4=90° Pera 1159, 2) 


Now, ZZOD-Z4Z200-4, also Z'OR- 0. 
= ZQOR=90° 

Eqn, (159, 1) gives us a ready method of getting the angle of 
maximum polarisation from knowledge of the value of refractive 
index. For example p of glass is 1:50 ; hence tan $—1:50 whence 
4—519. Eqn. (159,2) gives us an experiment method of adjusting 
for maximum polarisation. Adjust the slab of material for the 
incident beam such that the reflected and refracted beams are set at 
tight angle. Then the reflected beam has maximum polarisation. 

Pile of Plates—It has been stated that at the polarising angle, 
the reflected light from a glass plate is completely polarised while 
the refracted light is partially polarised. Moreover the intensity, 
of the reflected component is only about 15% of the original 
intensity. By placing a number of plane parallel plates of glass, it 
is possible to get a very good intensity of the reflected polarised 
component as well as to make the transmitted component almost 
plane polarised. This is done in the following manner. 
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Imagine 10 to 12 plane 
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parallel glass plates, placed parallel to 


oneanother on which a parallel beam of monochromatic light is 


A 


Ae 
Xo 
Fig. 298 


incident at the polarising angle 
(Fig. 298). All sided vibrations of 
the incident beam AB, resolved 
& into two rectangular directions, 
& have been shown in the diagram. 
& The vibration in the plane of inci- 
& dence is shown by small arrow- 
heads andthe vibration perpendi- 
cular to the plane of incidence is 
shown by dotts. As there is some 
air space in between any two plates 


and since the angle of incidence at the first plate is the polarising 
angle, the angle of incidence of any other plate is also the same. As 
a result, vibration perpendicular to the plane of incidence would be 
partially reflected from each plate and so the refracted beam at each 
reflecting surface would be filtered off this vibration. Hence for a 
good number of plates both the reflected and the transmitted beams 
would be plane polarised. Such a pile of plates may be used to 


polarise light as well as to analyse it. 

160. Biot's Polariscope—The 
apparatus consists of a vertical upright 
on which two glass plates A, and A, 
are mounted (Fig. 299). The lower plate 
is capable of rotation along a fixed 
horizontal axis while the upper plate 
is fixed upon a ring which can be 
rotated on a vertical axis. Also this 
me can be rotated along a horizontal 
axis. 


A thin parallel pencil of light is 
made incident on the lower plate at 
an angle of about 57? (polarising angle) 
from such a direction that the reflected 
light from the plate travels vertically 
upwards and falls on the upper plate. 
By tilting the upper plate, the angle of 
incidence is made 57°. If now the 
planes of incidence on the two plates 
be made parallel, the emergent beam 
from the upper plate has a maximum 
intensity. If again the planes of inci- 
dence are perpendicular there is no 
emergent beam. The explanation is 
obvious. Since light is incident on the 
lower plate at the polarising angle, the 
polarised reflected component has its 


Fig. 299 
vibration perpendicular to the plane of incidence of the lower plate. 
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If the two plates have parallel planes of incidence, the light going to 
the upper plate has also its vibration perpendicular to the plane of 
incidence of the upper plate. About 85% of this intensity would be 
refracted and 15% reflected.. This gives the maximum light. But if 
the upper plate be rotated along a vertical axis through 90°, its plane 
of incidence is placed perpendicular to the plane of incidence of the 
lower plate. The polarised light incident on the upper plate has its 
vibration in the plane of incidence of As. The light is then wholly 
refracted and so there is no reflected component from this plate. 


Malus Law—Malus studied the relation between variation of 
intensity of the finally reflected beam and the angle between the 
planes of incidence of plates. He observed that if T, be the maximum 
intensity when planes of incidence are parallel and if I be the inten- 
sity when such planes make an angle 0, then, 

I-I,cos?0 e, aes es (160, 1) 

This law can be explained by resolving the vibration in natural 
light parallel and perpendicular to the plane of incidence of A,, and 
again resolving such parallel component along the perpendicular to 
the plane of incidence of Ag. 

161. Double Refraction—In 1670, Bartolinus observed that 
when a pencil of light is incident on a crystal of Iceland spar (a 
naturally occurring crystal of calcium fluoride first obtained from 
Iceland), two refracted pencils are obtained. So he discovered 
refraction of a double beam for a single incident beam, which he 
named Double Refraction. 

Let ABCDEFGH be the crystal and PO a ray incident at O at 
an angle of incidence i (Fig. 300). Let N,ONg be the normal at 
the point of incidence O. Let the two refracted rays be OQ and 
OT having angles of refractions r, and rg. Then. 

Refractive index for the ray o=! =p. 

Sin ry 

Refractive index for the ray OTs 3 =h, 

sin r, 

If now the crystal is rotated 
with N,N, as axis, the angle of 
incidence i would not change. 
But on rotating the crystal 
like-wlse, it is found that one 
of the refracted rays, say OT, 
remains fixed while the other 
OQ rotates over a small circle. 
This shows that the angle of 
refraction r, for a given angle 

Fie, 300 of incidence i is independent 
E of the position of the crystal. 
This is what we expect of an ordinary transparent medium for which 
the refractive index is a fixed quantity. Hence 4, is called the , 
ordinary refractive index for the crystal. 
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The other refracted ray OQ changes its position as the crystal is 
rotated and so the angle of refraction r, depends upon the position 
of the crystal even when i is fixed. The ordinary laws of refraction 
for this ray are not obeyed in this case. Bartolinus examined the 
variation of variable refractive indices for different positions of the 
crystal and for different angles of incidence. He found that the 
extraordinary refractive index changes within certain limiting values. 
For example, in case of Iceland spar, 4, varies between 1°66 to 1:48, 
while u, has a constant value of 1:66 for yellow light. In case of 
such crystals for which the variable refractive index attains either a 
limiting minimum or maximum value, such limiting value of 
refractive index is called the extra-ordinary refractive index. It is 
thus seen that for one particular position and angle of incidence, 
both p, and us for an Icelanc spar have a value of 1°66. This means 
that both the refacted rays coincide along some definite direction 
within the crystal. The direction within the crystal for which the 
ordinary and extraordinary refracted rays coincide is known as the 
optic axis or crystallographic axis. 

According to Wave Theory, the refractive index of a medium 
with reference to a monochromatic radiation is the ratio of the wave- 
velocity of that radiation in vacuo to that in the medium. Naturally 
for refractive index of extraordinary rays in a crystal to be different 
in different directions, the extraordinary wave-front would have to 
move with different velocities. Butsince the refractive indices of 
ordinary and extraordinary rays are identical along the optic axis, we 
can define the said axis in the following way :— 

The Optic Axis of a doubly refracting crystal is some direction 
within the crystal along which the ordinary and extraordinary wave- 
velocities are identical. Evidently the optic axis is not a single line 
but any line parallel to a given direction. 

Terms and Definitions—The optic axis of a crystal has already 
been defined. There are a few other terms often used in connection 
with the polarisation of light. 

Uni-axial and Bi-axial crystals—If a doubly refracting crystal 
has one given direction as optic axis, it is called a uni-axial crystal. 
Calcite, tourmaline and quartz at ordinary temperature behave like 


uni-axial crystals. If on the other hand a doubly refracting crystal has ` 


two given directions as optic axis, it is called a bi-axial crystal. Mica, 
aragonite and topaz at ordinary temperature behave as bi-dxial 
crystals. The angle between the optic axis of a bi-axial crystal 
depends upon temperature. It may be that a uniaxial crystal at a 
lower temperature may behave as a bi-axial crystal at some higher 
temperature. 

Positive and Negative Crystals—For a uni-axial crystal there 
are two refractive indices,—ordinary uw, and extraordinary y, If 
for any uni-axial crystal we is greater than uv, except along the optic 
axis, it is called a positive uni-axial crystal. Ordinary wave-velocity 
is generally greater than the extraordinary wave-velocity. Quartz 
at room temperature is an example of a positive uni-axial crystal, 
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For any uni-axial crystal, if 4; is greater than ju except along the 
axis, that is when the extraordinary wave-velocity is generally greater 
than ordinary wave-velocity, it is called a negative uni-axial crystal. 
Calcite belongs this class. Bi-axial crystals can also be classed into 
positive and negative specimens. 


Principal Section—The section of a crystal by a plane passing 
through the optic axis and normal to a crystal face is called a 
principal section. It is evident then that principal section of a uni- 
axial crystal contains the optic axis. If the crystal is a rhomb having 
opposite faces parallel, then for every point within the crystal, there 
would be three principal sections, one for each pair of opposite 
parallel forces. For an Iceland spar, any principal section would 


look like Fig. 301 which is a rhombus. 

Principal Planes—There are generally two principal planes,— 
one for the ordinary ray and the other for the extraordinary ray. 
The principal plane for ordinary ray is the plane containing the 
ordinary refracted ray and the optic axis passing through the point 
of incidence of the incident ray. In a similar manner the principal 
plane for the extraordinary ray is the plane containing the extra- 
ordinary refracted ray and the optic axis passing through the point of 
the incidence of the incident ray. The principal plane of the ordinary 
ray coincides with the plane of incidence of the incident ray. 

When a crystal is not cut in principal selection, these two 
principal plane are inclined to each other. But when a crystal is 
cut in principal section, these two 
are identical plates since both ordi- 
nary and extraordinary rays lie in 


principal section provided the inci- 
dentray isalso in this section. In 
Fig. 301, ABCD is a crystal cut in 
principal section with AX (dotted 
line) as the direction of optic axis. 
PQ is an incident ray, QO and QE 
representing ordinary and extra- 
ordinary rays. Imagine a line QY 7 

parallel to AX ; then QY is the Fig. 301 

optic axis passing through Q. Thus. 

the principal plane is the plane containing QY and QO or QE. This 
means that principal section represents the principal plane. 

162. Calcite Crystal or Iceland Spar—The shape of the cr stal 
rhombohedron having six faces and eight corners as usual. (Fig. 99). 
Each face is a parallelogram of opposite angles having values of 78° 
and 1029. Each corner ofthe rhombohedron contains three edge 
angles. There are two opposite corners of the crystal containing all 
the three obtuse angles having a magnitude of 102°. These two are 
commonly called blunt corners. The other six corners have each two 
edge angles of 78° and one of 102°. 


The refractive index of ordinary ray is 1°66 for yellow light 
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while the refractive index of extraordinary varies from 1°48 to 1°66. 
Hence it is a negative uni-axial crystal. Ifa line is imagined to be 
drawn within the crystal from any blunt corner which should be 
equally inclined to the three edges of that corner, this line or any 
direction parallel to such a line gives the optic axis of the 
crystal. f 


Polarisation due to Double Refraction—If a thin pencil of natural 
light be transmitted through a uni-axial crystal such as calcite in a 
direction other than the optic axis, we get two emergent beams. On 
placing a screen behind the crystal, two patches of light are obtained. 
Jf the crystal is rotated with the normal at the point of incidence 
as axis, one image remains fixed while the other rotates about the 
fixed image. The image is due to the ordinary beam and the rotating 
image is due to extraordinary beam. 


If now a tourmaline crystal or any other analyser is placed in 
the emergent beam of the ordinary image, then on rotating the 
analyser a variation of intensity of transmitted light is observed, 
For some particular position of analyser, the field becomes dark, 
proving thereby that the ordinary beam is plane polarised. The 
direction of vibration of the ordinary beam is along a direction at 
right angles to the plane containing the optic axis and the central 
ray of emergent ordinary beam. If the extraordinary beam is exa- 
mined likewise with the analyser, it is also found that for some 
other position of the analyser, the field of view becomes dark. Hence 
the extraordinary beam is also plane polarised but the direction of 
vibration associated with this beam is perpendicular to the beam 
axis and is along the plane containing the optic axis and the central 
ray of the extraordinary beam. We thus conclude that both the doubly 
refracted beams are plane polarised. Further the vibration associated 
with the ordinary wave-front is perpendicular to the principal plane 
of the ordinary ray and the vibration on the extraordinary wave- 
front is parallel to the principal plane for the extraordinary ray. 


163. Determination of  Refractive Indices of a Crystal— 
Measurement of refractive indices of a crystal is generally done with 
a vernier microscope or a spectrometer. When the microscope 
method is used a plane parallel slab of a crystal is used as specimen. 
But when a spectrometer is used the crystal in the form of a prism 
is taken. In both the cases some particular section of the crystal ‘is 
used which is explained below. 


It has already been explained that along the optic axis of a crystal 
both the ordinary and extraordinary rays have been equal velocity, 
As the rays travel more and more inclined to the optic axis, the 
difference between ordinary and extraordinary wave-velocities, 
increases until when rays travel Perpendicular to the optic axis the di- 
ference between the two wave-velocities is maximum. It is to be born 
in mind that the ordinary Wave-velocity is constant in all directions 
within the crystalline medium. Let Yo and Ys be the ordinary and 
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extraordinary wave-velocities. If c be the wave-velocity in vacuo, 


Then -C.—g,—refractive index of the ordinary ray 
Yo --(116, 1) 
and = — i refractive index of the extraordinary ray 
é 
Vernier Microscope Method—Take a plane parallel plate of 
calcite or any other uni-axial crystal such that the optic axis is 
parallel to pair of known faces. 
Further suppose that the type of A 8 
the crystal is known. Let ABCD 
represent the section of the crystal 
whose optic axis is parallel to face 
AB or CD (Fig. 302. Drawa fine .._.0) c. 
line on a piece of paper and place » 
itonthestage ofa vernier micros- Fig, 302 
cope. Focus the line and take the ue 
reading of the vertical vernier. Let the reading be a cm. Place the 
crystal on the piece of paper so that AB or CD is the base. Slowly 
raise the microscope until the first image is seen in the field -of view 
in fine focus. Take the vernier reading and let be b. cm. Raise the 
microscope again so that the second image is in focus. Take the 
reading and let it be c cm. Finally scatter some lycopodium powder 
on the upper face AB and focus the grains. Take this reading ; let 
it be d cm. US > 
: _ real dep _a—d 
Then for the first image, u, bocatat depu oad 


For the second image, p, — 62 depth . a—d 


Suppose that b -d is larger than c—d, then us is greater than py. 
If the specimen is a negative uni-axial crystal o>. Hence 
My=Mo and =ke. For positive uni-axial crystalps7» uo and so ua — 
He and ft;=(Wo. If the the type of the crystal is not known, the actual 
direction of the optic axis on the faces must be known or determined, . 
whence by observation on images from a different plane, the variable 
nature of refractive index of either p, or 4, may be found whence 
the type of the crystal becomes known. 

Spectrometer Method—Take a triangular prism of the crystal 
such that the optic axis is parallel to the refracting edge. Place the 
prism on the spectrometer table and adjust the spectrometer for 
parallel rays with a monochromatic light. Two images would: be 
Seen in the field of view,—one for ordinary rays on the other for 
extraordinary rays. Place one image at the minimum deviation 
position and as usual measure the angle of minimum deviation. 
Callit8,. Again place the other image at the minimum deviation 
position and measure its angle of deviation §,. Finally measure the 
refracting angle « of the prism. Then from the law of Geometrical 
Optics, 

Pt. II/L—19 
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From a knowledge of the type of the crystal, the ordinary or 
extraordinary refractive indices can be recognised. d 
164. Nicol Prism—It is a combination of two cemented calcite 
prisms and is used to polarise natural light and to analyse polarised 
light. A calcite crystal is taken 
and is so shaped that the end faces 
AB or CD are parallelogram having 
equal sides. A size of the crystal 
is taken whose length is about 
two and a half times it breadth 
or thickness (Fig. 303a). Under 
this condition the optic axis of the 
crystal makes an angle of about 
71° with the shorter side of the 
principal section of the prism. 
Both the end faces are so grinded 
that the optic axis makes an angle 
of about 68° with the principal 
section, shown by faces AE and CF. 
Now the prism is cut into two 
halves by a plane EGF perpendi- 
cular to the principal section going 
through the two blunt corners of 
the crystal. A thin layer of Canada 
a balsam is spread over the newly 
ba Fig. 303 cut surfaces and the halves are 
joined together. The composite prism is the Nicol prism. The 
principal section of the Nicol prism is shown by AFCF (Fig. 303b) 
in which thin parallel lines along FF represents the layer of 


Fig. 304 Fig. 305 
Canada balsam. As a matter of fact, it is extremely difficult if not 
imposssble, to saw a calcite prism into two equal halves ; since 
there is every possibility of the prism to break into pieces. In 
practice two independendent calcite prisms are selected and are carc- 
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fully grinded into two symmetrical halves. They are joined ty 
Canada balsam. 

Nicol as Polariser—A principal selection of the Nicol prism is 
shown in (Fig. 304). The layer of Canada balsam is shown along AC. 

The refractive index of calcite tor ordinary ray has a mean value 
of 1.658 and that for extraordinary ray it is 1:482. The refractive 
index of Canada balsam has a mean value of 1.541. Let a wave 
front PQ of natural light be incident on the end face AD of the 
Nicol prism. Resolve the incident vibrations in two rectangular 
directions on the wave-front—that along the principal plane of 
the refracted rays (plane ABCD) as shown by the vertical line on 
PQ and at right angles to this plane as shown by the horizontal line. 
On entering the crystal at F the refracted wave-front is split into 
two parts ; one going along FG having its vibration parallel to the 
principal plane, known as the extraordinary beam. The other going 
along FH and having its vibration perpendicular to the principal 
plane, is the ordinary beam. 

When these two beams are incident on the Canada balsam layer 
different effects take place. To the ordinary beam calcite of 
Mo=1°658 is a medium denser than Canada balsam of u=1:541. So 
ordinary beam is moving from a denser to ararer medium and the 
angle of incidence at H is large enough to exceed the critical angle 
for calcite-balsam junction. Thus the ordinary beam is reflected 
from H to the side of the prism at O where it is absorbed by a 
black paper wound over the sides. To the extra-ordinary beam, 
calcite of p,—1:482 is a medium rarer than Canada balsam of 

=1'541. Hence there is partial reflection and partial transmission 
into the layer. Thus the transmitted beam is plane, polarised having 
its vibration parallel to the principal plane. The end face BC looks 
like the white rhombus as shown in figure 305. The extraordinary 
wave-front has its vibration along the shorter diagonal of the end 
face. This is how natural light is plane polarished after passing 
through a Nicol prism. 

Nicol as Analyser—When a plane polarised light is examined 
through a Nicol prism, then for certain position of the prism the 
intensity of transmitted light is maximum. If the prism is slowly 
rotated with the incident beam as axis, the intensity continuously 
diminishes until when it is rotated through 90° from the original 
position, the field of view becomes dark. The darkness of the field is 
an indication that the incident beam is plane polarised. On further 
rotating it, light would be continuously regained and the original 
intensity is obtained when the rotation is 180° from the original 
position. 1 x f 

Suppose that the light is polarished with one Nicol prism and 
analysed with a second prism. When the two principal planes of 
the Nicols are parallel, then the first Nicol polarises the beam 
having its vibration parallel to its principal plane. The polarised 
vibration enters the second Nicol which transmits the vibration as 
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an extraordinary wave. This is the condition of parallel Nicols as 
shown in Fig. 306. 


A ^ 


Fig. 306 

When however any one Nicol is rotated through a right angle 
then polarised vibration from the first Nicol is perpendicular to the 
principal plane of the second Nicol and as such the pencil of rays 
behaves as ordinary ray in the second prism. This ordinary ray is 
‘reflected by the Canada balsam layer to the side and there is no 
transmitted beam from the analyser. This explains the behaviour of 
crossed Nicol prisms as shown in Fig. 307. 


^ B 


Fig. 307 


Comparison between a Nicol prism and a Tourmaline—A tourma- 
line crystal is also doubly refracting crystal but it has a special 
property that the ordinary ray is absorbed by the crystal transmitting 
only the extraordinary. Hence if a plane parallel crystal of tourma- 
line is taken which contains optic axis parallel to the face, then out 
of natural light only the extraordinary wave-front having vibration 
parallel of the axis would be transmitted. In this sense it is a 
polariser, and also an analyser. 


But the tourmaline crystal has a greenish colour and as such it 
absorbs to a large degree the red end of the Spectrum. Due to this 
selective absorption tourmaline is not in use now-a-days as polariser. 
On the other hand a Nicol prism is a colourless crystal and a 
polarisation effect of differently coloured beams can be examined. 
Widely divergent or convergent beams cannot be fully polarised by 
the Nicol prism. 


Nowadays artificial transparent plates containing colourless 
crystal grains are prepared which can very successfully polarise and 
analyse natural light at wide angles even. These are called polaroids 
first constructed by Herapath in 1852. 


Refereuce 
Arts, 
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Arts. 
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Art. 160 


Art. 159 
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EXOERISES ON CHAPTER XIII 


1. Explain what is meant be polarisation of light waves. 
Describe an experiment which conclusively verifies that wave- 
nature of light is transverse. 


2. Define plane of polarisation and plane of vibration. 
How would you obtain plane polarised light by reflection froma 
glass plate. 

3. Describe a Biot's polariscope, Show that for some 
relative position of the mirrors the doubly reflected light vanishes 


and explain the phenomenon. (Guj. U.—1968) 
4. State and explain Brewster's law, Describe the function 
of a pile of plates in polarising light. (Bom. U.—1967) 


5. Describe the phenomenon of double refraction, Define 
optic axis, positive and negative crystals, principal section and 
principal planes. 

6. Explain double refraction. Show that in a double 
refraction each beam is plane polarised. How can you deter- 
mine the refractive indices of a uni-axial crystal ? 


7. Describe a Nico! prism and explain the function of the 
prism in polarisibg a beam of light. (C. U. B. 8c.—1970) 
8. Explain a Nicol prism as a polariser and as an analyser. 

: f (Mys. U.—1969) 
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CHAPTER 1 
SIMPLE PROPERTIES OF A MAGNET 


1. Natural Maguets.—Long ago, a kind of dark coloured 
ore, having some special properties, 
was discovered in Magnesia in Asia 
Minor. This ore derived the name of 
magnes from Magnesia, where it was 
first obtained. Asia Minor is now split 
up into a number of countries like 
Israil, Jordan, Syria, Irak and Iran. It 
was subsequeutly called by a popular 
name magnetite having the following 
properties : j^ 

i) Attractive Property—When a 
piece of magnetite is brought near 
small chips of iron, it attacts the chips 
(Fig. 1). This is known as the ‘attractive Fig. 1 
property’. The attraction is strongest at : 
the two ends N and § of the ore. 


(ii) Directive Property— When suspended with a fine string 
so as to swing freely, it oscillates at first but ultimately it comes to : 
rest with the above two ends pointing approximately north and 

' south. This is called the ‘directive property’. 


Thales of Miletus of sixth century before the birth of Christ first’ 
recorded such properties of a magnetite. The attractive property of 
such an ore was mentioned by various Greek philosophers including 
Lueretius during the period from 400 to 200 B. C. 


In ancient times a magnetite was used in every sea-going 
vessel and the mariners used to determine the north and south 
directions with its help on high seas. They called it a lodestone, 
meaning thereby a leading or guiding stone. A substance, occuring 
in nature and having properties mentioned above, is now called a 1 
natural magnet. Later on this ore has also been found in many other ~ 
places, e.g., Canada, Finland, Norway, the Urals etc. The ore is 
composed chiefly of iron and oxygen having the molecular formulae 
Fe,O, and Fe;0;. 

2. Artificial Magnets—Natural magnets are rugged in shape 
and weak in attractive power. For this reason they cannot be used 
efficiently for practical purposes. Making an artificial magnet dates 
back as early as 1200 A. D. by the description of a French technician 
Guyot de Provins by some sort of touch with a loadstoné on iron 
needles. These methods will be described in Art. 6, by which a 

_ suitable substance may be converted into a magnet. The process 
of conversion is called magnetisation. Magnets prepared in this way 


Pt. U/M—1 
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d called artificial magnets. They are, in general, of the following 
ypes : f à 


Fig. 2. Fig 3 Fig. 4 t 
Types of Artificial Magnets. 


(i) A bar magnet isa solid rectangular parallelopiped or a 
cylindrical piece of magnetised steel of uniform cross-section (Fig. 2) 

(ii) A horse-shoe magnet is a U-shaped piece of magnetised 
steel with two ends brought close together (Fig. 3). 


(ii) A ball-ended maguet is amagnetised bar of round cross- 


section carrying two steel balls at the ends (Fig. 4). 

(iv) A magnetic néedie is a thin piece of magnetised steel with 
two tapering ends. It is balanced horizontally on a-pivot passing 
through its centre of gravity (Fig. 5). 7 


Each type of magnet, described above, has got both attractive. 


and directive properties. When a horse-shoe magnet is so suspended, 
that it can turn freely on a horizontal plane 
it would come to rest with its north pole 
pointing north and its south pole pointing 
South. The bend at the middle of the magnet 
would then lie east, west or upwards as the 
case might be. The first systematic work on 
Magnetism was done by William Gilbert (1540- 
1603) in his famous treatise ‘De Magnetete" 
' published in 1600. Galileo (1564-1642), a con- 
temporary scientist, spoke highly of Gilbert's 


sixteenth century were . loadstones. Gilbert 
attached iron caps to the polar ends- df the 
loadstones and found that such caps. increased 
theattractive power of the, loadstones. One 
of such capped loadstones in Shown in Fig, 6. CC represent iron 
caps at the two poles of the magnet and L is the connecting link 
between the caps, 


Fig. 6 


3... Some Fundamental ‘Terms—The following are some ofthe 


terms which are frequently used in connection with a: magnet : 


researches. The most powerful magnets upto ' ` 


D 
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Pole—On examining a magnet dipped into iron filings it is found 
that the amount of filings sticking to its body is different at 
different parts. The maximum quantity 
sticks at the two ends and there is a 
rapid fall towards the central part. 
At the central part of the magnet 
Fig.7 there are practically no filings (Fig. 7). 
It is evident from this fact that 
from the middle part as we proceed towards the ends, the force of 
attraction becomes greater and greater. So there must be some region 
Somewhere near each end where this force is greatest. This 
region is called the pole of the magnet. 


Thus there is one pole at each end of the magnet. When freely 
suspended, the end pointing north is called the north-seeking pole 
or simply the north pole. The other end is similarly called the 
south-seeking pole or the south pole. The ends N. and S (Fig. 7) 
are the two poles of the magnet. Remember that the pole is not 
exactly a point but it is a small region near each-end. 

Magnetie Axis—The imaginary line joining the two polar regions 
of a magnet is known as the magnetic axis. The right line joining N 
and S (Fig. 7) is the magnetic axis. 

Equivalent Length—The distance between 
1? the two poles measured along the axis is 
i called the equivalent (or effective) length of the 
i magnet. The length of the line NS is the equi- 
H valent length. The actual length of the bar is 


LI 
n 
N 


5 


D 
A ---:l.l2l--N 


> 
-- 


called the *geometrical length' and it is a bit 
longer than the equivalent length. 


Magnetic Meridian—The vertical plane 
passing through the axis of a freely suspended 
magnet is termed the magnetic meridian. In 
Fig. 8. ABCD is the. vertical plane passing - 
through the axis of a freely suspended bar’, 
i magnet NS. Therefore this-plane is the mag- 


N=- S=-=--= --=-5 


i : er netic meridian. PO is the axis of suspension. 
peer Neutral Region—The thin belt AB (Fig. 7) 
pie round: the magnet over its medial part where 


there is practically no attraction, is known as 
the neutral region. i 


Attraction and Repnlsion—We can study 
gnets from the following 


Fig. 8 


4. Laws of Magnetic 


tual action between the poles of ma 
bor periment Take two magnets: one a bar magnet and the 


i i i Fig. 9). 
a tic needle placed on a vertical pivot (| 

T bring roii a distance the N-pole of the magnet near ne 
north pole of the needle. Observe that the north pole of the needle 


i i - bar 

i 3 a repulsion. Now bring the N-pole of the bai 

erat As ole a the needle. Observe that the latter Pa 
eed towards the bar magnet showing an attraction. Repeat the 
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experiment with the S-poleof thebar magnet ; a repulsion takes place 
when it is near the s-pole of the needle and there is attraction when 
near the n-pole. Thus we derive the following simple laws as | 
conclusion ;— Like poles repel each other and unlike poles attract 
each other. 


History tells us that Peter Perigrinus in the Thirteenth century 
first observed the existence of such attraction and repulsion between 
the ends of the loadstones but he lacked in a systematic study. » 


Earth as a magnet—From the very fact that whenever or wherever 
we suspend a magnet, it points approximately. north and South, we 
infer that there are. two definite 
regions of the earth which attract the 
poles of the suspended magnet. This 
can happen -only if the earth is 
regarded as a huge magnet, with its 
south magnetic pole somewhere near = 
the North Geographical Pole and the 4 
north magnetic pole near the South — 
Geographical Pole. It is due to the " 
mutual effect of forces between the Figo 
poles of ithe. earth and those of a 
magnet that the latter tends to set itself parallel to the magnetic 
axis of the earth. Earth as a magnet was Gilbert’s discovery. 


-So we conclude that the North Geographical Pole and the South - 
Magnetic pole, as we now call it, are near each other. Similarly, . 
the North Magnetic Pole is near the South Geographical Pole of 
the Earth. More about Terrestrial Magnetism would be dealt with in 

' Chapter V of this Book. È 


. 5. Magnetic Substances and Media— Substances, which are appre- 
ciably attracted by a magnet, are called magnetic substances. Iron 
and steel are attracted most strongly, nickel moderately and cobalt 
feebly. In addition to these elements, there are alloys which are 
also classified as magnetic substances. One of these alloys, generally 
known .38 Heusler's alloy, consists of copper, gluminium and 
magnesium. Although none of these metals behaves individually as 
a magnetic substance, their combination is Magnetic in character, 
In recent times , many magnetic alloys, more durable and 
sensitive to magnetic attraction, have beer prepared. The influence" 
of magnets upon these magnetic substances can be shown by placing 
any one of them near the pole of a magnet, when it is more or less 
attracted. This influence is not Sensibly altered when any light 
substance (such as a piece of paper or wood) is interposed between 
the two. Permanent magnets are made of any one of these magnetic 
substances or alloys. ; ( 


A few simple Tests—Suppose that we are Supplied with three 
identical bars, of which one is a magnet, the second is a magnetic 
substance and the third is a non-magnetic substance. To identify 
them take a permanent magnet and present it successivly to both ends 
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ofeach specimen. The one that shows an attraction “at one end and 
repulsion at the other, isa magnet. The other, that shows attraction 
at both ends, is a magnetic substance; while the third, that 
exhibits no influence by the magnet is the non-magnetic substance, 
Suppose that a magnet and an ordinary iron 
The simplest way of identifying them is to touch the middle part 
f one with the end of the other. If there is no attraction,’ then 
the one, whose middle part has been touched, is a magnet. Because 
at the neutral region of the magent there is no attraction. On the 
other hand, if there be an attraction, the one, whose end is presented 
to the middle of the other, is a magnet, because. the pole ofa , 
magnet can attract any region of a magnetic substance. 
6. Methods of Magnetisation—There are broad 

by which artificial magnets are made : 


(i) by Rubbing and (ii) by Electrical Current. 


Although Gilbert in his famous treatise referred to magnetisation 
of steel wire by touches of loadstone and destruction of magnetisation 
when iron was made red hot, the commercial processes of magnetisa- 
tion by rubbing were introduced later on. The method of rubbing 
is again sub-divided into three parts :— 


(a) Method of Single Touch—This process was first commercially 
applied by Servington Savery in 1730 A.D. Place a thin piece of steel 
AB (such as a straight piece of clock-spring) upon the table. Hold a 


rod are supplied. 


ly two methods 


Fig 10—Single Touch Fig. 11—Magnetisation by Divided Touch 


magnet in an inclined position, with one of its poles, (say ihe north), 
in contact with one end of the steel piece (Fig. 10). Rub the magnét- 
over the entire length of the specimen till the other end is reached. 


Raise the magnet as itreaches thé other end. Place it in its 
former position and rub likewise a few times. Turn the specimen 
upside down and make similar rubbing on the face. The steel 
piece is then foundsto become a permanent magnet. -The end of 
«the piece last touched by the stroking pole acquires polarity of the 
opposite kind which means that the end B becomes the south pole 
and A the north. en 

(b) Method of Divided (or Separate) Touch—This method was 
first introduced by Gowin Knight in 1713. On the table fix the steel 
piece to be magnetised. Place two magnets with their opposite 


i 


6 INTERMEDIATE PHYSIOS OHAP, I 


poles almost in contact at the middle part of the specimen. 
Draw the magnets apart over the piece in a manner as shown by the 
dotted lines in Fig. 11. When the ends are reached, raise up the 
magnets, bring them again at the middle and repeat the same 
process a few times., Turn the Specimen upside down and repeat 
the same procedure as on the top face. This method is a little more 
effective than the previous one. Polarity developed at either end of 
the piece is opposite to that of the stroking pole. 


(c) Method of Double Touch—This method. was first developed 
by John Canton ( 1718-1772) round about 1748. On the table fix steel 
piece.to be magnetised, and place thetwo magnets on the steel piece 
in a way similar to that of divided touch. Interpose a piece of cork C 
between th¢ poles (Fig. 12). Draw the combination of magnets along 
a definite direction until one end is reached. "Then without raising 
them draw the magnets backwards to the other end. In this way 
rub the steel piece 2 
with the pair of 
magnets to-and-fro 


€ 


3 Santor of ties ERU open 

over both sides of. & s TN s 
the specimen. Finish : mw 

the rubbing always Fig. 12—Magnetisation by Double Touch + 


at the middle. 


The polarities developed on the substance are of opposite charac- 

ter to the stroking poles. This means that the end A becomes north 

` pole and the end B becomes South, since the S-pole of the magnet 

reaches A and N-pole reaches B. The Specimen is sometimes 

mounted on two other bar magnets. The mechanism of magnetisation 

by rubbing would be fully understood in thé next Chapter on 

Molecular Theory of Magnetism. These old methods of magetisa- 
tion are of little practical importance nowadays. E 


Magnetisation by Electric Current—This method is most suitable 
and effective for the purpose of magnetisation, which was first intro- 
MC : : duced by Sturgeon in 1825*. Coil a 
length of insulated copper wire round 
a steel rod from one end to the other. 
Connect the two free ends of the 
wire to the terminals of a battery of 
cells B through a key K and a current 
regulator R. Now pass a Strong 
electric current through the coil 
Fig, 13 for a few seconds. Take out the 
specimen and test its,magnetism. It is 

found to have acquired permanent magnetisation (Fig, 13). 


* A short history of the application of electric current for making magnets 
may not be out of place here, Mainly due to the efforts of two Italian 
scientists Galvani (1737—1798) and Volta (1745-1827), an electrical cell could 
be devised in 1800 which could send a continuous current through a wire, 
During next 20 years various types of cells and their improvements were made, 


e 
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__ To. know the polarity developed at either end of the rod, look at 
either face of the rod when the coil at that end would appear to be 


4 e 905 


Clockwise Motion Fig. 11 Anti-clokwise Motion ] 


a circle. If the current in the coil, taken from the positive to 
the negative terminal of the battery, appears to flow anti-clockwise 
round a face, that face of the rod behaves as the N-pole. Similarly 
the end over which current flows clockwise, is the S-pole (Fig. 14). 
If the specimen supplied be U-shaped, as shown in Fig. 15, then to 
magnetise it by electric current the insulated wire is to be 
coiled round its ends in opposite directions. On passing a strong 
current, as already described, the specimen 
becomes a horse-shoe permanent magnet. 
The polarity developed is determined by 
the same clock-face rule. It may be men- 
tioned that round about 1873 J. C. Jamin 
made a permanent horse-shoe magnet by 
electrical process, which was then consi- 
dered to be world's most powerful perma- 
nent magnet. In recent time magnetic alloys 


MAH 


UNE 
t 
O stronger permanent magnets. 

Fig. 15 When the steel rod is replaced by a 
thick soft iron rad, the magnetisation lasts 
as long as the current flows in the coil. But here the’ magnetism 
developed is of a much stronger nature. Such a magnet is called an 
electromagnet. The magnetic material placed within the coil is known 
as the core of the electromagnet. (Vide Chap. XII, ELECTRICITY). 


7. Consequent Poles—On account of faulty magnetisation 


a piece of steel may acquire similar 

polarities at its ends, For example £—-—5——— 
in magnetising by the method Sp" " 

of divided touch, if the stroking Fig. 16 

poles be of the same mature, say £ 

south, the ends of specimen generate north poles with two south- 
identally discovered that a magnetic 
rrent flows through it The problem 


In 1819 Oersted, a Danish scientist acc 
needle gets deflected near a wire when cu 
was at once taken up by a French scientist Ampere (17751836), a German 
scientist Ohm. (1787—1854) and an English scientist paraday (1801—1867). It 
. was mainly due to Ampere Ahat a close relation between the strength of the 
current and the strength of the magnetic field was established. He showed in 
1825 that a coil carrying an electric current behaves as a magnet but the 
credit of magnetising a steel bar with a coil by sending a current was snatched 
away by a German scientist Sturgeon from Ampere in the same year. 


have been prepared wherefrom we get stil — 
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poles in the middle (Fig. 16), Such polarities other those at the ends 
of the steel piece are termed consequent poles. ` These poles are un- 
stable and last for a rather shorter period. When a specimen, with: 
consequent poles at the ends, is suspended horizontally with a piece 
of thread, in that case it would turn east west. f 

8. Magnetic Induction—It has already been stated that magne- 


tism is developed by rubbing. But the mere presence. ofa strong 


magnet may sometimes induce mag- 
netism jn magnetic substances. This 
can be shown by a simple experiment. 
Take a a stong bar magnet NS and 
place a rod of soft iron very near to 
one of its poles (Fig. 17). Bring iron 
Fig. 17-~Magnetic Inductien filings to. the free end of the soft iron. 
This end is found to have developed 
the property of attracting iron filings. Now take away the magnet. 
The iron filings fall down from the soft iron tod, showing that the 
magnetism of the soft iron rod was temporary. This proves that 
in the presence of the magnet, the iron is temporarily magnetised. 
The magnetism, thus Communicated to the iron due to the presence 
of a permanent magnet, is called induced magnetism and the 
Phenomenon as a whole is known as magnetic induction. 


Magnetisation due to Induction—When a rod'of mild steel is 


can retain magnetism, even when the inducing magnet is taken away. 
Long: bars of iron,which have been placed horizontally in the magnetic 
meridian or even in a vertical plane and are Subjected to frequent 
heating and cooling or hammering, are often found magnetised due to 
earth’s inductive influence, This was the earliest method of magne- 
tising a Specimen of iron, Permanent magnetisation, acquired by the 
body of à ship in the process of her construction is an illustration 
of magnetisation due to induction. (Vide Chap. V ; MAGNETISM). 
9. Nature of Induced Polarity—In order to find the nature of 

polarity developed by an inducing pole, the following experiment may 
be made, Take a pivoted magnetic needle ns and place a bar Magnet 
NS ata Considerable distance from it with its north pole facing the 
north pole of the & n 

needle, so that the 2 SS. amma 
repulsive effect is — . Ay JBN S 
inappreciable (Fig, ` 

18). Now introduce 

arod of soft iron z 

Aa tog the Fig. 18—Nature of Induced Polarity 

poles of the magnets. Observe that the north pole of the nec 

is deflected. This clearly shows that repulsion pat the NA ut 

the bar magnet and the n-pole-of the needle takes place through the 

medium of the soft iron rod. Thus the end A of the soft iron rod 


kd 
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must have acquired a north polarity and B the south. So we 
conclude that the end B of the soft iron rod has become a south 
pole under the influence of the N-pole. This means that opposite 
polarity is generated. by induction. 

It is now clear why a magnet attracts a magnetic substance. Take 
for example, an iron nail and bring it before the north pole of a 
magnet. The pole in this case induces an opposite polarity to the 
nearer end of the nail ; and then attraction follows between unlike 
poles. Whenever there is induction, attraction follows as a necessary 
consequence. Hence we infer that induction precedes attraction. 


10. Reversal of Polarity by Induction—The pole of a powerful 
magnet may sometimes reverse the polarity of a weak magnet by 
induction. This can be shown by the following experiment. Bring 
slowly the N-pole of a strong bar magnet to the n-pole of the 
magnetic needle. A repulsion is observed. Hold the n-pole of the 
needle with hand and bring the N-pole very close to it. Now there 
is attraction. South pole is developed inductively at this end and 
hence there is attraction. For a short stay of the inducing pole, the 
effect is temporary, but is nevertheless injurious to the needle. So, 
to exhibit repulsion between two like poles, specially when one is 
very strong relative to the other, magnets should be brought slowly 
near'each other in order that the weaker like pole might get sufficient 
time to move away. 

*11. Degree of Induced Magnetism—The degree, to which a 
substance can be magnetised by induction, depends upon (a) the 
nature of £he substance, (b) the strength of the inducing pole, (c) the 
distance between the substance and the pole and (4) the nature of the 
intervening medium. (Vide Chap. III). 

To verify the fact that the amount of induced magnetisation 
depends upon the nature of the `: substance, fixa magnetic needle and 
a magnet as in Fig. 18, so that the mutual effect is inappreciable. 
Take rods of different magnetic materials of equal length and cross- 
section. Bring them successively between the needle and the magnet. 
Note the amount of the deflection in each case. The deflection of 
the needle is a measure of the strength of the induced polarity. It 
will be found that the deflection is different in each case. Soft 
iron rod deflects the needle more than what any other substance does. 


To show. that the amoynt of magnetisation depends upon the 
strength of the inducing pole, place the rod coaxially with the needle 
and bring the magnets of different strenghts to the other end. Observe 
thatthe stronger is the magnet, the greater is the deflection. This 
shows that more powerful pole. induces stronger magnetism on the 
some material. In order to verify that the amount of: induced 
magnetism depends upon the distance between the induced and the. 
inducing poles, set up an arrangement of apparatus as in the prece- 
ding experiment and bring the magnet very close to the rod. Observe 
that the deflection is very large. Gradually take away the magnet 
and observe that the deflection. becomes smaller and smaller. This 
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Proves that with increasing distance of the inducing pole the strength 
of the induced polarity becomes less, 


*12. Induction due to Combination of Magnets—Take a magnet 
and place one end of a small iron nail in contact with its S-pole. 
The nail would stick to it. Present another similar nail, to the 

openend of the. first one ; it 
would cling to the first one 
due to induction. In this 
way make a chain of iron nails 
as long as possible. Then 
gradually bring the N-pole of 
another magnet near the S-pole 
> of the first and notice that 
one by one the iron nails fall 
off (Fig. 19). K 
That the. nails gradually 
fall off from the chain is an indication of the fact that the induced 
pole strength at the junction of the nails is gradually diminishing. 
This is due to the Superposition of effect due to two unlike poles. 
If instead of the N-pole, the S-pole of one magnet is brought nedr 
‘the S-pole of another, the chain would be able to support more 
' nails, thus ‘showing that induced pole strength has increased due 
to the combined effect of like poles. : 


An interesting case arises when the two unlike inducing poles 
have got exactly the same Strength and are actually in contact face 
to face. Not a single nail can then stick to the combined poles. The 
new combination has, as it were, mutually counteracted. their 
Strengths completely. In this case equal and opposite effects are 


Fig. 19~Induction due to Opposite Poles 


13. Repulsion is a surer test of Polarity—We are now in a 
position to test by the following experiment Whether a substance is 
In a rnagnetised state or not, Witha string Suspend the substance 
under test. Af it comes to rest always in a specific direction, the 
preliminary inference would be that the substance is magnetised. | ' 
Another more convincing experiment is a follows. Bring the pole 
Of a pérmanent magnet near the substance and observe the effect, 
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EXEROISES ON CHAPTER I 


1. One magnet is completely enclosed in a rectangular wooden 
block. Explain how you would proceed to find the magnetic north 
and south with it. 

Hirits.—Since a block of wood cannot screen off the attractive 
effect, the magnet together with the rectangular block will, when 
freely suspended, place itself in the magnetic meridian irrespective 


of its being enclosed within the wooden enclosure, 

2. What do you mean by the pole of a magnet? What is the 
exact difference, magnetically speaking, between a piece of brass, a 
piece of soft iron and a piece of lodestone ? 

(C. U.—1953 ; Dac. U.—1961) 

3. How would you distinguish between a magnet, a magnetic 
substance anda non-magnetic substance 7 Describe experiments 
to illustrate your answer. (Pat. U.—1952; C. U.—1944) 


4. Describe various ways of magnetising a piece of iron. 
` (Pat. U.—1953 ; Dac. U.—1953) 


5. Draw a neat diagram to show hów to magnetise a stee] bar 


(a) by single touch, (4) by electric current. Explain howa north , 


pole may be obtained at a definite end of a steel bar, 
(V. U:—1954 ; C. U.—1952) 


6. Explain how consequent poles are produced 
f (Utk. U.—1952) 

7. What is magnetic induction? Describe suitable experi- 
ments to explain this. (C. U.—1949 ; Dac. U.—1958) 

8. Explain what is meant by magnetic induction and reten- 
tivity. Discuss the relative values oi these quantities for sort iron 
and hard steel. A (P. U.—1962) 

9. One pole of a magnet of soft iron, only feeble magnetised is 
found to be repelled by the north.pole of a strong magnet when the 
latter in some distance away, but to be attracted when the magnet is 
brought close together. Explain this. 

10. Device simple experiments to show that the degree of 
induced magnetism depends upon the strength of the induced 
pole strength and the distance between inducing and induced 
poles, 1 
` 11. Repulsion is a surer test of magnetic condition of body 

than attraction. Explain this. (Utk. U.—1953 ; C. U.—1955) 

12. Write a short history of the progress of magnetisation of a 
substance from early stage to the present day. 
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Reference 


Arts, 
1&5 


Arts, 
4&5 


Art, 5 
Art, 6 


Art. 6 


Art. 7 
Art. 8 


Art. 8 


Art, 10 
Art, 12 


Art, 13 
Art. 15 


CHAPTER II 
MOLECULAR THEORY OF MAGNETISM 


4 


14. Inseparability of Poles—Whether natural or artificial, every 
magnet is found to have two poles at its two ends. It might lead , us 
to think that when a magnet is cut into two portions, each portion 
would possess a single pole. 7 


But if a magnet be - A 
actually cut into two M 
parts, it is. found that 
each part becomes an 
independent ‘magnet 
having two opposite 
poles (Fig. 20, B, C). 
Moreover, the strength ] ; 
of each pole of the à Fig. 20 

. new magnets thus formed, is the same as that of the original. If, 
again, the smaller magnets be sub-divided further, still shorter 
magnets are formed, each having two poles as in Fig. 20 (B, C, D). 
Thus the process of division does not help us in isolating a single pole. 
is daeparability of poles was first demonstrated by Peter Perigrinus 
in ; j ‘ 


c 
AF 


electrical current be Supposed to circulate round’ the molecules of a 
magnetic Substance, then each molecule of such a Substance behaves 
asa molecular magnet with two poles at its ends. . This is known as 
Weber's Theory of Molecular Current. These tiny magnets are 


*. It has already been stated that Ampere in 1825 Could éstablish a-link 
between an electric current and the force which this Current exerts ona 
magnet pole. He also showed that if an electric current be ‘sent through a 
wire in the form ofaring, then one side ofthe ring behaves as a north pole 
and its other side as the south pole. Thus a solenoid, which may be considered 
as a series of rings carrying current, came into being and was used as the 


pica put the Paire of his electro-magnet, -He found that very many 
Substances were influenced by a magnet (Vide Art 41). Thi ti d 
Weber to put forth the earliest Theory of Magnetism. : ^ eer f 


ART. 15 MOLECULAR THEORY OF MAGNETISM 13 


The magnetism of a magnet can now be explained from the mole- 
cular theory. Imagine that a number of small magnets. each haying 
an equal pole-strength, are placed end to 
end in a line with the opposite poles facing 
each other (Fig. 21). Let the white part 
of each tiny piege represent the north pole, 
and the shaded part the south. Since each 
magnet is supposed to have the same pole- 
- strength, no external magnetic effects would 

Fig, 21 be perceived, wherever’ unlike poles are 

i in contact. (Vide Art. 12). The magnetic 

effect is observed only at the ends of the line. Now let each small 
magnet reprerenta molecule. Thus due to the linear arrangement 
of molecules the magnetic effects are annulled everywhere except 
at the free ends. So one of free ends becomes the north pole and 
the other the south. This is equivalent to a line magoet. A bar 
magnet may be supposed to be composed of a numbes of such 
line magnets placed side by side with similar poles facing each end. 


Fig.22 .Fig. 23 


It is evident that in such an arrangement the attractive power is- 
absolutely confined to the end faces. But, as a matter of fact, it is 
found on dipping a magnet into iron filings that attractive power 
extends a little inwards from the ends also. To account for this the 
magnetic lines towards the ends are believed to be more and more 
curved outwards as shown in Fig. 23, such that the distribution of 
the polarity is not only confined to the ends but also extends partly 
over the sides. The curvature of these lines is attributed to the 
mutual repulsion of lines magnets at their face ends (Fig. 23). 


Ewing in 1890 gave a more successful interpretation of the 
pature of distribution of Weber elements. He conceived that in the 
unmagnetised state of a substance 4 
a number of elements are grouped p J 
together so as to form a ‘closed ^ FEAR 
chain’ and that the substance - 
consists wholly of a multitude of . 
these closed chains (Fig. 24). f " ^ 
Figures 24 (a) and (b) represent g - = = 
two closed chains of molecular 
magnets, three elements forming (a) A (b) 
a closed chain in the first figure Fig. 24 Sale 
and four in the second. The process of magnetisation consists in - 
breaking up these chains and bringing the molecules into aligament. ‘ 


" 
^ 
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*16. Applications of Molecular Theory—Ewing’s theory received 
a stronger support because of the fact that it could explain success- 
fully a large number of magnetic phenomena as given below. 


(a) Induction—When for example, the north pole ofa perma- 
nent magnet is brought. near a magnetic substance, each elementary 
particle of the substance is acted on by the inducing pole. Since the 
substance has a considerable rigidity, the molecules cannot leave their 
places ; but like a number of pivoted compass needles they simply 
rotate about their positions of equilibrium. All the south poles of 
the elements point more or less towards the inducing north pole. 
As aresult of this, the end of the substance facing the inducing 
N-pole contains an excess of elementary south poles and thus it 
exhibits a south polarity. It is evident from the above considerations 
that a more powerful inducing pole is able to rotate a greater 
number of Weber elements into linear arrangements and induce a 
stronger magnetism. This is quite in agreement with the experimental 
observation, 

(b) Magnetisation by Rubbing—When a snbstance under exa- 
mination has got v considerable molecular rigidity, breaking up of 
chains into linear alignment due to external magnetic influence is 
negligibly small and so the developed induced polarity is very feeble. 

` To magnetise it, therefore, the oridinary method of induction is not 
very effective. In order to Sive the molecules the best possible 
facility of rotation, Strong magnets are rubbed along the body of the 
substance, Rubbing here affords the closest possible approach of the 
inducing pole near the molecular magnets. So ‘rubbing’ may be 
considered to be an effective method of magnetic induction. 


magnetised. So, when the Specimen is a thick rectangular paralle- 
lopiped, the method of magnetisation by rubbing does not prove to be 


ja E much effective. For this reason the 
= following method is sometimes 

- adopted in the construction of thick 
magnets. A.number of thin bars 


Fig. 25—Laminated Magnet of steel of a similar Shape are sapa- 
rately magnetised by rubbing. They 
are then placed upon one another with like poles facing the same 


(d) Magnetic Saturation—Suppose that we could measure the 
strength of the pole of a bar magnet and also the Strength of the 
pole of an iron bar induced by that magnet. If we now bring 
Stronger and stronger magnets, the Strength of the induced pole 


is found to increase atfirst. But after a time it assumes a steady 


` 
* 
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value and then becomes independent of any further increase 
of the magnetising force. The magnetisation is then said to reach 
the point of saturation. The fact can be explained in terms of 
molecular theory. When the magnetising force is pradullay 
increased, the molecules: within the substance are more and more 
oriented in the directjon of magnctisation. This gradual process 
of orientation accounts for an increase of induced magnetism. 
Finally; when all the molecules have been arranged in lines, any 
further increase-ef magnetising farce does not multiply the number 
of free poles and therefore the magnitude of the induced polarity 
assumes a steady value. This observation is always made by winding 
acoil of wire over the magnetic specimen in the shape of arod and 
sending a current through the coil. An increase of current induces 
stronger magnetisation until the saturated magnetism is reached. 

(e) Equality of poles of a Magnet—Since in the magnetised 
State of a substance molecules are arranged in lines, there should be 
as many like poles on one side of the neutral region as on the other. 
So for every magnet both the poles.shouid have the same strength. 
This has been verified by an experiment. (Vide Art. 20). 

(f) Curie Point—When a magnetised body is gradually heated a 
temperature is reached (which is about 760°C for iron) when suddenly 
all its magnetism is lost. This-temfperature is known as the Curie 
point or the temperature of recalescence. At this temperature. the 
molecular agitation is most probably large enough to offer the 
molecules a freedom of rotation. and so they fall back to a stable 
configuration in the form of Ewing’s closed chains. 


(e) Demagnetisation due to Rough Handling—When a magnet 


'is subjécted to rough handling such as twisting or hammering, its 


magnetism is very much disturbed. Such treatment partially breaks 
down the linear arrangement of molecules. ni 

(h) Evolution of Heat due to Rapid Magnetisation and 
Demagnetisation—When a substance is rapidly magnetised and 
demagnetised, heat is developed within it. In the above procedure 
the molecules are alternately brought into lines and thrown back 
into closed chains at a very rapid rate. This is equivalent to a 
vibratory motion of the molecules producing heat. ' : 

(i) Magneto-striction—When a body is suddenly magnetised by 
a strong electric current, a click is heard accompanied by a. slight 
change in length in the directionof magnetisation. This phenomenon 
is known as magneto-striction. ; f 

17. Magnetic Shells and Rings—If a bar maguet of definite 
thickness be imagined to be cut perpendicular to the. magnetic axis 
at two points very close to each other, a thin slice of magnet is 
formed. One face of such a slice behaves as the north, pole, and 
the.otber face as the south. Such a magnetised sheet, the polar 
area of whichis very large as compared to its length, is called a 
megnetic sheli (Fig. 26). Such a shell may be also made by 
placing a thin sheet of steel between the pole pieces of an ‘electro- 
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magnet with its face perpendicular to the magnetic axis. Molecules 
are arranged in definite lines with their axes perpendicular to the 
face of the shell after its magnetisation is complete. A magnetic 
shell is unstable in the sense that its magnetism lasts for a short 
time. But its existence was conceived first by Ampere, who formed 
a link between current electricity7and magnetism and established 
tbe branch of Physics known as Electro-Magnetism. 


An iron ring may be magnetised in either of the following ways :— 


SIN 


Fig. 26 Fig. 27 , Fig. 28 


(a) Itis placed within the pole pieces of an electromagnet such 

` that any one of its diameters is parallel to the axis of electro- 
magnet. In that case the ring develops two opposite polarities at 
the ends of that particular diameter. Such a ring magnet is often 
suspended by a hook at the top and is used in some experiments. The 
arrangement of molecular magnets in such ring is shown in Fig, 27, 
(b) The other way of magnetising it is to coil a wire round the whole 
length of the ring and pass an electric current through the coil from 
a battery of cells. In this case the ring has no free polarity and it 
behaves as an unmagnetised ring. The magnetic properties, however, 
appear on cutting the ring along any chord, when the two. pieces 

, become two magnets with the newly formed faces as poles. Such a 
magnetised ring can also be prepared by rubbing a bar magnet along 
the contour of the ring several times in the same direction. The 
arrangement of molecular magnets in such a ring is represented in 
Figure 28. It is worthy of note that the molecules form closed chains 
and as such, there is no external magnetic effect. But on cutting 
the ring, free poles of the molecules appear at the cut edges and 
external magnetic effects are then exhibited. Such type of rings 
made of soft iron are placed side by side and two separate coils of 
wire are wound over)it. When an alternating current is made to 

` flow through any one coil, an alternating current flows through the 
other coil. This devise is called a Transformer. 


EXERCISES CN CHAPTER II 


5-9 0 RUM Reference. 
_ 1. Explain in its simple form the atomic or molecular concep- Arts, 
tion of what takes place in an iron when it is magnctised. Why is 14& 15 

therea saturation value of magnetism ? (P. U.—1972) 
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“Reference 
2. Explain the molecular theory of magnetism and show how Arts. 
this theory explains various magnetic phenomena ? 15 & 16 
i (Del. H. S.—1954 ; C. U.—1950) 
3. Explain why two poles of a magnet cannot be separated Art, 15 
from each other, (Utk, U.—1953) 
4. Explain why a bar of iron can not'be magnetised beyond a Art, 15 
certain limit, d (Uik. U.—1952) | 
5. Discuss Ewing's Theory of Magnetism. Art, 15 
(E. P. U.— 1950, '52, *53) 
6. Two circular rings of iron are magnetised, the first by being Art. 17 


placed between the poles of a strong horse-shoe magnet, so that 
the line joining the poles of the magnet isa diameter of the ring, 
and the second by having one pole of a bar magnet drawn round it 
several times. Describe the magnetic state of each ring. 

(Pat. U.—1951) 


CHAPTER III 
MAGNETIC FIELD AND LINES OF FORCE 


18. Inverse Square Law of Forces— We have seen that the force 
acting ón two magnetic poles, whether of attraction or of repulsion, 
always acts along the line joining the poles. A force is completely 
known by its magnitude and direction. In 1785 Augustine Coulomb 
(1736-1806) first measured the magnetic force between two poles and 
formulated the following two laws : 

(i). The force between two poles-varies directly as the product of 
the pole strengths, when the distance between them remains constant. 

The first law can be explained inthe following way. Take two 
magnetic poles of strengths m and m’ separated by a distance r in 
vacuum (Fig. 29). Suppose that the force between them is measured by 
an instrument and let the force be F. If, now without disturbing m we 
bring another pole of strength 2m’ in place of m', the force would be- 
come twice as great, everything je ^ n 
else remaining unchanged. LOOM ney eal -D 
Therefore the force F is pro- [ 3 TER aeris 
portional to m’ so long as m Fig. 29 
remains constant. Again, it is : f 
found that by changing the value of m, the force F is proportional 
to m, so long as m' is kept. constant. Thus from the mathematical 
laws of variation, we deduce that the force is proportionalto the 
product of the pole strengths when the distance is kept constant. 

Thus, F oc m x m', when r is constant. 

Gi) The force between two magnetic poles varies inversely as the 
square of the intervening distance. 


Let the force exerted between the two poles m and m' in vaeuum 
ata distance r, from each other be F,. If the distance be made 2r,, 


Pt. U/M—2 
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the force becomes ZF,. Again, if the distance be increased to 3ris 
the force becomes 4F,. Thus we can express a general relation 
between F and r in the following form, 


Foo when m and m’ are constants. 
r 


Thus the two laws may be combined as follows, 
Fotmx m, when r is constant, 


and Foc * when m and m' are both constants. 
Therefore, from the mathematical laws of variation we get,— 


F=” 
r 


, 


, when m, m and r all vary and where kis a constant 


2 
of proportionality. 5 ve (18.1) 


19. Unit Pole—The expression for force, as given in eqn. (18.1) 
involves a constant of proportionality k, whose value depends on 
the system of measurement and the medium in which the force 
acts. Ifeither or both of them are changed, the magnitude of the 
force changes. We can now define a unit magnetic pole in terms of 
some unit of force and a standard medium. A unit pole is defined to 
be a pole of such magnitude that when placed in vacuum at a unit 
distance from an equal and similar pole, the force of repulsion 
between them is unity. It is found by actual measurement that the 
force between two magnetic poles does not appreciably change, if they 
are placed in air instead of vacuum at the same distance. As it is 
troublesome to produce a vacuum, we generally place the magnet 
poles in air and measure the forces. In the C. G. S. system of 
measurement,a unit magnetic pole is defined to be a pole of such mag- 
nitude that when it is placed in vacuum 1 cm apart from another pole 
of the same magnitude, it exerts upon the latter a force of one dyne. In 
eqn. (18.1) if we putr=1 cm., m=m - land F=} dyne, then k becomes 
equal to unity in magnitude and the equation in the C. G. S. system 


T dynes ee (19.1) 

The above expression defines the magnitude ofa force (in dynes) 
exerted between two poles of strength m and m' C. G. S. units, when 
the distance separating them in vacuum is rcm. Since the force F 
has some direction and magnitude, it is then a vector quantity. 


Inspite of the fact that we can measure forces of attraction and 

\ repulsion between magnetic poles with sufficient accuracy, we do not 

know what actually happens within the Space between the poles when 

magnet poles react on each other. The mechanism of magnetic forces 

is always a matter of conjecture because -even in vacuum where 

there is no material connecting link between the poles, the force 
works there with utmost convenience. 


To obviate the difficulty of this unknown mechanism of the action 
of such forces, we bring in a constant Be and put it to the 


i 


of measurement assumes the form F= 
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denominator of the right side expression of equ (19,1). We call this 
constant /4 as the permeability of free space. By the word permea- 
bility we mean permeating capability of magnetic: forces. Then 
actually equ (19,1) takes the form, t 
í pamm dynes . à :»(19; 
Pu yne: (19.2) 

In the C.G.S. system, we can take uj —1 but it is not merely a 
number, it has also some dimension (vide Art. 23), ' 

If we place two magnetic poles in a material medium instead of 
vacuum, the force of attraction or repulsion between the poles 
diminishes but the effect between m and m’ is assumed to take place 
in a similar way. Then for a medium we replace i, by u, which we 
call the permeability of that medium. x, has the same dimension 
as that of us. 

Let F be the force between two poles in vacuum, and F, the force 
between the "same two poles placed at an equal distance in some 
other medium. 


A ; ; 
"n mm mm x 

Now Fam. and P= ; whence — ——g, F= u, F4. 

1 2 ry o 1*1 

Bor "nm r 


y bars m (19.3) 
[J 


Here u, is called the relative permeability of the medium and it is 
a pure number. à 
Intensity of Magnetic Field—The space around a magneti 
pole (or a magnet), in which a unit magnet pole experiences a 
force, is called a magnetic field. The intensity of a magnetic field 
at any point in space is defined to be the force experienced by a unit 
north pole placed at that point. This is also called the magnetic 
field strength at that point and is expressed by a unit calleda 
oersted. 
If the magnetic field is due to a single pole of strength m, the 
force on a unit pole in vacuum at a distance 7 is given by $ 
LEM LIT ve (19.4) 
Bor! Wort 
Now, by definition, this is the intensity due to a pole-strength m 
ata distance rin vacuum. Cail this intensity H. Then 
D cH oersteds. (a Vector Quantity) 
Hol 
Dimension of a Magnet Pole:—When two poles are equal in 
strength, each equal to m, then according to equation (19,2) 
4 a i 
Fo ae j s. [n] =F" ru" 
[m T 
Again F —force—inass x acceleration — MLT~* dimensionaily 
r=distance=L and p, is of unknown dimension 
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RE z [F] MLT-? 
AC [m|=MFL?T-*2,* also [H]= = 
: \ P lm] M2L?T-10,3 
à EVU CL 
t =M "LET uo 7 
We assume the dimension of magnetic permeability of free space as u3 


Examples : 4 

1. What is the force exerted between two magnetic poles of strengths 32 
and 36 at a distance of 12 cm, from one another ? [C.U.—1952) 

Ans. Here m, —32, m,=36 and r=12 cms. 


82x56 
124 
2. Two exactly similar potes are placed at adistance 8 cms. apart and the 


force between them is 9 dynes, Calculate the force in gram-weight when they 
are 4 cms, apart. (Raj. B.—1953] 


Ans. Let m be the strength of each pole. Then, by data, 


^ whence m=24 C.G.S, units, 


|a 
When the poles are 4 cm. apart, the force of repulsion im = 36 dynes, 
Since normally 1 gm,-wt.is taken to be 981 dynes, the required force of 


26 =-4 gm.-wt.-0s : 
repulsion «36 dynesegir gm, wt, 105 gm.-wt,=0'037 gm.-wt. 


sa the required force- ( ) dynes=8 dynes. 


3. Ifthe repulsion between two poles ata distance of 15 cms, be 12 dynes, 
calculate the repulsive force when the same poles are at a distance of 21 cms, 


Ans Lat the two pole strengths be m, and mg. Then by the condition of 
the problem, : 


MXM], whence mm, 12x 152, 


Therefore the required force E 


"EXPL 2X 15X 5 4 ome i 
3 x2 dynes=6'12 dynes (approximately). 


20. Equality of Poles of a Bar Magnet—We always observe that 
when ‘a bar magnet is suspended freely, it comes to rest in the mag- 
netic meridian. The reason is that it is acted on by the earth's 
magnetic poles: We can now: Say that the. earth's magnet has a 
maguetic field around it and that this magnetic field has some value 
of intensity at each point of the field. Let the component of this 
intensity along a horizontal plane. passing through the axis of the 
suspended magnet be H, This value is sensibly uniform over a small 
space around the magnet. 

, Let us assume that the Strength of the N- 
m' and that of the S-pole be 


» by assumption, the forces are Supposed to be unequal, 
the magnet would tend to move in the direction of the greater force. 
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In order to ‘test it experimentally, place a magnet upon a 
piece of cork and float the combination on water at a place 
undisturbed by wind. Observe that the j 
magnet slowly turns and points along north 
and south; but it does not move out of 
place. (Fig. 30). This proves that the forces 
acting upon the poles are equal and 
opposite. Or, in other words, 


m'H=m H, whence m=m. 


Thus the two poles of a magnet have 
an equal and opposite pole strength. 


If the magnet be in the form of a thin 
strip which can be bent, the equality of 
poles may be demonstrated directly bythe - Fig. 30 
following method. Bend the body of the magnet in the form of a 
rine, so that two poles touch each other. Now dip the composite 
ends into iron filings. The combination would be found not to 
attract any iron filing, showing that thé two poles have completely 
neutralised the effect’ of each other. Thus the pole-strengths at the 
two ends of a magnet are equal in magnitude but opposite in nature, 


21. Couple acting on a Magnet in a Field of Uniform Intensity— 
Suppose that a bar magnet is kept on a horizontal plane making an 
angle 0 with the direction of the magnetic meridian. Let H denote the 
earth's horizontal magnetic intensity, and let the length of the magnet 
NS be 2/ (Fig. 31). Tbe direction of the intensity H, as shown 
by the arrow-head, is a set of parallel lines. The force on the north 
pole of the magnet is mH along the direction of intensity. The force 
on the south pole is also mH but is oppositely directed. These two 
forces acting on the magnet are equal, parallel and oppositely direc- 
ted. This type of forces is called a couple. Let AN be the perpen- 
dicular distance between the parallel forces, which is called the arm 
of the couple. 


/ 


Now the moment of 
the couple tending to 
bring the magnet along 
themeridian=mH x AN. 
But AN —2l sin, where 
0—angle of deflection of 
the magnet with the 
meridian. Therefore the 
moment of restoring 
couple'- 2ml XH sin 0... 

(21, 


Evidently, the moment of the restoring couple depends upon m, 
l, Hand ies The stronger is the pole-strength m of. the ped IT 
longer is the bar magnet (21), the larger becomes the effect of t 
couple to bring it back to the meridian, - For a given bar magnet, t 
and l are fixed quantities. Also for a given locality, H is constant. 
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Hence the couple acting on a magnet at a given locality is propor- 
tional to sing. When, however, a magnet is placed parallel to the 
magnetic meridian, 0—0 and so the couple vanishes. This explains 
why when freely suspended, a magnet points north and south. 


Magnetic Moment—When the magnet is placed perpendicular 
to the meridian, 9—90? and then the moment of the couple is maxi- 
mum, being equal to 2miH (Fig. 32), Ifnow the value of H be 
taken to be unity, the moment of the couple reduces to’ 2ml or M, 
(say), which is called the magnetic moment of the magnet. Remember 
that when a bar magnet is deflected by an angle from the magnetic 
meridian,an opposite couple is to be applied, which is. called the 
deflecting couple. This deflecting couple may be a mechanical or 
another magnetic couple. Thus the magnetic moment may be 
defined as the moment of a mechanical couple which keeps that 
magnet at an angle of 90? within a field of unit intensity, 


From equation (21,1) the moment of the restoring couple becomes 
=2ml H sin 0ü—MH sin 0. s+ (21,2) 


where M is the magnetic moment of the magnet. The magnetic 
moment is a vector and is designated by M. The magnitude of this 
-vector is 2ml and its dirction is from south to the north end of the 
magnet. The unit of magnetic moment in C.G.S. is expressed as 
erg[oersted* or more generally as gaussXcm?. The dimension of the 


magnetic moment is given by [mL]- Mir iT. PRI 


Examples : 5 


l. A freely suspended magnet of moment 980 C.G.S. units is deflected 
through 60° by a couple in a uniform field of 0'5 oersted. Calculate the mag- 
nitude of the couple. d [Raj. U.—1951] 


Ans. “Here the moment M of the magnet—980 C.G.S, units; H=0'5 oersted, 


Hence at an angle of 60°, the deflecting couple, which is equal and opposite 
to the restoring couple, is 


=MH sin 8—980x 5xsin 60° dynexcm,=424'34 dynex cm. 

2. A magnet of length -10 cms.and having a pole-strength of 20 units i 
deflected through 30? (rom the magnetic meridian, Given hat iho iutenity of 
earth's field-«0:32 C.G.S, find the value of the deflecting couple. [E.P.U.—1951] 

Ans. In the equilibrium position, the moment of the 
equal to the moment of the restoring couple=2m] H sin 8. 

Here 2/=10 cms , m=20 units, H=0'32 C.G.S., and 6=30°. 

y. the required moment =10%20x 0:32 x sin 30°=32 C.G.S. units, © 

3. A magnet piaced at an angle of 30° with a uniform field of intensity 0:36 
Fiera sper cnces a genap whose moment is 16 C.G.S. Calculate: the 
magnetic moment of the magnet, the length ft i 
Calculate also its pole-strength. Ro Us magnet ide ecd 


Ans. Here the moment ofthe couple=16 C.G, 

(orsing-05) ^ . Us ey 
So we get Mx 0:36x0:5—16, or M=88'88 C.G.S. unit 
Again, M=2ml, where 2/is the length of the es ii 
Hence m^ 8888. peg C.G.S. units. (gauss x cm?) 


deflecting couple is 


S., H - 0:36 oersted, 930^, 
i 


* (See next page) 
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*22. Intensity at a point due to a Bar Magnet—Imagine a unit 
n-pole placed at any point T near a bar magnet NS (Fig. 33). Then 
the force acting on the unit pole represents the intensity at this point 
in magnitude and direction. Let the distance of T from the N-pole 
and the S-pole be d, cms. and d,4cms respectively. Let 6, and 
$a be the angles which TN and TS make with the axis of the bar 
magnet. The unit z-pole at T would experience a force of repul- 
sion—[d,? along TP which is NT produced. It experiences another 
force of attraction=m/d,? along TS. Let TP and TQ be the 
magnitudes and direc- 4 
tions of the two forces. j 
Complete the parallelo- 
gram TPRQ. Evidently 
the diagonal of the para- 
lielogram TR is the 
resultant of the two 
forces. Hence the pole 
placed at T would move 
along TR with a force 
proportional] to the 
length TR. 


Now from elementary 
trigonometry it follows i Fie: 33 
on reference to ATPR 1B 
that TR°=TP2+RP2—2TP.RP cos ZTPR 
, =TP?+QT?+2TP.TQ cos 7 QTP, 
since cos Z QTP —cos (180^ — Z TPR)= — cos LTPR and RP=QT. 


2 mx XM mm 
Thus TR*-( 17 ) +=) tigd cos ($1 +ġa) 
1+, 1 | 2cos(¢:+¢e) 
[rer ae | 
1 1,208 (¢1+,)]2 
n mo[len2 5p e. QD) 


since for a given bar magnet its pole strength m is constant. 


Thus, on measuring d;, ds, $1 and $, for various points, the 
relative values of resultant intensities may be determined, 


TP sin ($1 +42) (2222) 


Again, fan Z PTR—- 1o TP cos. Gtd) ) Ì 
Thus the magnitude and direction of the resultant intensity can be 
found at a point near a bar magnet. This is just a theoretical process 


* The unit of magnetic moment is obtained from the work done to deflect a 
magnet from the mewaene meridian, ‘It can be shown that the work Cone 
defiect a magnet of moment M from the meridian to a position TIGE ERA icula: 
to the meridian in a field of intensity H oersted is MH_ ergs. Call it d ze 
Then MH=W ergs. If now His put 1 oersted, we get Mx 1 oersted=W/H ergs. 


N 1 
Whence MeW €? > ThusM should be expressed in C. G. S. unit of 
H oersted 


ergloersted. 
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and it is not adopted in measuring intensity in the laboratory. Vide 
Chapter IV. 

Examples : ` 3 

The strength of each pole of abar magnet is 200 C.G.S. units and the 
distance between the poles is 20 cms. Calculate the resultant force ona 
positive pole of 10 units placed at a point which is distant 12 cms. and 16 cms. 
respectively from the north and south poles of the maguet. [Mys. U.—1952} 

Ans. Let NS be the given magnet and T the point, where a north pole of 


10 units has been placed (Fig. 33. Let TP and TQ be the two forces acting on 
the unit pole placed at T. 


200x10, 125 .,200x10, 125 ; 
Then =o Y dynes and TQ -163 16 dynes. 


Now TR?—TP?--TQ?--2TP.TQ cos ZQTP and ZQTP=ZTNS+/TSN, 


Again, SN=20 cms., NT=12 cms. and ST=16 cms, But 202=122+162, 
<. ASTN is right-angled at T. z 
Thus / TNS-- Z TSN-1 right-angle— / PTQ .or cos Z PTQ-0, 
TR2=TP2+TQ?= e cre (2 * whence TR=15'97 dynes, 4 
23. Magnetic Lines of Force—Surrounding a magnet there is, 
then, for every point some value of the magnetic intensity. If an 
isolated unit n-pole be Supposed to be present at any point, it would 
tend to move in the direction of the resultant intensity. Under the 
mutual action of the two poles of the Magnet, the unit pole would 
begin to move from the north pole to the south pole along a certain 
curved path, each small portion of which is given by the parallelo- 
gram law. Such a curve, which represents the path of motion of a 
unit n-pole in a magnetic field, is called a line of force or more 
properly a line of induction. From each point on the N-pole, a line 
of force starts and passing through Space, apparently ends on a 
corresponding point on the south pole. A line of force may be 
also defined to be a continuous curve in a magnetic field, such 
that the tangent at any point of it gives the direction of the 
resultant intensity at that point. Its magnitude is, however, given 
by the equation (22,1) of the preceding article. We can as well 
define intensity in terms of lines of force. Within the body of the 
magnet lines of induction run from the South pole towards the 
north pole through the inter-atomic Spaces. So lines of induction are 
assumed to be closed curves. The intensity at any polnt in a 
magnetic fleld may also be deflned as the number of lines of force 
passing per unit area around that point placed at right-angles to the 
direction of the lines of force. 


Magnetic Field Intensity and Tubes of Force :—In Art. 19 we have 
defined the intensity ofa magnetic field at a point to be the force in 
dynes exerted on a unit C.G.S. magnet pole placed at that point. 
This unit of intensity is expressed in dynes per unit pole or simply in 
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To simplify the counting of the lines of force Michael Faraday 
(1791-1867) Suggested that these infinite number of lines of force be 
sub-divided into a number of bunches of lines of force and let each 
one of such bunches be called a tube of force. Later on Clerk Max- 

A ex well (1831-1879) modified the idea and 

Suggested that in co-ordinating the 

two definitions for intensity, the 

number of tubes of force passing 

ds normally per unit area in a magnetic 

field be made equal in magni- 

tude to the intensity at a point 
expressed in oersteds. 

a. According to this suggestion, if 

j F dynes of force be exerted at a 

Fig. 34 point on a pole-strength of m C G.S. 

units, the intensity at the point is F/m oersteds and F/m number of 

tubes of force will pass through unit area placed normal to the 

intensity at that point (fig. 34) 
If F/m - H, then H is called the field intensity in terms of tubes 
. of force, Maxwell defined the unit tube to be a tube of force passing 
per unit area across a magnetic field where the field intensity is one 
oersted. So when F=1 dyne and m—1 C.G.S. pole, H is equivalent 
to one tube per square centimetre. Such a unit tube isa unit of 
magnetic flux and it is called 1 maxwell. To co-relate the two 
definitions, a difficulty arose as to the dimension of two quantities. 
One oersted can not be equal to one tube of force per sq. cm. ; but 
it may be mathematically made proportional. Let the constant of 
proportionality be ke for vacuum (it changes with different media). 


xy 


1 tube of force 1 maxwell, 

lsq.cm. ~ 1 sq.cm. 

One maxwell per sq. cm. is a unit of induction and is called a 
gauss. 


Then gu, X 1 oersted — 


1 gauss. 
1 oersted 


lo is called the permeability of free space and in the C.G.S. system 
itis taken as unity. (Refer to Art. 19) 

24. Mapping of Lines of Force—The path of an imaginary 
isolated n-pole in a magnetic field gives the direction ofa line of 
force. But$incea unipolar magnet is not available, we cannot use 
it to trace „a line of force in a magnetic field. Lines of force can 
be conveniently found with a short pivoted magnetic needle as shown 
in figure 35. fi 

To understand how a short magnetic needle may be used to trace 
lines of force, suppose that AE is apart ofa line of force ina 
magnetic field and that a short pivoted magnetic needle is placed 
in any region on this line (Fig. 36). The n-pole of this needle 
will be urged along the positive direction from A to E, and 


UgX1 oersted=1 gauss or, 4o— 
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the s-pole along the reverse direction. So the: needle turns along 
the direction of attraction and its axis lies tangentially to the: line of 
force passing through the pivot. When the length of the needle is 
sufficiently short, it approximately coincides with this line of force. 


Fig. 35 Fig 36—A Compass Needle in a Field 


Thus a short magnetic needle placed any where in a magnetic field 
remains parallel to the line of force and thereby indicates its direction. 
If a number of short magnetic needles be placed in a magnetic field 
in such a way that the north pole of one touches the south pole of 
the other, they all lie along a line of force. This method is utilised 
in plotting the magnetic lines of force, ji 


Compass Needle Method—Place a bar magnet on a sheet of 
drawing paper fixed on a board. Draw the outline of the magnet 
with a pencil. Placea short magnetic needle in contact with the north 
pole and mark two dots on the — 
paperexactly against the two ends o, 9 9G. 
of the needle. Then move the i 
needle, such that its south ` pole d 


G 


is against the second point and ® © 
mark another dot against the p (e 
Second position of the north ®© v) 
pole. Continue this process until [N ; {85 


_the other end of the bar magnet Fig. 37 
Is reached. Then join such points ] 

with a free hand curve. Thus a line of force from one pole to the 
other is traced out (Fig. 37). Start from a different point on the 
former pole and repeat the same process until another line of force 
18 traced. «In this way the whole outside field may be mapped out. 
(Vide J Chatterjee's Intermediate Practical Physics). 


Iron filings Method—Place a magnet on a sheet of paper on 


NARI Yeo NS EN; 

Fo cM 
AONSSSS NV TE Meats 
Sy BA 


moy 


Hie 


Fig. 38 


; ` : Fig. 39 
Lines of Force by iron filings. 


acard board. Sprinkle some iron filings over the board. On gently 
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tapping the board, these filings are seen arranged along the lines of 
force as Shown infigure 38. Ifa permanent trace of the lines of 
force is required, coat the paper with a layer of paraffin. After the 
filings are regularly arranged, heat the paper gently when paraffin 
melts and on cooling fixes the positions of the filings. The arrange- 
ment of the iron filings near a horse-shoe magnet is shown in 
figure 39. For purpose of optical projection, lines of force are formed 
on a glass plate instead of paper and the plate is placed, as usual, in 
a lantern projector. ; 


, The expla nation is obvious. Due to magnetic induction each iron 
filing becomes a tiny magnetic needle. Tapping gives these induced 
magnets freed om of rotation and they lie along the lines of force. 


25. Maps of Magnetic Field—In general, when a needle is 
placed near a magnet, it is influenced both by the magnet and by 
the earth’s magnetic forces. Lines of force around a magnet, as 
traced out by the needle, are thus due to the combination of the two 
fields. At points near the magnet the force due to the earth’s field 
is negligible in comparison to that due to the magnet and the lines 
of force are practically due to the 
magnet alone. But at some fair 
distance from the magnet the 
earth’s influence is predominant 
and the lines of force are mainly 
due to the earth's field. At interme- 
diate positions the two forces'be- 
come comparable and the lines of 
force at such regions get modified. 


Figure 40 represents the nature 
of the distribution of lines of force 
when the north pole of a bar 
magnet is placed along the direction 
. of the geographical north pole of the 
earth. The whole field of force may be 
easily mapped out with a magnetic 
f needle and drawing materials. The 

Fig. 40—N-pole pointing North lines of force starting from the north 

pole and ending on the south pole of 
the bar magnet are almost due to the magnet itself being little influ- 
enced by earth’s magnetism. Numerous lines of force emanating 
from the bottom of the diagram are is found to terminate on the 
south pole of the magnet. These lines of force proceed from the 
north magnetic pole of the earth and end on the south pole of the 
bar magnet.. Lines of force starting from the north pole of the magnet 
and going towards the north are those between the bar magnet and 
the south magnetic pole of the earth. A few lines of force, as shown 
on both sides which do not touch the magnet, are due to the earth’s 
magnet being partially deviated by the bar magnet. There are actually 
two points equidistant from the centre of the magnet where the effects 
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of the intensity of the field due to the bar magnet and that due to the 

earth cancel each other in so far as a horizontal plane is concerned. i 
^N 

w E 


S 


Fig. 41 —N-pole pointing South, 1 Fig. 42—N-pole pointing East. 
These two points are marked by crosses in figure 40 and figure 4i. 
If a very short compass needle be placed at either. of these positions, 
it remains unaffected by any field and it may come to rest in any 
direction whatsoever, These points are.known as neutral points. 


To find the neutral points due to a bar magnet in the earth’s 
magnetic field, a short magnetic needle is placed at various positions 
by trial and two positions are obtained where the needle sets itself 
in any direction. There is, in fact, a little directional effect on the 


Fig, 43 = .Fig.44 Fig. 45 


needle, howso small it may be, even when the needle is placed at 
the neutral points. Because of the fact that the needle has a finite 
length, the whole of its body cannot be placed exactly at any 
neutral point and so its poles project beyond the neutral point into 
regions where there is some magnetic field. In a magnetic field, 
therefore, when the needle is placed at such a position that it shows 


the minimum direction 
with the neutral point. 
Figure 41 gives the distribution of the lines of force when the 
N-pole of the bar magnet points south. i i 
neutral points, marked by crosses, occur i 
tances. Distribution of the lines of force, 
east and west, is shown in figure 42. Note that in this case the 
neutral points, although equidistant from the centre of the magnet, 


al tendency, its centre is assumed to coincide 
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are obliquely situated. Lines of force due to a horse-shoe magnet in 
its own field are shown in figure 43. Figure 44 shows the lines of 
force due to two like poles. If two like poles are equally strong, 
the neutral point, marked by a cross, occurs midway between them. 


The distribution of the lines of force due to two unlike poles of 
equal strength is shown in figure 45. Due to their curvature the 
number of lines of force passing per unit area around at any point 
generally varies from point to point, Consequently, the intensity 
of the magnetic field has different values at different points. But on 
inspection it is found that there is a small region midway between 
the poles where the lines of force are very nearly parallel. It is in 
this region that equal number of lines of force passes per unit area 
and the magnetic intensity is sensibly uniform. 


25. Localisation of Poles of a Bar Magnet.—Place a short 
compass needle on a piece of drawing paper attached to a board 
(Fig. 46). Fix two hair pins P, P vertically above the board such 
that a piece of thread joining their heads is parallel to the needle. 
Then the thread liés in the magnetic meridian. Now place a bar 
magnet on the paper and mark its outline by a pencil. 

Bring the needle near one end of the magnet. It will be 
deflected from the meridian by the resultant effect of the two couples 
due to the magnet and the earth. Turn the board round in its plane, 
until the needle becomes parallel to the thread. At this position the 


Fig. 46—Determination of Poles 


needle is parallel to the magnetic meridian. So the couples cancel each 
other and the line of force due to the magnet, which passes through 
the axis of the needle, is parallel to the magnetic meridian. This line 
of force is due to the magnet in its own field. Mark two dots against 
the two ends of the needle. Remove the needle to some other position 
near that end and repeat the same process. Take a third position 
and repeat the same procedure. Join each pair of points by a line 
and produce it to pass through the outline of the magnet. All 
these lines are found to pass approximately through a point near 
the end of the magnet. This locates the region of the pole. (Vide . 
J. Chatterjee’ Intermediate Practical Physics.) $ 
27. Pole Strength and Intensity Distribution. —We have seen ho’ 
the distribution of lines of induction changes around a bar magnet 
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when it is placed at different positions in the earth's magnetic field. 
Let us consider an ideal condition of a 
single pole of strength m placed far away 
from any other magnetic field. The pole 
is then said to be placed in its own field, 
Further suppose that the magnetism 
associated with this pole is uniform 
throughout its surface (Fig. 47). 


A unit north pole placed at any point 
near this pole will be repelled along 
a straight line joining the centre of the 
pole. This means that lines of induction 
from this pole will radiate outwards 
as shown in Fig. 47. Let there be N 
tubes of induction from this pole. Now 
Consider the intensity at a distance r i 
from the centre of the pole and draw a Sphere S of radius r around 
the pole. For such a distribution of intensity, the inverse square 
law (Art. 18) will Strictly hold. If the medium in which the pole 
is placed be of relative permeability p, then the intensity at any 
point of the surface S is m/nr?. According to the other definition 
of intensity, the number of tubes of induction per unit area of the 
sphere is, N/Az?. These two values according to Faraday and 
Maxwell should be equal. 


Fig. 47 


Cele ad CUM dnm 
Ka dore where igit ge e (27,1) 
„When the pole is placed in vacuum its relative permeability is 
Strictly unity. Then N—4zm since #=] vee’ (27,2) 


Equ, (27,2) gives à unit for a magnetic pole as well asidefines a unit 
pole in terms of induction. Since N stands for number of tubes of 
induction emanating from a pole-strength m, this number is expressed 
in maxwells. If m be unity in equ (27,2) then N =4x maxwells, 
Therefore a unit magnet pole in C.G.S. unit is of such a strength that it 
emanates 4» maxwellian tubes of induction in vacuum. So a magnet 
pole is expressed in unit of maxwells or gauss X em? (vide Art 23).* 


length (vide Art 21), this quantity will have a unit 


YR TATUM TI it l 

1 dyne/unit pole “Mt POlex1 cm=gaussx 

cm?x 1 cm=gaussx cm, 
So lere 


auss X cm?—unit of magneti i i 
foersted == t of magnetic moment in C.G.S. units, 
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aunit magnetic potential when the work done on a unit pole in 
bringing it from infinity to that point is one erg. 

Potential at a Point due to a Single Pole—Imagine a magnetic field 
set up in air or vacuum due to a single isolated north pole P of pole- 
strength m C.G.S. units (Fig. 48). Let a unit north pole be brought 
from an infinitely large distance to any point A at a distance ra from 
m. During all the way the unit pole will experience a repulsion and 
the work will have to be done by some external agency on this pole for 
such a displacement. This work on the unit pole is a measure of the 
potential at a distance ra. To simplify the measure of potential, 
let us first calculate the work done when the unit pole is displaced 


' from a point W at a distance r,, to the point A, where a straight line 


joining WA. passes through the pole at P. My 

Divide the distance WA into a large number of short paths WV, 
VU...CB, BA. Let PV=ry, PU=ry, PR—ry....- PC=r,, PB=r, and 
PA=r,. Now the forces on a unit pole at points W and V are m/r,,* 
and m/r,2 dynes respectively.We here consider the permeability of the 
medium to be unity Since such forces are not in linear proportion to 
distances, their mean value .is not the arithmetic mean but very 
nearly equal to their geometric mean. 


m 


aecnd revw 
°@—— 
Fig. 48 5 
; m m, m* m 
—, and —. is fais Sais 
So geometric mean of ni n niniT ru. 
-. Work done on the unit pole for a displacement from W to V 
m m 
=—(r,, — =- 
m o ae 


In a similar manner it can be shown thatthe work done for a 


displacement vu=t—. Adding up these little pieces of work 
“u v 
from W to A, we get the total work done on the unit pole in the 
following manner :— 
Since work done between W and V=% .'" 
TEN 


” » ” 5 V and Ù=” zm 


-— S Fa fy 


C and B=™_™ 
To Ta 


B and A=” _” 
Ta "o 


» » 2 ” 


” » m ” 
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So the total work done for a displacement from W to A=sum of 

piecemeal works=™ _™. if the unit pole be brought from infinitely 
ee LU. : n 

large distance to A, then the poiat W is removed practically to 

infinity. Then to bring to a distance r, in the magnetic field of force 


the work done on the pole is given by” ENS ergs... (281) 
z lo © Ta 


* Relation of Magnetic Potential to Intensity.—The action of 
a magnetic field is such as to excite the movement of a free pole 
placed at any point within the field. Let the field intensity be F dynes 
per unit pole at a point A and let its direction be towards B, where 
the distance AB is very small and is equal to 3S (a small fraction 


A E of S). The value of F is supposed uni- 
AaB E form over ôS (Fig. 49). If V, be the 
magnetic potential at A then if a unit 

Fig. 49 north pole be brought from infinity to 


A, the work done on it is V, ergs. If V, be the potential at B, then 
the work done on the unit pole in bringing it from infinity to B is V, 
ergs. Thus the potential difference between A and B is V, — V, ergs 
per unit pole. But the magnetic intensity between A and B is F dynes 
per unit pole directed from A to B, and the distance is 8S. Therefore 
work done in removing the unit pole from B to A is Fx 3S ergs or 
dynes. cm. Since V,—V, isa small quantity, we can express this 
difference as V. Since potential increases from B to A and the 
direction of intensity is from A to B (reverse direction), 8V and 
F should have opposite algebraic sign. 


Thus 8V=—FsS or- NaF S (28,2) 


Then the potential V may be defined as a quantity whose space 
(direction) rate of variation with a negative gives the intensity of the 
field in that direction. Potential is a scalar quantity. 


If the unit pole is moved along BA making an angle 9 with the 


À direction of intensity F 


5 eV 
F- Then - S —F DE 
i > 38 cos 0 (28,3) 
b By a mathematical process 
; known as Integration, it. is 
Fig. 50 Possible to find a difference of 
— ———— (ap GEES ERE San at d b! GREEN 
*Strictly speaking when the pole m and the unit pole are placed even i ici 
at a distance r, the force between them is m|uor?, where yo is the permeability. "of 
free space. But since jo in C.G.S unit has the dimension of unity, it i 


it is not men- 
or vacuum does not make any 


tioned with any term for the magnetic force. Air 
sensible difference, ( Y 
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potentials between any two points A and W (fig. 48) in the following 
Av ^ 


A 
way, T ave f Fads, 
W W 


. Taking any point at a-distance s from the magnet pole m the 
intensity F at the point is m/s? provided the medium is vacuum (u$ —1) 


A A 
7 iV. m, mm 
d v.v f Fds — fds mn 
W 


If ro=infinity; the potential at A reduces toVe=—™ 
: ? 
y + S : 1i l-LDeLr 
Dimension of Magnetic Potential [V] 49 M?L?T 
o 


Potential Energy of a Magnet.—The potential energy of a magnet 
inan external field is defined to be the work done on the magnet in 
bringing it from infinity to some position in the. field. Here infinity 
implies a zero field where there is no intensity. and some position 
implies some configuration of placing the magnet. Suppose that 
a magnet of pole strength m C.G.S. is so placed in an external field 
that its north pole is placed at a position A: whose potential is V, 
and its south pole occupies a position B whose potential is Vs. Then 

' the work done on the north pole in bringing it to Ais mV, ergs and the 
work done by the south pole in coming to B is—mV; ergs. Thus the 
potential energy of the magnet for this configuration is m(V, - Vs) 
ergs. Dimension of potential Energy 2 [mV] - ML?T^?. 


When a bar magnet is moved from any position to any other posi- 
tion in a uniform field of intensity H, keeping its magnetic axis 
always perpendicular to the field, no work 1s done on the magnet 
during such a process. So a bar magnet with its axis placed perpendi- 
cular to a uniform field of intensity H is said to have zero potential 
energy. If now the magnet is released, it will set itself parallel to the 
field doing an amount of work MH. So its potential energy becomes 


*29 Behaviour of Magnetic substance in a Field of Force—If 
a piece of iron be placed between two unlike poles and if the lines 
of force be traced with iron filings, we will find a change in the 
distribution of the lines of force as shown in figure 51. A large 
number of these lines terminate at one end of the piece and start out 
from the other end. Thus the lines of force appear to crowd 
through the substance. 

We can explain the fact from principle of magnetic induc- 
tion. We know that when a piece of iron is placed between the 
poles of magnets, induced polarities are generated on it,—the end 
of the piece near the N-pole acquiring south polarity, and the end 
near the south pole acquiring north polarity. The number of - 


Pt. II/M—3 
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lines of force terminating atthe ends of the specimen is propor- 

tional to the strength of y 

the induced polarity. 


The nature of distri- 
bution of lines of force 
between two equal and 
unlike poles of two mag- 
nets will be of the nature 
as shown in figure 51, 
and over a small region 
in between the unlike poles 
the magnetic intensity is 
uniform. Let this intensity 
be H. If now a small Fig. 51—A piece of iron in a magnetic field 
specimen, in the form of an iron bar, be placed in the uniform field, it 
will become an induced magnet having a uniform magnetism 
over its faces (Fig. 51). If m be the pole-strength of this induced 
magnet whileitis still within the magnetising field and if« be the 
area of any polar face the ratio m/« denotes the pole-strength per 
unit area of the induced magnet and it is called the intensity of 
magnetisation ( Fig. 52 ). The intensity of magnetisation may also be 
defined as the magnetic moment per unit volume of the material in a 
uniform field of force. So it is a vector quantity. The intensity of 
magnetisation is represented by I. The C.G.S. unit of the intensity 
of magnetisation is gauss Xcm? —-cm?-—gauss. 

Suppose weare ina position to increase the magnetising field 
H either by bringing the inducing poles nearer or by replacement of 
Stronger magnets. Further suppose that we are ina position to 
measure the induced. pole-strengths developed on the specimen for 
each field strength. Then we get a relation between the intensity of 


o —H X 
Fig. 53 


cimen (from O to A). With the 
beyond some value corresponding 
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to A, the induced magnetism rises more rapidly (from A to B). 
But as the magnetising field is further increased after reaching some 
limiting value H, corresponding to the point B, the intensity of 
magnetisation assumes a steady value I,. If the magnetising force Hi 
be increased beyond H,, the Specimen cannot have an intensity of 
magnetisation greater than I,. At this point the specimen is said-to 
have reached the saturation value. A few technical terms, which are 
used frequently in connection with magnetic induction, are listed below ; 


Susceptibility—If I denotes the induced pole-strenth per uni 
area of magnetic substance and H the intensity of the magnetising 
field, the ratio I : H is called the susceptibility of the substance and 
is denoted by k. 


Thus the susceptibility k= 


If different substances having equal cross-sections -and length 
be placed successively at the same position near a magnet, then 
since H remains constant, those, which develop a higher degree of 
magnetisation (Art. 16), would have higher susceptibility. Soft 
iron in this .sense, has. got the highest susceptibility. Even for 
the same material the susceptibility changes with the magnetising 
field. 

Permeability—Imagine that a small cylindrical hole is cut 
somewhere within the body of the induced Magnet placed as in 
figure 51, so that the lines of force within this hole are all 
perpendicular to one pair of walls of the hole and are thus parallel 
to one another. Suppose it is possible to measure the magnetic 
intensity at any point within the hole. If B denotes such 
magnetic intensity inside a material and H the magnetising field 
strength, the ratio of B to H is called the permeability of the medium 
and is generally denoted by p. 


Thus the permeability u= ü v 


Intensity inside an open space of a material is called induction 
and the lines of force inside the material are called lines of induction, 
The unit of induction is called a gauss. For a Magnetic substance 
the value of B is greater than that of H. Thus for iron, permeability 
is much greater than unity. 


Retentivity—When different substances are magnetised to their 
saturation limits, they do not retain the same amount of magnetism, 
when the magnetising force is withdrawn. Though soft iron is highly 
susceptible, it retains but little magnetism when left to itself. On the 
other hand, steel has got low susceptibility ; but it retains a 
considerable amount of magnetism. Thus retentivity of steel is: 
greater than that of soft iron. After the saturation value is attained, 
the amount of pole-strength preserved per unit area of a substance, 
when the magnetising force is withdrawn, is called its retentivity. 
Substances, which have high retentivity, have got in general, low 


susceptibility. 
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Coercivity—Every substance, after it is magnetised, retains some 
amount of magnetism depending on its retentivity. In order to 
deprive it of its residual magnetism it must be placed in a reverse 
‘magnetic field. Those substances, which have a considerable retenti- 
vity, require a strong counteracting field so as to deprive it of its 
magnetism. The strength of the reverse magnetic field, just sufficient 
to demagnetise a substance, is known as its coercivity. d 


Magnetic Screening—When a magnetic substance (e. g., soft 
iron), having high susceptibility and cut in the form of a ring is 
placed in a magnetic field, the open space inside the ring has very 
little magnetic influence. The 
body of the ring, shields the 
effect of any external magnetic 
field within it. For example, 
ifa small compass needle be 
placed within the ring, almost 
no effect on it is observed on 
placing a magnet outside it. 
Figure 54 shows the distribu- 
tion of lines of force due to a Fig. 54—Magnetic Screening 
magnet near a ring of soft iron A. Note that the lines pass through 


the walls of the ring without going into the interior space. This 
phenomenon is called the magnetic screening. 


Demagnetising Force—It has already been stated that the direction 
of the lines of force outside a magnet is from the north pole to 
the south. The mutual attraction of opposite poles tends to rotate 
the molecules at the free ends so that the number of free ends of the 
Weber elements per square centimetre of the polar faces gradually 
decreases. Hence there is always a force tending to demagnetise a 
free polarity of a magnet and any magnet left to itself would 
gradually lose its magnetism. To remedy this defect, magnets are 
provided with keepers, which are pieces of soft iron connected at 
the poles. Figure 55 shows two bar magnets provided with 


Fig. 55 


Fig. 56 

keepers. Soft irom pieces become i i 
: induced magnets closing the 
molecular chain and so there is no free MEO In ewe 56a 
horse-shoe magnet is seen provided with a soft iron keeper. Observe 


the cli i i isi 
j ne coeta molecular chains which prevent the effect of demagnetis ing 
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*30. Paramagnetic, Diamagnetic and Ferromagnetic substances— 
Substances, which are usually found to be : 
attracted by magnet, are iron, nickel and cobalt. 
But after powerful electromagnets came to be 
used, magnetic behaviour of many substances 
was first studied by Michael Faraday (1791— 
1867) in 1845. in strong magnetic fields. In 
figure 57, the two conical pieces facing each 
other represent the poles of a Strong electromag- 
net. The specimen to be studied is cut into a 
small bar A and suspended in the space between 
the poles. Substances can be distinctly classified 
according to their behaviour. 


(i) Paramagnetic substances are those that place themselves with 
their longer axes along the poles (Fig. 58) and are, therefore, feebly 
attracted by a magnet. To this class belong manganese, platinum, 
palladium, etc. ! 


(ii Diamagnetic substances— These substances | are .feebly 
repelled by a magnet. 
Whenthey are treated 
similarly, they set with 
their axes perpen- 
dicular to tlie axjs of 
ihe magnet (Fig. 59). 
Fig. 58 Fig. 59 To this class belong 
bismuth, antimony, zinc, tin, etc; 1 


‘Liquids and gases also are found to belong to either of the two classes. 
Liquids are placed in a U-tube, one limb of which passes through the pole 
pieces, The height of the tube is adjusted, so that the exposed surface of the 
liquid nearly touches the polaraxis. On passing current through the electro- 
magnet, if the meniscus is raised up, it' shows a small attraction and so the 
liquid is paramagnetic, If it gets depressed, the liquid is diamagnetic, - Oxygen 
is found to be paramagnetic, while mercury, water, alcohol, etc, are 
diamagnetic, 


The essential difference between a paramagnetic and a diamag- 
netic substance is that the permecbility of a paramagnetic substance 
is a little greater than unity, while that of a diamagnetic substance 
is a little less than unity. Hence when a paramagnetic substance is 
placed in a magnetic field, the lines of force would be more crowded 
in passing through this medium. Thus the number of the lines of 
induction (force) passing through a diamagnetic body in a magnetic 
field would be less than that of the corresponding lines outside. Á 

(iii) Ferro-magnetic substances are iron, steel, nick el and cobalt 
which can be identified by the following principal properties : 

(a) these are substances of which permanent magnets can be 
constructed ; 

(b) they have got very large values of permeability varying 
considerably with the inducing field ; 

and (A far every such substance there is fixed temperature, 
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known as the Curie point, above which it loses its permanent 
magnetism and behaves as a paramagnetic substance. 


- 31. Properties attributed to the Lines ‘of Force—In order to 
explain various magnetic phenomena, the following properties have 
been attributed to the lines of force. 


(a) Two lines of force can never intersect at a point. For, if 
this were possible, two tangents could be drawn through that poist 
to the two lines. Each tangent would then represent the direction 
of the resultant intensity and two such resultant directions could 
have been obtained. This is physically impossible. When one field 
is superposed on another, there is a fresh distribution of the lines 
of force, ; 


(b) In passing through paramagnetic and ferro-magnetic subs- 
tances, the lines of force are crowded, and through diamagnetic 
substances they are more sparingly distributed. 


(c) They cannot pass through an open space inside a ferro- 
magnetic material which is cut in the form of a cylinder or a 
spherical shell. ^ 


(d) They tend to contract along their length ; i.e., there is force 
of tension lengthwise. (This'can explain magnetic attraction.) 


(e) They repel one another side-ways ; i.e., there is a pressure 


acting at right angles to the length. (This property accounts for the 
magnetic repulsion). 


(f) They are closed. curves. Externally they join N-pole to 
S-pole and internally they pass from S-pole to N-pole. The line of 


induction inside a magnet are detected by scooping a hole inside the 
magnet. 


EKEROISES ON CHAPTER III 


Reference , 
Arts, 1, State the law of force between two Magnetic poles and 

38 & 19 hence derive the definition of a unit pole. P 

(Utk. U.—1954 ; Del, H. S.—1956 ; R. P. B.—1950) 

Arts. 2. State the inverse square law between magnetic poles. 
184&19 How does it depend on the nature of the medium ? (E, P.U.—1953) 
Art, 19 3; -Explain what is meant by saying that the pole-strength 

of a magnet is 50 C.G.S. units, (C. U.—1949) 
Art, 19 4. Two poles, one of which is 5 times'as Strong as the other, 
exert on each other a force €qual to the weight of £0 mgms, when 
placed 10 cms. apartin vacuum. Find the strength of each of 
the poles given that 8 —980 cm. per sec 2. 
E Ans. 396 and 198 C.G.S. * 
Art, 20 5. Prove that the earth's action on.a magnet is simply 


directive one. (V. U.—1955 ; Cf.—1954 
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6. Describe a simple experiment to show ithat the amounts 
of the north and south polarities in a bar magnet are equal. 
(R. P: B.—1952 ; C. U.—1951, *63) 
7. Explain the term ‘magnetic moment of a magnet Find a 
general expression for the moment of the couple acting on 
magnet placed in a uniform magnetic field. 
4 (Del. H. S.—1965 ; Dac. U.—1953 ; 
Raj. U.—1953, '55; E, P. U.—1951 ; Del. U.—1959) 
8. A magnet of magnetic moment 1000 C.G.S. units <liesin a 
field of intensity 0°18 gauss. What couple will be required to 
keep it at an angle of 30°to the direction ofthe field? (P.U.—1952) 
Ans. 90 C.G.S. units. ` 
29 A magnet of length 5 cms, and pole-strength 10 units lies 
ina field of intensity 0°36 gauss, What couple will be required 
to keep it at an angle 30° to the direction on the field ? 


(Utk. U.—1961) 
Ans. 9 C. G. S. units. 

10. Define the strength of a magnetic field and and a uniform 
magnetic field. (R. P. B.—1949, '61 ; P. U.—1951 ; C. U.— 1952) 

11. What do you mean by magnetic lines of force ? 

(Utk. U.—1953 ; Gau. U.—1961; C. U.—1953) 

12. Dcfine a tube of forceand explain intensity of a field in terms 
of tubés of force. What 1s meant by permeability of free space ? 

13. What do you understand by a line of magnetic force? 
Why do the lines of force never cross? Why do the lines of 
force never pass through a neutral point ? (Del. U.—1942) 

14. Trace the lines of force surrounding a bar magnet when 
the magnetis placed along the magnetic meridian with N-pole 
pointing north. Indicate the positions of the neutral points in 
your diagram. (Utk. U.—1952, '54 ; C. U.—1943, ‘53) 
. 15, A bar magnet is placed with its north pole pointing :south 
inthe magnetic meridian. Draw a map of the field around it. 

(U. P. B.—1952 ; Anna. U.—1955) 

16. State clearly how you will would proceed to ‘find the 
pole of a bar magnet. (Gau, U.—1952 ; C, U.—1943, '53) 

17. Define magnetic potential at a point in a magnetic field. 
Obtain an expression for the potential at a distanee r'írom a 
magnet pole of strength m. 

18. What is called the zero energy position of a bar magnet in 
a uniform field? When a magnet places itself parallel to the 
field, why isthis position called the minimum potential energy 
position ? t 

19. Why do you understand by the terms ‘magnet intensity’ 


and ‘potential’ ? How are the two related to one another ? 
(Del. H. $.—1949) 


20. How are the lines of force ofa magnet altered. when a 
ring of soft iron is placed in its field ? (C. U.—1958) 
21. Define permeability, susceptibility and coercivity. Explain 
magnetic screening. (Pat. U.—1950 ) 
22. Explain why we store bar magnets in pairs with their 
opposite poles together and a piece of soft iron across them. 
(Utk. U,—1953) 
23. Draw a neat diagram to show the appearance of lines of 
force in the field of two bar magnets in line with unlike poles 
adjacent. What will be effect of placing a soft iron ring between 
unlike poles? Explain magnetic screening. (Gau. U.—1951) — 
EMEN T: di NEST 2 = = 
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Reference 


Art, 20 


Art, 21 


Art. 21 


Art. 21 


Art. 20 
Art. 23 
Art. 23 


Arts. 
23, & 30 


Art. 25 


Art, 25 


Art, 26 


Art. 28 


Art, 28 


Arts, 
19 & 28 


Art, 29 


Art. 29 


V 


“Art. 29 


Arts, 
25 & 29 


CHAPTER IV 


MAGNETIC FORCE AND MEASUREMENTS 


.32. Intensities and Inductions of a Bar Magnet at „Standard 
Positions—The following are the two principal standard positions of a 
bar magnet for which we can find the intensity by simple geometrical 
methods : 

(1) End-on Position—Let NS representa bar magnet of length 
21 and of pole strength m(Fig.60). Let P bea point on the 
axial line of the magnet at a distance d from the centre O of 
the magnet. Leta unit north-pole be placed at P. Evidently the 
force exerted on it is a measure of the intensity at the point. 


-m 0 +m p 
< {Soo 
€eze--pi----- > 


pru— EE 
Fig. 60--End-on position of a magnet 

By the law of inverse squares, the intensity at P due to the 

mU acti irec- 
N-pole of the magnet BNET wd? acting along the direc 
tion NP, where u represents the permeability of the medium. 
For vacuum 4—1. 
ALI SON C RN 
3 USP? u(d--1)? 
acting along the direction PS. The two intensities are oppositely 
directed and therefore the resultant intensity R is given by 

E Teeth ed |= 4mld |  2Md 

R - anne app mat (a? yr oersteds 

` f fern O21) 
where M is the magnetic moment of the magnet and is therefore, 
equal to 2ml. Since for vacuum u=l in C.G.S., &R—R gausses. 
If the distance d is very large as compared to the length (21) of the 
magnet, d? —/? —d* approximately. 

Thus i aL a *gausses,* f ser: (32,2) 

Hence the field strength at a fairly distant point on the axis of 
the magnet varies directly as its magnetic moment and inversely as 
the cube ofthe distance from the centre of the magnet. If the 
distances and the pole strengths are given in C. G. S. units, the 
intensity is expressed in a unit called oersted and induction in gausses. 


Similarly, the intensity at P due to the S-pole— 


*Ithas been shownin Art 21 that M hasthe CGS. unit of gaussx cm?. 
Therefore 2M/d? must have a unit of gaussx cm?/cm? —gauss. 
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The magnet is said to be placed end-on with respect toa point 
lying on the axis of the magnet. 

(ii) Broadside-on Position—Let NS bea bar magnet: of length 
21 and of pole-strength m (Fig. 61). Let P bea point ata distance d 
from the centre O of the magnet measured in a direction perpendi- 
cular to its axis. - 

Join PN and PS. Let ZPNS=8. Then the intensity at P due to 
the N-pole=m/uPN? acting along PA and the intensity due to the 
S-pole=m/uPS? acting along PB. 4 n 

Along NP produced takea length PA (to any 
scale) proportional to the magnitude of m/#PN?. 


^ 
A Since PN is equal to PS, the two intensities are 
AUN equal in magnitude. Cut off a length: PB=PA ' 
FC Ap and complete the rhombus PAFB. Then the 
PEN diagonal PF represents the magnitude and 
x ji x direction of the resultant intensity : let it be. R. 
ey! \ It can be easily shown that ZAPF= Z BPF 
ERE AN =6 and that / APB=20. 
ki å `y From the parallelogram law, 
Í \ 1 ( m M m \? m m 
/ $2 WX i iad 
Manly 5 e PN? } os) TPN pst 29 | 
i But PN? = PS? - d? 41°. 
3 Yzl[p 2m* 2m* ) 
"gm mlp aF opeet 
T Mm 4m? cos?0 
Pe SN CRI f 0) =e 
GE pI 908207 ag py 
2m cos 0 . «au ON l 
R = n teds. But cos 0=2 = >" 
w aS s. But since cos 0= -p Vari 


Here also since for vacuum ucl, Ris expressed in unit of gauss. 


2ml M 
Then, R= (a ns (dw) , gausses. P (Spar 


When d is very large in comparison to l, t 
REM gausses (approximately). wae (32,4) 


Hence the field strength at any point ona line passing through 
the centre of the magnet at right angles to its axis is directly propor~ 
tional ‘to the magnetic moment and inversely 2$ the cube of the 
slant distance from either pole. In case the distance 18 large, the 
intensity is inversely proportional to the cube of the cistance from 
the centre of the magnet. i k 

33. Potentials at End-on and Broad-side 

- reference to Art 28, we derived an expression 


on Positions. —With 
for the potential at a 


er 
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Point due to a single pole ofa magnet. This expression can be 
extended in case of a bar-magnet. 


Vig eh erate | end EO MEE 
UUd-D a p= Be 
j ergs/pole. (in vacuum) $$:(82;1) 


Broadside on Posjtion.—Let V, be the potential at P in vacuum. 


Then Ve ND Sp" Along the equatorial direction OP (Fig. 61), 


NP=SP for any position of P. 


<. Vy at the Broadside on position is always zero and mo work 

will be done in bringing it from infinity toa Point along this line 

or in moving a unit Pole from any where to any Where on this line. 
Examples : 


1. A bar magnet is placed on the magnetic meridian with its north pole 
pointing south. If the length of the magnet is 10 cms., its magnetic ‘moment is 
500 C. G. S. units and if the neutral points are situated at a distance of 15cms, 
from the centre of the magnet, calculate the horizontal intensity ofthe earth's 

: Magnetic field at the place. [Mad, U.—1960] 

Ans, When a bar magnet is placed in the earth's magnetic field with its 
north pole pointing South, neutral points are formed symmetrically on the 
prolongation of the axis of the magnet, At a neutral point the intensity due 
to the magnet is equal and opposite to the magnetic intensity of the earth along 
a plane passing through the axis of the magnet and the neutra] point. 
Evidently it is a case of end-on position intensity of the bar magnet, 


The moment M of the magnet=500 C. G. S. units ; half-length (I) of the 
magnet=5 cms, distance from the centre of the magnet=15 cms. The 
horizontal intensity (H) of the earth’s field taken in vacuum is then given by 

=R= 2Md __2x500x15_ 9.3 
H=R (EPF "153—533 0:375 gauss, 

2. The poles of magnet are 8 cms. apart and ofstrength 100 C.G.S. unita. 
The magnet is placed on a sheet of paper and a line is drawn through a point 

etween the poles at right angles to the Magnetic axis, Find the intensity of 


field at a point on this line, 3 cms. from the axis, (Neglect the effect of earth’s 
magnetic field.) 


1 found. Now the moment M of the mMagnet=(8X100) C.G.S. 
units, d=3 cms, l=4 cms., so that d?412=25=52, Accordingly, 


> 


A. Let Rı and R, be the two intensities at distances 10 ems, 
t the EU position. Then we have . and 20 ems, 


zt =25 : 2, or (400-152 400—172 
100 


t 0:187 Qys js (200-5 —25, or T= 5, 


—-19 
or 400—/9— 500-573, or 4/?—100, or I5. 
Hence required magnetic length 721-10 cms, 
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34. Intensity at any Point due toa Short Magnet.—If a bar- 
magnet be of such a length that itis comparable to the distance at 
which the intensity is to be determined, then except for end-on and 
broad-side-on positions, the intensity term is a large expression given 
by equ. (22,1) of Art. 22. But if we consider a magnet to be very 
short, then its length may be taken to be negligibly small as com- 
pared to some fair distance from its centre. 


C-n ~8 Let NS be the short 

Ti, ES R magnet of pole-strength 

P: à y m and of length 2/, so 

94 ^N a ; that its magnetic moment 

1 N i $òP isM-2ml C.G.S. units. 

Rii e VAT Take.any point T at a 

i N igh distance. dcm. from the 

SN N i "d centre O of the magnet 

Du. $ pd QUUM and let OT make an 

e sod OT Nm angle 0 with the axis of 
s/w. N the magnet (Fig. 62). 


t Since magnetic moment 

Fig. 62 is a vector quantity, it 

obeys the laws of resolution and composition. When M is the 

magnetic moment along SN, its component along OT is M cos 0 

—N,S, (say) and at right angles to OT it is M sin 9=N,S, (say) so 

that M= JM?cos?94- M?sin29. Then so far as any point on OT is 

concerned, we can consider the intensity as due to two magnets of 

moments M cos @ placed end-on to that point and M sin @ placed 
broad-side on to the same point. 


being end-on, and let 


Now intensity at T due to N,S, «2M ee 


this intensity be represented by TP and intensity at Tdue to N48, 


"Mino. being brode-side-on, and let this intensity be represented 


by TQ. 

The medium is assumed to be vacuum then i, —1. 

Since N,S, is at right-angles to N,S,, TP is also at right-angles 
to TQ. n 

Hence the Resultant Intensity TR = JTP + TQ*- 


yee (sn o)* 


Er 
= x v4 0088 4 sic M. J3 cos 31 NEC 
If ¢ be the angle between the resultant intensity TR and TP. 
in à | 2M cos 0 ; 
Then tan 4 REED | D C eA (042) 


e P — i Os m I 
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Thus for a short magnét, it is possible to. know the magnitude 
as well as the resultant intensity along any direction from the centre / 
of the magnet at a known distance.’ If we plot the directions of such 
intensities from point to point such that there is a continuous 
variation of 9, a curve will be obtained to each point of which such 
intensities will be tangents. This continuous curve, as shown by the 
dotted line NABCDS is a line of force of the short magnet in its 

: own field. Another resultant intensity given by T, R, at an angle 
§-++90° with the axis of the magnet is also shown in the figure. 


35. Potential at any Point due to a Short Magnet.—We have 
already defined the potential at a point in a magnetic field. Let NS 
be a short magnet of pole- 
strength m and of length 
21 placed in its own field. 
Let P be a point ata dis- 
tance; from the centre O 
of the magnet, such that OP 
makes an angle ọ with its 
axis SN (Fig. 63) We know 
from Art 28, that the poten- 
tialat P due to N-pole is 
m/uor, and that due to the 
South pole is =m Bory: 
For C.G.S. system we shall 
take 4 —1. 


If V, be the potential 
at P, 


Then Vy=" M 
ac) Pe 


eee LE NS m. Fsg, 63 ig. 
r—lcos8 r+ cos 8 Wc . mie ot 
2 ml cos 0 M cos 6 
ealo 6 L] TYT roa (991) 


Where M represents the magnetic moment of the magnet. When 


the magnet is very short, + is much 200826 i 
negligible with repre ws greater than / and so /?cos20 is 


V, M cos 0 2. (852) 


In a medium of relative permeability u i 
takes the form, M cos jur?. h Sa he Whee ean (352), 


equation (35,2) reduces to zero. Thus i i 
o A duces ro. potential on the eguat 
plane is zero. So it IS instructive to know that ifa unit donk Ble 
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or any single pole be moved from any point to any other point on 
the equatorial plane of a,bar magnet, whether long or short, no work 
is done on it. ; 

_ Intensity Determinations from Potential.—As we know that the 
space rate of potential (with algebraic sign changed) in any direction 
gives the field intensity in that direction. If now H, be the magnetic 


intensity along OP (Fig. 64), then 
8V,___ 8[M cos 0| .2 M cos 0 
se os je cH a (853) 


Along a rectangular direction PT, let there be a very small 
distance às which is730. (Fig. 64). Then intensity at T along TQ is 


BAIE PRIEE alae Av eet MS ( M cos 6 ) 
6 os (roo) r 60 r 60 ips 
M sin 0 
- 5 we (35,4) 
Since H, and Hj are at right-angles to each other, 
The Resultant Intensity at P is given by, 
H=yH, F Hy! e. v 1-4-3cos?0 555:(3545) 


= Similarly, if the resultant intensity H makes an angle ¢ with TP 
then tan 6=4 tan 0. whence $—tan^* (3 tan 6) wee (35,6) 
36. Magnetic Dipole.—When a magnet is supposed to be 
extremely short in length and of a very small cross-sectional area, 
it is called a magnetic dipole or a doublet. The potential and 
intensity equations are similar 
to those of the preceding Article. 
The field around -a dipole in its 
own field is shown in Fig. 65. 
Although the length of the dipole 
is extremely short, say l, it 
possesses a measurable magnetic 
moment mx where m is the 
pole strength of each pole of the 
doublet. In such a case we call 
l as the displacement between 
two poles. . In case of induced 
; magnetism in a. magnetic sub- 
, Fig. 65 \ stance, it is convenient to measure 
the amount of induced magnetism in terms of the magnetism per 
unit area of the face, known as surface density of magnetism and the 
amount of displacement / which is proportional to the strength of 
the magnetic field within the substance. In the Chapter on. molecular 
Theory of Magnetism, the Weber elements are magnetic dipoles. 
When these dipoles are arranged as closed chains, there is no perma- 
nent magnetism of a magnetic substance. But once they are linearly 
arranged with opposite poles facing each other permanent magnetism 
appears in the substance. ~The shape of the dipole so drawn gives’ 
minimum de-magnetisation effect. 
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Examples : t 

1. A very short magnet of moment 800 gauss, cm? is placed in its own 
field. Find the intensity at a distance of 50 cms, from it along the direction 
making an angle of 60° with the positive direction of magnetic axis 

Ans, Here M=800 gauss. cm? ;.d=50 cms, and 0—609. So from equ. (34,1) 

.,800 gauss. cm? 800 | aS AF: 
H Sos / cos? 6001 RE = peony V3 2 F1=0'00846 gauss, 

Note that the intensity H according todimension really has the unit of 

induction, 


2. Find the magnetic potential of a bar magnet of an equivalent length of 
20 cm. and of pole strength 47X100 maxwells at a distance of 50 cm. from the 
centre of the magnet at the end-on position towards the north-end of the magnet. 
The magnet is supposed to be placed in its own field, 


.Ans. Since m C.G.S. pole strength emanates 47 maxwellian tubes of 
induction, the pole strength ofthe magnet is 100 units (gauss.cm2), Now 
according to equ. (32,1). 


Vp = Az gauss. emt 200 gauss. cm.=0'833 gauss. cm. 
Now | gauss- uoX1 oersted=1 oersted—1 dyne/unit pole. 
Vp-0833 Ldynexl cm. _o.g3q orgs $ 
unit pole pole 
3. Find an expression for the potential ofa very short magnet of moment 
1000 erg/oersted at a distance of 30 cms. from it along a direction making an 
angle of 1209 with the positive direction of magnetic axis. ‘ 

Ans. Following the equation (35,2), M=1000 erg/oersted, d=30 cms. 
and 0—1209. 

Now cos 1209 — cos(909 -- 30°)= — sin 309 —0'5. 

1000 x (—75 500 erg: erg 

nena ypa 302 » “900 "oersted xcm? unit pole 

Since 1 oersted= 1 gauss in C.G.S. and gaussxcm*=1 unit pole. 

37. Equilibrium of a Magnet in mutually Perpendicular 
Fields—Consider two magnetic fields of uniform intensities F and 
H respectively at right angles to each other (Fig. 66). If a pivoted 
magnetic needle is placed in the combined field, it would be 
influenced by both the fields and would ultimately take up an 
equilibrium position. Let the needle be of length 2/ and of the pole- 
strength m. In the steady 
position, let 0 be the angle N Ht 
between the direction of H mH 
and the axis of the needle. 

Consider first the action | 
of the field of intensity H. 
The north poleof the needle of 

-strength m would be urged 
parallel to H in the direction 
of the arrow-head with a force 
mH. The south pole is con- 
sequently urged in the oppo- 
site direction with an equal 
force mH. These two equal, 
parallel and opposite forces 
acting at the two ends of the 


wae 
9 
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magnet form a couple. Since the other uniform field of intensity 
F is at right angles to H, the forces on the two poles of the needle 
are mF and mF as shown by arrow-heads. They also form another 
couple tending to rotate the needle in the opposite direction. In 
the equilibrium position, two couples acting upon the needle would. 
have their moments equal and opposite to each other, 


Now the moment of the couple mH is=mH x AS— mH x2l sin 0 
and the moment of the couple mF is=mFxAN=mF x2l cos 0 


The condition for equality leads to : 
mH x2I'sin 9—mF x 2l cos 6, 


or F tan 6, whence F=H tan 8. ... (37,1) 


Thus when a magnet is placed in two mutually perpendicular 
uniform fields the tangent of the angle of deflection of the magnet with 
respect to one field is the ratio of the intensities of the other field 
with respect to that field. This is known as the tangent law. 


In equ (37,1), both F and H should be of the same dimension, 
since their ratio is a pure number. So each one of these quantities 
may be expressed in gausses or oersteds. 


Examples : 

1. A compass needle is placed 30 cms. to the east of a short magnet, The 
needle is deflected through 45°. Calculate the magnetic moment of the magnet, 
Given H=0°352 gauss. [Raj. U.—1953} 

A. Since the magnet is placed to the east of the needle it is end-on with 
respect to the magnet, Further, since the magnet is short, the intensity of the 
magnet is given by : 

p where M-magnetic moment of the magnet. 

Again, since the earth's field and the magnetic field are at right angles, we 

must have 


F=H tan f, or das tan 45°="352, whence M —4752 in C.G.S, units 


2. A short bar magnet is placed with its axis along the magnetic east and 
west directions. A small compass needle, when placed 70 cms, away from the 
centre ofthe magnet along a line perpendicular to the axis, points 30° away 
trom a line perpendicular tothe axis, Ifthe value of H at the place is 0'32 
C.G.S. unit find the moment of the bar magnet, [Bom, U.—1948] 

A. The short magnet is here broadside-on with respect to the needle. 
Hence the intensity is given by 

R=M/70°. 

Again, since the fields are perpendicular, F=0'32 xtan 30°. '! 

Therefore M/70?=0°32xtan 30°, whence M —63445 (in C. G. S. units). 

*38 Determination of M/H from Neutral Points—We have 
seen in Art. 25 that when a magnet is placed in the earth's 
magnetic field, two points are always obtained, at which the inten- 
sity of the field due to the bar magnet is equal and opposite to 
to the earth's horizontal field. Such pair of points aré called neutral 
points. From à study of these neutral points we can find the ratio 
ofthe magnetic moment ofa magnet and the horizontal intensity 


of the earth's magnetic field. 
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(i) End-on  position—Place the magnet in the magnetic 
meridian on a drawing board with its north pole pointing south. 
Draw the lines of force and find the neutral points. The nature of 
the diagram’ would be as shown in Figure 41. Measure the dis- 
tances of the neutral points from the centre of the magnet. At 
these points the earth’s horizontal intensity is equal and opposite to 
the intensity of the bar magnet. 


From the centre of the magnet of the length 2/ cms. let the 
mean distance of the neutral point be d cms. Then since the point 
is end-on with respect to the magnet, we get 

_ 2Md M _(d?-1?)? 
EEC E SaS: eg 
Thus knowing d and /, the ratio is found. 


(38.1) 


For example is the neutral point be found ata distance of 
lS cms. from the centre of a magnet of length 8 cms. while its 
north pole is pointing south, then d=15 cms. and/=4 cms. Hence 
according to equ. (38.1) the ratio M/H =1456 C.G. S. units. (cm?) 


(ii) Broadside-om position—When the magnet is placed on the 
drawing board with its north pole pointing north and when the 
lines of force are drawn, the neutral points are obtained in a direction 
at right angles to the magnetic axis (Fig. 40). Measure the distances 
of the neutral points from the centre of the magnet. Let the mean 
distance be d cms. and the length of the magnet be 2] cms. With 
the same notations as before, we get 


H=—M p or Moqgsygst we (38,2) 
(JEI) i 

In both the equ (38,1) and (38,2), the right sides have the dimen- 
sions of [L°]. In C.G.S. system, this dimension is cm. From 


Art 21, we know M is expressed on a unit of gaussxcm?, Therefore 
H must be expressed in a unit of gauss. 


Examples : 


1, A bar magnet is placed with its north pointing south. If the neutral 
point is at a distance of 20 cms. from each pole of the magnet and the magnetic 
length of the magnet is 10 cms, calculate the moment of the magnet, assuming 
H to be 0'36 C.G.S. unit. [Utk, U.—1953} 


_ A. When the north pole of a bar magnet points south, the neutral point 
is formed on a line passing through the Magnetic axis. Hence the point is end- 
on with respect to the magnet. Thus by (38,1). - D 
WM sm eee [t catal ; 
M=H x 36x 2x25. 7 36X 1200—2592 C.G.S. units, 
2. A magnet, whose poles are 10 cms, apart, is placed in the magnetic 
meridian. The field due to the magnet counter-balances earth's horizontal 
field (0:36 C.G.S. unit) at a point 9 cms, away frem each pole. Find the pole- 
„strength of the magnet. (Pat. U.—1952) 
A. From the first part of the problem itis not definite whether t 
` north pole of the magnet points north or south. Bot the latter im he 
AS n Dune d eir ou the two poles, and this can happen 
only when the north pole points north and the neutral int i ide- 
with respect to the magnet. ee er ud 
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On reference to Figure 61, if PS=9 cms, and OS=ON=5 cms., 


the intensity at P= EE AME NOn Bele oersted— 10m oersted, 


n m gn 


Now Ig =0'36 C.G.S. unit, whence m=26°44 C.G.S. units. 


3. A short bar magnet is placed on the drawing board with its north pole 
pointing north. The neutral points are found to be at a distance of 20 cms. 
from the centre of the magnet, What will be the distance of the neutral point 
when the magnet is reversed ? (Nag. U.—1953) 


A. When the north pole of the magnet points north the neutral points are 
along broad side on position. 


M DE] M. as 
g- (7 ) and for a short magnet, H d*, 
Thus, by the problem, M 20° -8000. cm. 


When the north pole points south, 


M, (29-12 M, d* 
H 2d and for a short magnet, H^2' 
3 
But $M L800, or, d’=16,000 cm. 


Taking logarithms, 3 log d=log 16,000=4'2041, or log d=1°4013, whence the 
required distance d=25'2 cms, 


39. Deflection Magnetometer—For magnetic measurements 
an apparatus called a Deflection Magnetometer is widely used 
(Fig. 67). It consists of a short magnetic needle ns pivoted or 
suspended horizontally over the centre of a circular card-board 
graduated in degrees. Two long aluminium pointers p,p are 
attached perpendicularly to the needle at its centre. The ends of 
the pointers move over the circular scale, so that for any deflection 
of the needle two readings can be recorded simultaneously. 


The circular card-board is enclosed in an wooden box, and its top 
is covered with a piece of glass. The purpose of the cover glass is to 
prevent air currents from disturbing the needle as well as to view any 
movement of the needle freely. The box is provided with two long 


Fig. 67—Deflection Magnetometer 


ith each one. The scales are gra- 
f each begins from the centre of 


arms A,B and a metre scale is fixed w 
.duated in such a way that the zero o 


Pt. II/M—4 
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the needle. The circular scale on.the card-board is divided into four 

. quadrants, each reading from 0° to 90?. The pointers should record 
09-0? when the arms are both parallel or both perpendicular to the 
magnetic meridian. 


*40 Determination of M/H by using Deflection Magneto- 
meter—There are two methods of measuring M/H with a deflection 
magnetometer. 


(i) Tangent-A or First position of Gauss—Place the arms of the 
magnetometer perpendicular to the magnetic meridian so that the 
pointers read 09-09. If necessary, find the position of the magnetic 
meridian with a separate bar magnet. Place a bar magnet parallel to 
the arm on any side ofthe box with the north pole facing the 
needle (fig. 68). Take the reading of the end of the north pole from 
the scale. This gives the distance of the nearer pole of the magnet 
from the pivot of the needle. Measure also the length of the magnet. 
The former distance plus half the length of the magnet gives d. 
Measure also the mean deflection 0 of the needle from the reading of 
the pointers. The field intensity due to the magnet may be supposed 


Fig. 68—Tan-A position of Gauss 


uniform over the space occupied by the needle. Denote the intensity 
ofthe field due to the magnet and that due to the earth by F and 
H respectively. Since the magnet is placed end-on with respect to 
the needle, the value of F is given by p 
pz. 2Md 
(d2 —py i: 


But the Tangent Law gives 


F=H tan 6. Thus ur my =H tan 6. 


a F be expressed in gausses, H, should be expressed in the same 
unit. 


M ne (d? —/*)? 
whence H^ 


cz tan B. - (40.1) 
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When, however, d is very much greater than / 

mH M d* E 
cs m tan 9. seer (40.2) 
mF 


Thus knowing either M or H, the other 
can be determined. 

(ii) Tangent-B or Second position of 
Gauss—Adjust the arms of the magnetometer 
parallel to the magnetic meridian} when the 

epointers read 0°-0°. Place the magnet per- 
pendicular to the axis of the arm at a distance 
d from the needle so that the centre of the 
magnet is on the axis. A deflection 6? of 
the needle is obtained. “As shown in Figure 
69, the magnet is placed broadside-on with 


«-----32[----- 7 respect to the needle. 
Fig. 69 Tan-B position Then we have F=H tan 6. 
But PAN Men Hence M_ (qs 412} tan 6. 40.3 
(d?+12)2 H P see (40.3) 
When d is much greater than /, Mea tan 0 vn (40.4) 
Examples : 


1. A magnet of length 10 cms. is placed with its axis at right angles tothe 
magnetic meridian and with its middle point ata distance of 15 cms. from the 
centre of a small magnetic needle, so that the magnet is end-on with respect 
to the needle. If the deflection of the needle is 45°, calculate the pole-strength 
ofthe bar magnet. (H=0'36 gauss). [M ys. U.—1951} 

2 — ]2)2 
A. Under the stated condition, Me tan @. 


Here 0=45° (and so tan 45°=1), /=5 cms., d=15 cms, and H=0'36 gauss. 
Me S x'36- 1440.480 C. G. S. units, (gauss. cm.) 

3 2. A short magnet placed in the A-position west of a compass needle ata 
distance of 20 cms, deflects the needle by 45°. If H=03 C.G.S. unit, what is 
the magnetic moment of the magnet ? {Anna, U.—1951j 

A. Clearly, Mii tanb. . 
Here 0—45,' d=20 cms. and H=0'3 C. G. S. unit. 
cs M=03 x0 =1200 CGS. units. 
oments of Magnets—There aro 


ic moments of two magnets 
Either the Deflection Method 


*41. Comparison of Magnetic M. 
various ways of comparing the magnet 
by using à deflection magnetometer. 
or the Null Method may be used. 


Deflection Method (from Tangent-A position)— Use “the magneto- 


meter in'thé Tan-A position. Let the two magnets to be compared 
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be of moments M, and M,. Place the first one at a distance di 
from the needle, and let the deflection be 6°, (Fig. 70). 


^ e. 
Fig. 70—Comparison of Magnetic Moments 


2 ].22 A 
Then ` Mr lead) ð, from equation (40,1), 
H 2d, i 


Repeatthe same operation with the second magnet of moment 
M, and of length X, at a distance ds. If the deflection is 05?, 

Mans tan ĝa. 

H 2d, » 


2 
On division we get ' | 
M. (05.53), — d, tam, | dh) 1 
M; d, (d,* —12.)* “tan 6, 
Every factor on the right side of (41,1) can be experimentally deter- 
mined and therefore the ratio of the magnetic moments can be found. 


(41.2) 


In similar way we can place the magnets in the Tangent-B position | 
and can measure the ratio M,/M, in terms of d,,1,,0, and 
ds, Iz, and 0, with the help of the equ. (40,3). 

Null Method—(from Tan-A position) —Place the magnetometer 
in the position as shown in Figure 68. Place the two magnets on 
thetwo arms with their similar poles facing the needle. Adjust 
the relative distances till the needle shows no deflection. Under 
this condition, the deflection produced by one js compensated by the 
other, so that 0, —6,. AM ESTE 

. t baad A beds ADA 

<. from (41.1) it follows that M. did 07 (41.3) 

From a knowledge of d, , d», l, and l; the ratio can be found. 

When compared to l, and la, both d, and d are very large, 
equ (41,3) becomes, 


r M, 7 ws. (41.4) 


"The null method of finding M,/M, can also be used in the 
Tangent-B position, in which case the magnetometer box is to 
be placed with its arms parallel to the magnetic meridian. In that 
case the magnets to be compared are placed at right angles to the 
arms and are so adjusted as to have no deflection of the needle. 


ART. 41 MAGNETIO FOROES AND MEASUREMENTS 53 


Examples : 
ol Two bar magnets of lengths 10 cms, and 8 cms. produce deflections of 
30° and 25° on a magnetometer needle when placed 35 cms, and 40 cms. from 


the centre of the needle in a tan-A position. Compare their magnetic 
moments, 


A. In this case 2/, 210 cms., 2/,—8 cms., d,—35 cms., ds—40 cms., Q,—30* 
and (425^, 


Then we have from Table of Tangents 
M. (352—52)2 :40 ytan 30° 
Ms 35 (403—432 ^tan 25" 
2. Two short bar magnets are placed one above the other with their (a) 
similar poles, (b) dissimilar poles together. The first combination is placed 
ata distance of 20 cms. from the needle of a deflection magnetometer in the 
Tan- A position. The deflection is observed to be 60°. The second combination 
is placed at a distance of 10 cms, in the Tan-B position of the magnetometer, 
the deflection being 30*, Compare the moments of the magnets, (Pat.1UJ,—1955) 
A. Let M, and Mg be the magnetic moments of the two short magnets, 
When placed with their similar poles, the combined moment is M,--Ma. 
Then at their first setting, we have from (40.2). 


Mat Ma 2 tan 60* —4000x 1:7321 = 69284. MD 


70:812, 


When placed with their dissimilar poles, the combined moment is M4—M;. 
So at their secong setting, we have from (40. 4) : 


MaMa 10° tan 309—1000x577445774. 2) 


Dividing (1) by (2), we get 


M MT STA whence by componendo and dividendo we find 


Mi 75058 .. 
Ms 63510 11181. 

42. Vibration Magnetometer—The apparatus consists of a short 
and stout magnetic needle (or sometimes a short bar magnet) 
suspended within a box having glass windows on two sides and 
provided with a vertical hollow tube at its top (Fig. 71). At 
the uppermost end of this tube there is screw-head arrangement, 
to which a fine unspun silk thread is attached. The other end ‘of 
this thread carries a hook, from which the 
magnet is suspended horizontally. There 
is a line marked onthe inner base of the 
instrument just below the magnet. To 
view this line a rectangular slot is cut on 
the roof of the box. There are generally 
three levelling screws at the base of the 
instrument. To adjust the apparatus for 
an experiment, first level the instrument 
by aid of the base screws. Place the 
magnet within the box, such that jt comes 
to rest in the magnetic meridian. 


i he box - 
Then bring another magnet near t 
so as to deflect the inside magnet through 
a small angle and then take it away. The 
magnet is found to oscillate to-and-fro. 
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By means of a stop-watch measure the time for twenty or thirty 
complete oscillations and thence calculate the mean value for the 
period of a single oscillation. Then the period T is given by 


TH s we (42.1) 
MH- 


where.I is called the moment of inertia of the needle*. 
and M=magnetic moment of the magnet 


and H=horizontal intensity of the earth’s field in which it oscillates. 
If n be the frequency of oscillation then, n=1/T. 


If two magnets are suspended on the'same stirrup with their like 
poles facing the same direction, the expression for the combined 
time period has the same form, where I represents the sum of their 
moments of inertia, and M their combined magnetic moments. But 
if, one of the magnets be reversed, then I is, as usual the sum of the 
moments of inertia, but M then represents the difference of the 
magnetic moments. 


43. Searle's Vibration Magnetometer—For accuracy in experiments 
on the oscillation of a magnet, care must be taken so that the magnet 
oscillates in a uniform field and that the period of vibration is accu- 
rately measured. When a bar magnet oscillates in the earth’s field, 
the question of the uniformity offield does not arise since this is 
practically uniform over a limited space. But the field due to ordinary 
magnets can be taken to be uniform only over a very small region. 
Oscillating in such a field, a bar magnet of usual size encloses a 
Space, where the field varies considerably ; consequently the oscilla- 
ting magnet should be very short. 


Searle constructed a type of magnetometer consisting of a small 
_ cylindrical magnet NS, nearly 1:5 cms. in length 
and fixed at the lower part of a brass cylinder (Fig. 
72). The cylinder is supported vertically with a 
thread of unspun silk froma torsion head. There 
is an aluminium pointer P fixed with the cylinder 
under the magnet, which reads the oscillation of 
the system. The purpose of the cylinder is to 
make the System heavy, thus ensuring a longer 
period of vibration, which can be more accurately 
measured. " 
Comparison ofthe Field Strengths attwo diffe- 
rent Localities—Let the values of the horizontal 
intensities of the earth at two localities be H, and 
H,. Find the time periods T, and Ts of a magnet 
at these localities in a manner described in the pre- Fig, 72 
ceding Article. 


, 
D 


“If the magnet be in the form of a rectangular bar, its moment of inertia 
FL a 24-53 t 
lisgiven by EP w, where [is the length, b its breadth and w its mass. 
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Then T,— ul I 
1 


MH, 
1 1 deed 1 1 
or, T,*-5—. c. — gi ocu 
ECTS *g. , Similarly, T; ae aor E 
2 Bin Hs | 631) 
T m* Hi 


Therefore from measurements of T, and T,, we get the [ratio 
of H, to H,. 

Example : 

Two bar magnets are attached to the same stirrup of vibration magneto- 
meter with their north poles pointing north, The period is found to be 372 
seconds. When the magnets are again swung together with one of them 


reversed, the period becomes 5'1 seconds. Calculate the ratio of their 
moments. (And. U.—1952) 


A. Let M; and Mg be the moments of the magnets. When they are placed 
together with similar poles pointing one direction, the combination behaves as 
a single magnet of moment M,+Mg._ On the other hand, when similar poles 
point opposite directions, the combination behaves as a single magnet of 
moment M,—M;. The moment of inertia of the combination in both the 
cases would, however, be I; +o. 

From (42.1), if T, —32 and To=5'l, then 

an tl osa and" ithe 2s 
Miama? 2° Tres): ae 

Squaring each and dividing one by the other, we derive 

Mat Me 108 by componendo and dividendo, 
My 36:25 
Ma 1577 

44. Verification of the Law of Inverse Square—There are various 
ways of verifying this law : 

(1) By Deflection Magnetometer—At the ,end-on position ofa 
magnet ata fairly large distance, the intensity F, =2M/d* ; and 
similarly at the broadside on position at the same distance, Fa — 
Mjd*, assuming the truth of the inverse square law. The ratio of the 
intensities F/F is thus found to be 2 : 1. Y 

This theoretical inference can be verified experimentally from the 
two positions of Gauss. Knowing F, =H tan 4, and Fa =H tan 0s. 

We get F, dU. 

B F, tan 6; ` 

Thus knowing 6, and 05, the value of the ratio can be found 
which, within the limits of experimental errors 18 found to be 2: 1. 

A more accurate method is to place the magnetometer in the 
tan-A position. Obtain a long bar magnet and place it permet 
on any arm at a distance d, cms. from the needle. The pole, whic 
ig at the top being much higher up than the magnetometer board, 
will have very little influence on the deflection of the needle. Thus 
under the influence of only one pole, the needle is deflected through 


an angle 0, (say). 


we get 


| 
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m 
Then Pings =H tan @, or g^ tan 6,. tus ee) 

Move the magnet in a similar manner to a distance d, and obtain 
another deflection 55. 


Then also Fy=74=H tan ĝa, 
2 


or  d,? tan 6-44 tan 6,. --. (44.2) 


On measuring d,, da, 0, and 9,, the truth of the equation 
may be experimentally verified. Since the expressions follow from 
the inverse square law, the correctness of the law is verified. 


(2) By Vibration Magnetometer—It has been stated (Art.42) that 
When a magnet oscillates with a frequency nin the earth’s field H, then 
H=kn®, where k is cons- 
tant. Take a long bar 
magnet [ or, preferably, 
a ball-ended Robison’s 
magnet] and fix it verti- 
cally with its N-pole 
downwards. Suspend a 
magnetic needle, so that 
it oscillates in the same 
horizontal plane as the 
N-pole of the magnet 
and to the magnetic 
South of the latter at a 
distance d, (Fig. 73), 
Thus the field Strength ; 
Surrounding the needle is Fig. 73 
added to the earth’s field and is increased by an amount F,, say, due 
to the presence of the N-pole. If now the needle oscillates with a 
higher frequency n,, then H+F,=kn,*. Next let the N pole be 
shifted along the Same line to another distance d; producing a field 
H-+F, on the needle. The frequency ny will now be given by 

. H+F, =kn,°, $ 
Thus F, =k(n,*—n*) and F,=k(n,?—n?). 


SASS ANSE 


IW WIE i 


N 
N 
N 
À 
N 
À 


Experimentally, 1° —7° ; d? 
p y miz found to equal dii 
Therefore Fi n?n d3? ^ (44.3) 


2 i 
or FoF, “a2 ETE 
This verifies the law of inyerse squares. 
(3) Hibbert's Magnetic Balance—The apparatus consists of a 
magnet NS usually of a ball-ended type and one metre in length 
which is fastened to a metre Scale and is pivoted on 
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wooden stand T by means ofa pin passing through a hole in the 
middle (Fig. 74). Another long magnet may be placed at any position 
by means of a suitable clamp. A light aluminium scale pan of known 
mass can be placed anywhere on the metre scale. Small brass 
weights can be put on the pan, whenever required. 

The adjustable magnet is fixed by a clamp in such a way that its 
south pole is vertically below the south pole of the magnet NS, but its 
north pole lies along the axis of NS ; the first position of the magnet 
is indicated by N,S,. Due to repulsion the pole S tends to be lifted 
up ; but this is prevented by puttinga load W and adjusting the 


Fig. 74—Magnetic Balance 

position of the scale pan at B so as to restore the balance. The force: 
due to N, on the magnet NS is horizontal and so it contributes 
nothing to the vertical force due to S,. The distance between S and 
S, in then measured ; call it dı. Let the distance of the hook of the 
scale pan from the fulcrum be /,. Next the magnet is placed in the 
position NS. and the scale is made horizontal by sliding the same 
load W at a distance l, from the fulcrum. Let the distance SS, be 
d,. It is experimentally found that /,d,?—],d,? which proves the 
inverse square law of forces. : 

To prove the relation consider the equilibrium of the magnet NS, 
of length 2/ when the south pole of the deflecting magnet is at S, at a 
distance d, vertically below. If the force of repulsion at a distance 
d, be F,, then taking moments about the fulcrum,.we get 


F,x/=Wx\;, or P= xl where / is half length of magnet NS. 
Again when the south pole isat S, at a distance d; vertically 
below and if now the force of repulsion be F; at a distance dz, then 
for a similar reason, 
F,xl2Wxls, or F,= xl. 
Ee... (44.4) 


Since W/I is constant, it readily follows that ; Fin 
E 2 l 2 
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2 > 
If, now, the inverse square law is valid, i.e., if Esa it follows 
2 1 


dw d el 2 
that nm dr or hd. =l,d,*. 

(4) Coulomb's Torsion Balance—The apparatus consists ofa 
cylindrical glass jar E having a glass tube attached to it coaxially at 
the top (Fig. 75) The jar is graduated in degrees at its middle part 
and the tube is provided with a circular scale D at the top, with 
which any rotation in degrees may be read. A bar magnet AB having 
a long pointer is suspended by a fine silver thread from the top. On 
the upper side ofthe box there is a slot, through which another 
magnet C can be introduced vertically into the jar. 


To adjust the apparatus, remove any OPH: 
magnet or magnetic’ substance from the “nay D 
vicinity of the magnet AB. Find the 
magnetic meridian with a magnetic needle 
and mark the line with a chalk pencil. By 
moving the screw-head bring the suspen- 
ded magnet accurately in the magnetic 
meridian. Rotate the top screw-head 
until the magnet is deflected through one 
degree. This measures the magnitude 
ofthe controlling force of the earth in 
terms of the torsional couple of the wire. 
Let the rotation ofthe head correspon- 
ding to 1° rotation against the earth's - 
field be 9. 


Then bring the suspended magnet 
again in the meridian and introduce the 
ded pole d the other magne: Pa : 

e slot just by the side of the former. i Bur pete 
Suppose the suspended magnet shows a 10 4150902 Place 
deflection of «°, which in terms of the torsional couple is equal to 
(«0+-4)°. For smaller value of x the distance between the two poles 
is proportional to the angular Separation. Now rotate the screw- 
head in the opposite direction, until the angle becomes «/2. Let the 
amount of rotation required for this be B? . Reduced to torsional 


couple, the value is ( BT 0 I 3 


414 
It is found experimentally that Sa T es (445) 
Lot l 


This verifies the inverse square law of magnetic forces. 
Example : 


A small suspended magnet makes 10 oscillations i 

; per minute under the 

ngenes of earth’s field alone. A bar magnet is brought, near it so as not to 
isturb the direction of equilibrium of the suspended magnet, but the magnet 
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now makes 14 oscillations per minute. What would be the frequency, if the 
bar magnet were reversed pole for pole? (U. P. B.—1953) 

A. If H be the horizontal intensity of the earth's field and m be the 
frequency of vibration ofthe magnetic needle, then H=kn®, Now according 
to the first condition. 

H=kx102, whence k—'01 xH. 

If F, be the field strength due to the bar magnet, we have 

H+F, =kx 142='01XHX196=196xH, whence F, —96xH. 

But when the magnet is reversed, let the frequency by no. 

Then H—F, —&ns?, or H—'96x H='01 x Hg, 

or 0'04—01xn3?, whence ng=2. 

., therequired number of oscillations per minute is 2. 

*45. Comparison of the Pole Strengths of two Magnets— Take 
two magnets of pole-strengths m; and my. Let their equivalent 
lengths be 2/, and 2],. Now taking a deflection magnetometer 
and proceeding as in Art 41, it is possible to compare the moments 
M, and M, of the two magnets. The value of M,/Mg is given by 
the relation (41.1). Hence as M, -22m,l, and M,—2m,l;, we easily 
find that, 

; Mi mui" Le mi che we (45.1) 

As all the terms on the right-hand side of (45.1) are known, the 
pole-strengths can be compared which is a simple ratio. . 

Determination of Magnetic Moment and Pole-strength of a 
Magnet—Take a magnet and use any method to determine the 
quotient M/H. Using the same magnet, find out the period of vibra- 
tion with the help of a vibration magnetometer. Hence from the 
relation T—2z/T/MH, calculate the product MH. Now knowing 
M/H and MH, M can be determined. (H also can be determined). 
Find the two poles of the magnet as in Art, 26 and measure the 
length between the two poles. Let it be2/. Then M=2ml, from 
which m may be calculated. For details vide Art. 44. 


EXERCISES ON CHAPTER IV 


Reference $ 
Art. 32 1. Obtain an expression for the intensity of the magnetic field 
at a point on the prolongation of the axis of a magnet. 5 

4 (U. P. B.—1953 ; E. P. U.—1953 ; Nag. U.—1962) 

Art, 32 2. Find an expression for the magnetic field at a point on the 
equatorial line of a magnet and give the C.G.S unit for the field. 

(Del. H. S.—1954 ; Mys. U.—1951,'62; P. U.—1952 ; 

Nag. U.—1960 ; U. P. B.—1963 ; Raj. U.—1954) 

e of strength 40 units 


situated at a distance of 50 cms. from each end of a magnetised 


needle whose length is 20 cms., and strength of pole is 30 C Ssa 


Art, 32 3. Find the force on a magnetic poli 
units. 
A. 0°0192-dyne. E 
Art. 32 4. There is found a neutral point on the prolongation of the 
axis of a bar magnet at a distance of 10 cms. from the nearest pole. 
Jf the length of the magnet is 10 cms, and H=0°36 C.G.S., find the 
pole-strength of the magnet. (Utk. U. —1952) 
A. 48 C.G.S. units. 
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5. A magnet, 8 cms. long, is placed horizontally in the magnetic 
meridian with its, north pole pointing north. It is the found that 
there is a neutral point 5 cms. from the middle of the magnet. If 
the magnet is turned through 180° where will the new neutral 
point be ? _ (Pat U.—1963) 

Ans. About 9 cms, from the centre along the axis, 


6. The neutral point is found at a distance of 30 cms. from the 
centre of a bar magnet of length 10 cms. along its axis. If the 
earth's horizontal component of magnetic intensity —0'3 gauss, find 
the pole-strength of the magnet. (E. P. U.—1953) 

Ans. 3828 units. A 

7. Find an expression for the potential at a distance d cm, from 
the centre of a barmaget of length 2/ cms. at the end on position of 
the magnet. What is its unit? 

8. Find an expression for the intensity at any point, whose 
distance is too large for the equivalent length of the magnet. 

9. A short magnet whose magnetic moment is 1000 erg/cersted 
is placed in the earth's field with its north pole pointing south. If 
the earth's horizontal field be 0:31 gauss, find the distance at which 
the two fields are equal and opposite. 

Ans. 18'6cm. 

10. Find an expression for the potential at any point due to a 
short magnet. Give the unit of potential in C. G. S. units. What is 
a magnetic dipole ? 


11. Derive the Tangent Law and state the necessary conditions 
under which it is applicable. (Raj. U.—1953, *54) 
12. A bar magnet. 20 cms, in length, is placed with its south 
pole pointing north. The neutral points are situated at a distance 
of 40 cms. from the centre of the magnet, Find the pole strength. 
(H—0:32 gauss), (U.P.B.— 1945) 
Ans. 450 C.G.S. units. 


13, Describe a deflection magnetometer and show how you 
would use it to compare the magnetic moments of two magnets. 
Explain how the source of errors can be eliminated. 

(Del. U,—:941. Cf. '52; Dac. U.—1963 ; C. U.—1954 ; 
Raj. U.—1955: Nag, U.—1954 ; Cf. Pat. U.—1955, '56 ; 

14, A short magnet, 20 cms. to the west of a compass needle, 
deflects it through 45*. Find the magnetic moment of the magnet, 
the yalue of the earth’s horizontal field being 0°34 C. G. S. unit. 


(Del. U.—1955) 

Ans. 1360 C.G.S, 

15. A bar magnet, 10 cms. long, is kept with its N-pole pointing 
north. A neutral point is found at a distance of 8 cms. from each 
of the poles of a magnet. Calculate the pole-strength of the 
magnet, if the horizontal component of the earth’s field is 0°35 
gauss. (Raj. U.—1948) 

Ans. 17'9 units. 

16. Describe an experiment to compare the magnetic moments 
of two magnets, 5 


17. A magnet has a magnetic moment of M.C.G.S. units. The 
earth’s horizontal intensity is H.C.G.S. units, How can you ex- 
perimentally determine the ratio M/H. 


18. Two bar magnets are put together side by side and suspen- 
ded so as to oscillate in a horizontal plane. The time of complete 
oscillation is 12 secs, when like poles are together, and 16 secs. 
when the direction of one magnet is reversed. Compare the mo- 
ments of the magnets. (U.P.B.—1955) 

Ans. 25;7 


CHAP, IV 


Art. 32 


Art. 32 


Art. 33 


Art. 34 
Art, 32 


Art. 35 


Art, 37 


Art. 38 


Art, 39 


Art. 39 


Art, 39 


Art. 40 


Art. 40 


Art, 4] 
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Reference 

Art, 32 , 19. The field intensities at the points of a bar magnet at 
distances of 10 cms, and 20 cms, respectively from the centre at the 
end-on position are in the ratio of 12:5 to 1. Find the distance be- 
tween the poles of the magnet. 
Ans. Scms, 


Art. 41 20. Describe a method of comparing the intensities of magnetic 
fields, (Pat. U.—1958, '61) 


Art, 40 21. Iftwo combined magnets make two vibrations per minute 
when suspended by a long silk fibre, but thirty vibrations per 
minute when one ofthe magnets is reversed, calculate the ratio of 
the magnetic moments. (B.H.U.—1950) 
Ans. 113: 112, 

Art, 41 22, Describe a vibration magnetometer and explain how it is 
used to compare the strengths of two magnetic fields. 3 

(E. P. U.—1952 ; Utk. U.—1953 ; And, U.—1951), 

Art. 42 23. State the inverse square law of magnetic forces, How do 
you test the validity of this law by comparing the fields due to a 
small magnet in end-on and broadside-on positions ? 

(Del. U.—1961 ; Cf. Raj. U.—1953) 

Art, 42. 24. Describe an oscillation magnetometer giving a sketch and 
explain how it can be set up. How wi, you use it for verifying the 
inverse square law of distance for the magnetic forces ? 

(Utk. U.—1961 ; Raj. 'U.—1952) 


Art, 42 25. A compass needle makes 30 oscillations per minute in the 
earth's field. When a bar magnetis placed near it so as not to 
alter the: direction of the needle, it makes 40 oscillations per 
minute. How many times willthe reedle oscillate in a minute, if 


the magnet is reversed ? (Utk. U.—1953) 
Ans, 142. 
Art, 43 26. How would you prove experimentally that the force of 


attraction or repulsion between two magnetic poles varies inversely 
as the square of the distance between theni ? 
(Gau, U.—1955 ; Cf. Utk. U.—1954 ; U, P. B.—1961 ; C,U.—1960) 


Art. 43 27. Two magnets are placed parallel on the stirrup of a vibra- 
tion magnetometer with their like poles together and this combina- 
tion is found to make 20 vibrations per minute, When the magnets 
are placed with unlike poles together, these vibrations are reduced 
to 10. Calculate the ratio of their magnetic moments. (U.P.B.— 1940) 


Ans. 5;3 


CHAPTER V 
TERRESTRIAL MAGNETISM 


46. Magnetic Elements of the Earth—It has already been stated 
in Art. 4 that the earth behaves as a huge magnet with its magnetic 
poles nearly coinciding with the geographical poles. Like a Ape 
therefore, the earth would have its magnetic lines of force Sine : 
around it. Further, remembering that the true north magnetic pole o 
the earth is somewhere near the geographicalsouth pole, the magnetic 
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lines of force due to the earth would extend approximately from the 
geographical south to the northerly direction. The poles are so far 
removed from each other that these lines of force over a small 
region of space run nearly parallel to each other. 


We can investigate the nature of magnetic field of the earth at 
any locality by measuring the three following quantities.— 

(i) Declination (or Variation) is 
defined by the angle between the 
earth's magnetic and geographical 
meridians. Fig. 76 represents a 
magnetic needle NS freely suspend- 
ed and balanced horizontally on a 
pivot. When it comes to rest, the 
direction NS represents the magnetic 
north and south. The vertical plane 
passing through this line represents 
the magnetic meridian. HH is a 
horizontalline drawn through the 

` axis of suspension in the direction 
of the geographical north and south. = M 
The vertical plane passing through d 
the line HH is the geographical 
meridian. The angle between these Fig. 76—Magnetic needle 
two planes is called the declination at the point passing through the 
axis of suspension-of the magnet. 


(ii) Inclination (or Dip ) is defined by the angle between the 
resultant intensity of the earth’s magnetic field passing through 
a point and the horizontal line through that point drawn along 

` the magnetic meridian. In Figure 77 a magnetic needle is suspended 
accurately at its centre of gravity, se that it can freely rotate in 
a vertical plane. If now the plane of rotation is made to coincide 
with the magnetic meridian the needle points 
along the direction of the resultant intensity 
of the earth’s magnetic field. Let the dotted 
line denote the horizontal line passing 
through the axis of suspension of the needle 
parallel to the magnetic meridian. Then the 
angle between the axis of the needle and this 
horizontal line is a measure of the dip. 


(iii) Horizontal Intensity is the compo- 
of the earth’s resultant magnetic field at a 
point in a horizontal direction. Let OD in 
Figure 78 denote in magnitude and direction 
the resultant magnetic intensity at O and let 
$ OM be the line of intersection of the hori- 
Fig. 77—Dip needie zontal plane and the magnetic meridian 
at the point of observation O. If OD =I representing the resultant 
intensity in magnitude and direction and the / DOM —6, then the 
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horizontal component OB of the earth’s field is I cos which is 
generally designated by H. The vertical component V of the earth’s 
field is I sin 0 which is equal to OC. These three quantities having 
been known, every other information regarding earth’s magnetism 
may be obtained from them. For such reasons these are- called 
magnetic elements. 

Figure 78 is also a representative diagram illustrating all the 
three magnetic elements existing simultaneously at a point. OG 
represents a horizontal line through the axis of suspension of the 
magnetic needle at O in the direction of the geographical north and 
south, just like the line HH of Figure 76. OM gives the magnetic 
axis of a horizontally suspended magnet, which is the corresponding 
line NS of the same figure. The angle < between these two lines (or 
between the vertical planes passing through these lines) is the angle 


of declination. 


The line OD gives the direction of the 
resultant intensity of the earth’s magnetic 
field passing through O. Hence if a magnetic 
needle freely suspended at its centre of 
gravity be placed at O, its axis would point 
the direction OD just like the position of the 
needle as in Figure 77. The horizontal line 
OM, corresponds to the dotted line of 
Figure 77. The angle 0 between the resultant 
intensity OD and the horizontal line OM gives 


Fig. 78 the dip atO. The dip can be directly read 
from the scale Sc of the dip needle as shown in Figure 77. 
Examples : 


A magnet makes 12 oscillations per minute ata place A, where H=0'32 
gauss. It is found to require 4 seconds per oscillation at another place B. If 
the dip at the second place B is 45°, calculate the vertical intensity of jhe 
earth’s field at B. (Nag. U.—1952) 

Ans. If the frequency of oscillation per minute is 12, the period of vibration 
is S seconds. IflandM be the moment of inertia of the magnet about the 
axis of suspension and magnetic moment, they by eqn. (42.1). 


Jx 1,.25x:3 
in| o whence M' m s uc GA) 
If the horizontal intensity at B be Hx, we have in a like manner 
Re 1_16xH, 
ms 4, whence si res, 02) 


Comparision of (1) and (2) leads to 16xH4-25x'32, whence H,=0'5 gauss, 
Now the dip angle @=45° and Hy =I cos @, I being the resultant intensity, 


I 7 
F or I-(05x V2) gauss. l 
Again the angle between the resultant intensity and the vertical intensity is 
459. Evidently, then, if V be the vertical intensity, 


V=] cos 45°= ( 05x v2) gauss=0°5 gauss. 
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47. Declination—The measurement of this factor involves the 
determination of the geographical and magnetic meridians. The 
experiment is described below. Ona 
smooth horizontal surface exposed to 
open sky fix a thin straight rod OR 
vertically and round it draw a circle 
HG of radius, say, one foot. (Fig. 79) 
When the sun is up in the sky, it 
casts a shadow of the stick. As the 
sun rises higher up, the shadow grows 
Shorter and shorter until its top 
touches the circumference of the circle 
ata point P. Mark the point. During 
the afternoon the shadow once again 
touches the circle at another point 
M. Join OP and OM and bisect 
the angle POM by the line ON. The 
vertical plane passing through the 
bisector ON gives the geographical 
meridian. During night the geogra- 
phical meridian is determined by 
Choosing a vertical plane through the 
place of observation and the pole 
star. Fig. 79 


The magnetic meridian is found by the following method. To 
eachend of a bar magnetattach vertically a light frame having a 
circular slit provided with 
cross-wire (Fig. 80). Sus- 
pend the magnet freely. 
When it comes to rest, 
look from one end of the 
magnet until the junctions 
ofthe wires at the ends 
appear to be in one line 
and then fix two pins on 
the table along this direc- 


Fig. 80—Determination of Magnetic Meridian 
tion. Turn the magnet upside down and repeat the same process. 
Join these two pairs of pin Points by two lines. Bisect the angle 
between the lines. The vertical plane passing through the bisector 


is the magnetic meridian. The reversal of the magnet is made as 
beeause the magnetic axis may not coincide with the geometrical axis 
of the magnet. The positions of the geographical meridian and the 
magnetic meridian having been thus known, measure the angle 
between them. This gives the declination at that locality. A more 


accurate method of measuring the declination is by means of a Kew 
Magnetometer ( not described in this Book ). 


48. Measurement of Dip—In order to measure the dip at a place 
a very sensitive form of magnetic needle is required. This needle 
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can move freely ina vertical plane. Such an apparatus is n 
as a dip circle ( Fig 81). It consists of : ‘3 er 

(a) a graduated horizontal disc A supported on three levelling : 
screws, (b) a vertical rod B capable of rotation about a vertical 
axis, and carrying a pointer at its foot which can move over a hori- 
zontal graduated scale, (c) a graduated vertical annular disc G: 
enclosed ina box with glass covers, (d) a short magnetic needle 
NS supported on a horizontal axis B passing through its centre of” 
gravity. This needle is placed accurately at the centre of the circle on- 
agate pieces, so that it can rotate in a vertical plane with as little 
friction as possible, and (e) a spirit level fixed to the platform for : 
levelling the instrument. N 

Adjustment—(i) Make the disc at the base of the instrument 
horizontal with a spirit level by 
working levelling screws, so that the 
rod standing on its centre becomes: 
vertical. 


(ii) Rotate the graduated circle 
until the needle becomes vertical. . 
At this position the influence of the 
horizontal component of the earth's - 
field upon theneedle is nil and hence 
the plane of rotation of the needle 
is perpendicular to the magnetic 
meridian. Now read the position: 
of the pointer on the circular scale, 

(iii) Rotate the vertical circle 
about the vertical axis through 90? 
as indicated by the pointer. The 
needle is now in the magnetic 
MA meridian and it will place itself 

Fig. 81—Dip Circle along the resultant intensity of the 
earth’s magnetic field. 
(iv) Finally read the ends of the needle on the graduated circle. 
The mean of the two readings gives the required dip. — 

As the magnetic axis of the needle may not coincide with its 
geometrical axis, the readings obtained may be either slightly greater 
or less than the true value. For this reason the needle is reversed: 
on its bearing and another set of readings is taken. The mean value 
gives the dip at the place of observation. 

Example :— 
A magnet of .pole-strength 5 units and length 8 cms isfreeto turn in the 


horizontal plane. Find the magnitude of the couple required to keep itat right 
angles to the magnetic meridian at a place where the total intensity of earth’s 
field is 0'5 gauss and the dip is 60°. 
Ans. The horizontal intensity H=I cos 0—0'5 cos 60° gauss=0'25 gauss, 
Ein thec suple required to turn the magnet at right angles to a uniform 
i ity H (see Art. 24) is given by 
udis MH-2mlH —(8x 5x0'25) dynes, cm. —10 dynes.cm. 


Pt. I/M—5 


66 INTERMEDIATE PHYSIOS CHAP Y 


*49. Dip circle not in Magnetic Meridian—In the previous 
article it has been stated that when the plane of rotation of the 
needle is at right angles to the magnetic meridian, the needle assumes 
a vertical position. This fact would now be proved by a general 
theorem. 


Let OHIB represent the magnetic meridian, and let the shaded 
area OAB be the plane of rotation of the needle, O being the point of 
suspension of the needle (Fig. 82). Let á 
OB be the vertical axis, along which 
the box containing the needle can be 
rotated. Let the resultant intensity 
Iin the magnetic meridian plane make 
an angle @ with the horizontal line OH. 
Then @ is the magnetic dip at the point 
O and I cos 9 ‘is the horizontal com- 
ponent H of the earth’s field acting 
along OH. If OA is another horizontal 
line at an angle § with OH, the com- 
ponent of H along OA is H cos 8. De- 
note it by X. The axis of rotation of 
the needle is perpendicular to the line Fig. 82 
OA and so the component of H along this axis is Hsin 8, Call 


it Y. The vertical component of I acting along OB is I sin @. 
Call it V. 


Since the dip needle can only rotate along the plane AB, a force 
acting at right angles to this plane has no turning action on it. 
Hence the force Y is ineffective, If the needle makes an angle 9’ 
with OA, it is easy to see that, 


V sin 0 Ising tan 0 
Mn ru IG S $ 
X Hcos8 {cos@cosd  cosó + (4911) 


where 0 is the true dip, since tan 0—I sin 6/I cos 6— V/H. 


Now if 8—90^, that is, when the plane rotation of the needle is 
at right angles to the magnetic meridian, cos 8—0. This would 
make the right-hand side of the equation infinitely large. Hence, 


tan 0 infinity, i.e., &=90°. Hence the needle would remain vertical 
in this position. 


Let 5 be the angle between the magnetic meridian and the plane 


of rotation of the dip needle, If 6 
dips, then as shown in kiaia iy bi ees M peut 


ug CU Mer ie CORES. 
cos ô * tan? @ tan? 8 


Onnow rotating the plane of t ^, d 
observed deflection be ao” then ae a Ud a 


tan 9. tane . tang l sin?à" 
Cos(8^2-905)) —sin gr whence tan?0” tan? 
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Addition of the two relations points to 


1 + 1 _ sin?6+cos*5 ^ 1 
tan?" ' tan29" tan?ü  (an?ü 
or cot? -- cot ?0"— cot20. see (492) 


Equ (49,2) shows that if we measure the apparent dip angles 9’ and 
6" at any two rectangular positions, we can determine the true dip @ 
of that locality. 


Example :— 


Find the apparent dip shown by a dip needle whose plane of rotation is the 
geographical N—S direction at a place whose magnetic elements are as 
follows :—Declination=12°; Inclination=30° and H=0'36 oersted. Find also 
the apparent value of H along the geographical meridian, 

( Bom. U —1972 ) 


Ans. :—In accordance to equ ( 49'1 ), 8 in this case is 12° and 6-30. 
tan 9 tan 30° 05774 ,. 
tan O = os 3760s 12/70 9781 7. 202 
where by referring to a Tangent table @’=30°33' 
Again H'—H cos 8=0'36 x 0:9781 =0'352 oersted, where H'' is the apparent 
horizontal intensity in that plane, 


50. Absolute Determination of H—The experiment described herein 
offers an. opportunity of directly measuring the horizontal intensity 
of the earth’s magnetic field at any place. The experiment consists of 
two parts, In the first part take a magnetometer and place it at the 
Tan-A position, so that its arms are accurately along magnetic east 
and west. Note the positions of the pointers of the needle on the 
circular scale. Mow place a bar magnet on any arm with its axis 
pointing the needle at some distance so as to have a measurable 
deflection of the needle. Note the positions of the pointers now. 
The difference of the readings gives the deflection of the needle. Let 
the mean deflection be 8. Measure length 27 of the magnet and the 
distance d of the centre of the magnet from the centre of the needle. 


M Ads -]9* D . 
Then H Ad tan 6. ^ (5011) 
The ratio M/H may also be determined from the Tan B-position, 
in which case eqn. (40:3) should be used. Inthe second part of 
the experiment the same magnet is then suspended in a vibration 
magnetometer box and its time period is measured according to 
the direction given in Art. 42. Then 


4r?I rA 
MH = 2. (502) 
Dividing (50.1) by (50.2). we get — 
Hebron ya 2. (503) 


T(d* — 1*)F tan 0 


Thus knowing T, I, d,l,and 0,H can be found. H is expressed 
in unit of gauss. 


E 
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If the magnet employed be a rectangular parallelopiped, then 
the moment of inertia I for horizontal suspension is given by 


I Manor e Lie X (mass of the magnet). If it isa cylin- 
2 H 2 
drical magnet, then r- [Eng jain x (mass). 
12 4 

Equations (1) and (2) also give the absolute value of the magnetic 
moment M. Thus multiplying (50:1) and (50.2) we get 

a An? d* — D) tan 0 = 2rd? -P) yItan 9... (594 
M Adr . whence M = y e (50.4) 

In this case M is expressed in C.G.S. units (gauss X cm?) 


Examples : 

1. The vertical componcnt of the earth's magnetic field is 0:32 C.G.S. unit at 
a place. The dip at the place is 45°. A bar magnet of magnetic moment 1000 
C.G S. units and moment of inertia of 8000 C.G.S. units is allowed to oscillate 
on ahorizontal plane. Find the period of its oscillation. [Bom, U.—1952] 


Ans, Barth's vertical component V —0:32 C.G.S. If Q be the dip, then 
tan 9 V, or 932.1, whence H «0:32 C.G.S. 


j H H 
Next for period of oscillation ` 
T= aa a nt — 8000 seconds =(2%3'14 x 5) seconds 
MH 1000x*32 


2:314 seconds. 


2. A bar magnet of leagth 8 cm, and breadth 1 cm. is placed in tan-A posi- 
tion at a distance of 50 cm, from the needle of a deflection magnetometer and 
the deflection is found to be 30°. The same magnet is made to oscillate in a 
horizontal. plane and it is found to make 30 oscillations per minute. Find the 
magnitude of the horizontal intensity at the place of observation given that the 
mass of the bar-magnet is 60 gms. 


Ans. :—Here 9=30° and hence tan 0 —0:577 ; 2/=8 cm. 

d=50 cm. Breadth of the magnet—1 cm. 

82412 
12 

n=30 oscillations per minute ; T=2 seconds. 

. 2x314 1/2x350x325 

^ Hoxsscas| eg 


5L. Nature of Earth's Magnetism. and Magnetic Maps— 
Magnetic elements have been measured from place to place on the 
surface of the earth. The distribution of magnetic lines of force 
at various localities of the earth goes to show the earth behaves 
very nearly as a uniformly magnetised sphere. It was Dr Gibert who 
first gave us the true picture of the general character of the earth's 
magnetic field. At about 1600 A. D.he cut a spherical piece of 
loadstone and examined the distribution of. magnetic lines of force 
over its surface. He found that the distribution of dip agreed with 


I—moment of inertia = *60=325 gm. cm.2 


=0'3 oersted 


_ ERR 
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that of the earth's field. Thus he c 
t j S 5 ji oncluded that the i 
itselfa big magnetised sphere. Figure 83 represents the Enee 


Fig. 83—Lines of Force of a Uniformly. Magnetised Sphere 


of the lines of force due to a uniformly magnetised sphere. It h 
also been found that, for all practical purposes, a inissel ix A 
tised sphere can very well be replaced by a short bar magnet placed 


I MRERZA 


60 i80 160 


Fig, 84— Map showing Isogonic Lines 


atthe centre of the sphere with its polarities directed similar to 
those of the sphere. So the magnetism of the earth may be supposed 
to be due to a short bar magnet placed at its centre with its axis 
directed along the magnetic axis of the earth which is inclined at 
an angle of appreximately 17° to the earth’s geographical axis. 
Isogonic and Isoclinic Lines :—]t has been found that there are 
various localities where the magnetic elements have got an equal 
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value. The measurement is carried out periodically and the results 
are plotted on maps showing the magnetic elements of the earth at 
different localities for the year under review. Places having the same 
declination are joined on a map by a line called an isogonic line. 
These lines are. generally drawn at intervals of 10°.” The particular 
‘line, which connects places of zero declination is called agonic line. 
Figure 84 shows a world map, on whicha system of isognals have 
been drawn. . Similarly, lines joining places of equal dips are known 
as isoclinic limes. The particular line, which corresponds to-no dip, 


[Io mee 
"d y -7| Qa 
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P 
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| Fig. 85—Map showing Isociinic Lines 


is called the aclinic line or the magnetic equator. Isodynamic lines 
join localities at which the earth’s horizontal magnetic field has the 
same value. Figure 85 is another world map, on which isoclinic lines 
have been drawn. In addition to these there are Duperrey’s lines or 
lines of magnetic longitude, i.e., lines which indicate the direction of 
magnetic meridian, 


Variation of Magnetic Elements.— These elements vary not only 
from place to place at the same time, but also from time to time 


at any particular place. The following are the chief periodic 
variations: 


(a) Secular variation—The elements are found to undergo a 
gradual cycle of change over a long period, after which they 
regain their original value. These changes are maximum. 


(b) Annual Yariation—Annual changes also take place. Thus 
declination has its greatest value in February and least in August. 


(c). Diurnal variation —In addition to these regular variations, 
there is also a small daily cycle of variation. At a certain period of 


the day'the magnetic element attains a maximum and at a different 
hour a minimum. ; I 
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(d) Irregular changes—Sometimes recording instruments indicate 
sudden large disturbances, These are known as magnetic storms. 
They accompany volcanic eruptions, auroral displays, earth quakes 
and appearnce of sun-spots. 

Supposing the earth to be 

a uniformly magnetised sphere, 
the distribution of lines of 
force round it would be as 
shown in Fig 83. If a dip 
needle be placed at various 
regions on the earth‘s surface 
along the magnetic meridian 
passing through any locality, 
it would always point along the 
directions of the lines of force 
passing through those regions. 
Since at the magnetic poles the 
lines of force are perpendicular 
to the surface of the sphere, 
the dip needle would stand 
bik vay bs A 86). From a study 
of the dip the magnetic poles " 
of the earth have been located. EAS ch DECOR: 
Sir James Ross discovered the north magnetic pole of the Earth in 
the vicinity of Boothia Felixto the north of North America, at 
latitude 75°6'N and longitude 95?45'W. The South Pole was dis- 
covered at latitude 72°25'S and longitude 155°16’E, during the 
expedition of Shakleton. The magnetic axis of the earth is shown by 
the lines MN and MS, and the geographical axis by GN and GS. 


The belt of the earth's surface, having no dip, is the megnetic 
equator. The line PQ denotes the magnetic equator. The portion 
of the earth's surface from thc magnetic pole to the magnetic 
equator has been divided into 90 equal parts, and through each 
such point of division a circle has been drawn on the earth's surface 
parallel to the great circle of magnetic equator. These circles 
represent geomagnetic latitudes. 


*52. Sources of Terrestrial Magnetism—Various theories have 
been put forward to account for the origin of earth's magnetism. 
Some hold the view that the-earth is a permanently magnetised 
sphere having two polarities at the two ends, but the interior of the 
earth has a tempeature much above 800°C (Curie-point) which is the 
limiting temperature of iron at which it can remain magnetised. So 
the earth's interior cannot have permanent magnetisation. Assuming 
any magnetisation of the earth, it would be confined within the 
outer shell of the earth which is at a much lower temperature. The 
destribution of lines of force over the surface of the earth supports 
this view. Some local irregularities of the lines of force may be due 
to the existence of rocks within the earth. 
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The above theory has been extended to explain some additional 
features such as the diurnal and annual variations and the magnetic 
storms. These phenomena are believed to own their origin to the sun. 
Due to the radiation of the sun streams of electrons come down to 
the atmosphere of the earth and make it partially conducting. The 
earth's magnetic field passes through the atmosphere and due to its 
rotation induces a current init. This current circulating round the 
atmosphere at great height might be the cause of these phenomena. 

"Under spectroscopic examination the sun is found to be possessed 
-of strong magnetic field like that of the earth. The sun's external 
surface (chromosphere) has got a temperature of about 6000'C and 
inside it there is a much higher temperature. At this high temperature 
the existence of permanent magnetisation of the ferromagnetic 
substances is not possible. So the permanent magnetism of these 
heavenly bodies including the earth might take its origin from the 
rotational motion. 

53. Mariners Compass—It is an apparatus for determining the 
directions and is used by sailors or pilots. In its simplest form 
it consists of a magnetic needle firmly fixed underneath a circular 
card which is graduated in degrees as well as divided into thirty-two 
directions in a manner as depicted in Fig. 87. These are known to 
be the points of a compass needle. The axis of the needle is along 
the line joining NS, and in order to distinguish the north pole it is 
crown-marked. 

The needle with the card is supported horizontally on a pivot 
fixed vertically to the base of a hemispherical bowl B. In order to 
maintain the system always horizontal irrespective of any movement 
_ of the supporting base, the bowl is attached to an outer ring A at 
‘two diametrically opposite points, about which it can rotate. The 
‘ring in its turn is attached to a frame-work P at two diametrically 
opposite points K and L, such that the two axes of rotation are 


| Fig. 87—Mariner’s Compass 
mutually perpendicular. This is known asa gimbals arrangement 


.( Fig. 87) which prevents the card fi taki lli 
Movement of the ship. Pei gat cm Ms cae 


See Se 


| 
| 
H 


ART. 58  TERRESTRIAL MAGNETISM Y 18 


. To determine the geographical north at any locality, the declina- 

tion of the locality is found from the nautical almanac. Let it be 
&^E. It means that the crown-marked point remains inclined at 
@ to the east of true north. Thereby the geographical north is 
obtained. To ensure a reliable working of a compass needle the 
following conditions should be strictly obeyed :— 


(a) Permanence and intensity of magnetisation in the magnetic 
system: (b). Steadiness under violent vibration : (c) Coincidence of 
the magnetic axis of the suspended system with the line joining the. 
N and S points onthe card, and (d) Quick damping when any 
vibration is set up in the system. 

To meet all these conditions, therefore, the magnetic system 
should be short with a large magnetic moment and should have a 
large time-period of vibration with a high damping. Kelvin's com- 
pass almost satisfies the above conditions except the last one. The 
apparatus consists of eight small parallel needles, suspended by silk 
thread from an aluminium ring which carries the card. This system 
has a fairly large magnetic moment and time-period. To have a 
quick reading when disturbed by magnetic storms and other dis- 
turbances, a liquid compass is sometimes used. The card, which is 
made of mica, is immersed in a vessel containing a mixture of water 
and alcohol, This compass has got a high damping effect. 

Asa ship is composed of various kinds of iron, both hard and 
soft, earth’s inducing action develops both parmanent and temporary 
magnetisation in different parts of the ship. So a compass needle, 
placed in it, will be acted on partly by the earth and partly by these 
induced magnets, and as such it will point to different directions 
depending on the position ofthe ship. The effect is much compli- 
cated producing several errors on a compass needle, when the 
Ship starting from the magnetic meridian at a particular locality 
makes a complete revolution of 360°. These errors are corrected by 
properly placing permanent magnets and soft iron pieces near the 
compass needle. 


ExEROISES ON HAPTER V 


Reference 

1. Name the magnetic elements at a place and show how they Art. 46 
are mutually related. R.P.B.—1955 ; Cf. Del. U.—1951 ; 
Bom. U.—1971; Cf. Nag. U.—1961) 

2. Whatare the magnetic elements at a place? Indicate briefly Ag 


ine each one of them. 
how you would determine e tone om U.-1971; IM 


E lain Declination and Dip. Describe an experiment to Art. 48 
Wed dip. yy. (R.P.B.—1961 ; C.U.—1955 ; 
Utk. U.—1952 ; V.U.—1953, '55 ; P.U.—1962, ) 


. A magnetic needle 10 cm. long with poles at the end shows 
a AH of Av. Determine the weight which when attached no 
the upper end of the needle will keep it horizontal. Given the 
pole strength of the need]e 2105 unit poles ; H=0'525 Dead 
g=980 cm./sec.?; (Bom, U-1 ) 


Ans. 0:056 gm 
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Reference 
Art, 46 


Art. 48 


Art, 48 


Art. 48 


Art, 48 


Art, 48 


Art, 48 


Art, 49 


Art. 51 
Art, 44 
Art, 50 


Art, 46 


Art, 52 


Art. 53 


INTERMEDIATE PHYBIOS OHAP, V 


5. Explain what you mean by— ] Y 
(a) the earth’s horizontal intensity at Calcutta is equal to 
0°35 C.G.S. unit. 
(b) the declination of a place is 30*E 

and (c) the dip at Calcutta is 22°, (C.U. —1953) 
6. A magnet, 20 cms. long having a pole-strength of 50 C. G.S. 
is balanced on a central knife-edge. How must it be weighed, if it 
is to remain horizontal at a place where the angle of dip is 45° 
and the value of H is02gauss? (Assume the value of g as 1000 

cms./sec.?). Explain the steps of your calculation. 2» 
(Raj. U,—1954) 


Ans. 002 gm. at the upper end. C 

7. A magnet suspended so as to swing horizontally makes 50 
vibrations per minute at a place where the dip is 30°, and 40 
vibrations per minute where the dip is 45°. Compare the total 
intensities at the two places. (U.P.B. — 1964) 

Ans. 25: 8V3. 

8. AtA the total magnetic intensity is 0'5 gauss and the dip is 
63°, while at B the total intensity is 0'55 gauss and the dip 72°. 
Compare the horizontal intensities at the two places, (cos 72°= 
0°3090 and cos 63? —0*3748). (R.P.B.—1963 ; Pat. U.—1952) 

Ans. 0°1874 gauss ; 01699 gauss. 

9. Ifthe horizontal component of the earth’s field is 0°36 C.G.S. 
unit and the dip is 42° at a certain place, what is the total intensity 
of earth’s field at the place ? (Utk. U.—1953) 
Ans. 0'48 C.G.S. unit. 


10. Show how you can determine the magnetic meridian with 


the help of Dip Circle. (Pat. U.— 1961) 
11. Describe a dip circle. How will you use it to determine the 
magnetic inclination of a place ? (Del. U,—1960 ; 


Nag. U.—1963 ; P. U.—1960, '62 ; Del. H. S.—1961 ; 


12. What will be the value of the vertical. component ata place 
where the dip is 60° and the horizontal component is 0'2 ? 
(P.U.—1962) 
Ans. 017. 


13. Define isoclinic and isodynamic lines of the earth’s magnetic 
field. : (Gau.U.—1953 ; Dac. U.—1962) 
14. Describe with necessary theory a method of determining the 
horizontal component of the earth's magnetic field at a place. 
(Bom. U—1971 
15. What do you mean by 'H' of a place? How will vie 
determine it in the laboratory ? (Gau. U.—1953 ; Raj. U.—1961 ; 
3 E.P.U.— 1953 ; Del. H.S.—1963; Nag. U.—1971) 
16. Explain what observations are necessary for the deter- 
mination of total intensity of earth’s magnetic field at any given 
bi ca (U.P.B. —1960) 
ë en a dip circle is accurately set along magnetic meridian, 
the needle makes 30 oscillations rer minute. If the dip circleis now 
turned about its axis through a right angle and the needle is made 
to oscillate again, it makes 20 oscillasions per minute. Calculate 
the vertical intensity at the place ; given H—0'36 dynes/unit pole. 
- (Bom. U—1971) 
Ans, :—0'18 dyne/unit pole, ` 
, 18. Describe a mariner’s compass and state its use in deter- 
mining directions, (Cal. U,—1953) 


——— ——À— z 


y LE vU LI» P 
(o oc 


É ; F 
jg 
Wg X da. P 
MEG, 


STATICAL ELECTRICITY 


CHAPTER 1 
SIMPLE ELECTROSTATIC PHENOMENA 


1. Electrification by Friction—It we take substances such as 
glass, ebonite, resin, etc., and rub each one with flannel or silk, we 
find that the rubbed materials acquire the property of attracting 
light objects such as small pieces of paper or cork. This attracting 
property was first discovered in a rubbed amber by Thales of Miletus 
as early as 600 B. C. The greek word for amber is electron from 
which the name electricity is derived. Rubbed bodies acquiring this 
attractive property are said to be electrified or charged. Electricity 
so produced by friction is called Frictional or Statical Electricity. 


2. Two kinds of Electricity—C. F. Du Fay of France (1696- 
1765) discovered in 1733 that electricity developed on various bodies 
may be divided into two classes. The experiment may be done in 
the following way :— 


Take a dry rod of glass and rub it thoroughly with silk, Now 
suspend it with a silk thread. Take another rod of glass and rub it 
also with silk. Hold this rod near the suspended rod. Observe that 
there is a repulsion since the suspended rod moves away. As because 
both the glass rods were similarly treated, we assume that the elec- 
trical charges on both are similar and so we conclude that similar 
charges repel each other. 

Now take a rod of sealing wax or hard rubber and rub it with 
flannel. Take this rod before the suspended glass rod which is 

- previously electrified. Observe that there is now an attraction. So 
we conclude that the electricity developed on the sealing wax or 
rubber is of a different nature. Experiments with various electrified 
bodies demonstrate the following properties :— 


(a) Certain electrified bodies repel each other. Their charges are 
of a similar nature. (b) Certain other electrified bodies attract each 
other. Their charges are of a dissimilar nature. 

The kind of electricity generated on glass by rubbing with silk 
is called positive electricity and the electricity generated on sealing 
wax when rubbed with flannel is called negative electricity. Electri- 
city generated on various bodies belong to one class or the other. 


3. Repulsion is a Surer Test of Electrification—To test 
whether or not a body is electrified, we can do the following experi- 
ment. With a silk thread suspend the body under examination. 
Bring a charged body near it. If there is attraction, we conclude 
that the suspended body is either neutral or oppositely charged. 
So our conclusion is not definite. But if there is repulsion, we can 
definitely say that the electrification of the suspended body is 
similar to that of the body brought near it. For this reason we 
conclude that repulsion is a surer test of electrification. 
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Examination of the nature of Charge—In order to investi- 
gate the nature of the charge on a body the following experiment 
is performed. By means of an unspun silk thread suspead a glass rod 
rubbed with silk. At a fairly large distance suspend in a 
similar way another rod of a sealing wax rubbed with flannel. 
Bring successively a number of charged bodies near the two sus- 
pended rods, and sort them into two classes according as they are 
repelled by the glass rod or repelled by the sealing wax rod. The 
former group is positively charged, while the latter is negatively 
charged. 

4. Positive and Negative Electricity—The kind of electricity 
developed on a body depends upon the nature of the substance 
with which that body is rubbed. For example, when a glass rod is 
rubbed with silk, the former is positively charged. But when it is 
rubbed with flannel, it becomes negatively charged. Similar is 
the case with other substances. Thus the nature of electrification 
depends upon the nature of the rubber and the rubbed. 


The following is a list of substances, arranged in order such 
that if any two of them be rubbed together, the one occuring 
earlier would be positively charged, and the other negatively charged. 


Fur Glass Wood . Amber 
Flannel Paper Metal Sulphur 
Shellac Silk India Rubber Ebonite 
Sealing Wax Human body Resin Guttapercha 


For example, take three substances fur, sealing wax and silk from 
the list. If fur and sealing wax be rubbed together, fur would be 
positively charged and sealing wax would get negative charges. But 
if sealing wax be rubbed with silk, sealing wax would be positively 
charged and silk would get negative charges, 

5. Conductors and Insulators—In course of a series of 
experiments Willam Gilbert in 1600 A. D. found that many 
substances, chiefly metals, did not show the presence ofany electri- 
cal charge. He called these non-electrics. On the other hand, 
substances, which could be easily charged, were called electrics. 
Afterwards it was found that with suitable precautions all substance: 
could be charged to a more or less degree. ‘ 

Hold a brass rod in hand, rub it with fur and test its charge. It 
would be found that the rod retains no charge. Now mount the 
brass rod on a glass handle and holding by the glass handle, rub 
the brass rod with fur. It would now be found that the rod attracts 
small pieces of paper showing that it has been electrified, The 
nature of the charge is negative. Now touch the brass rod with 
hand. It would be found to have been completely discharged. 


The electrified brass rod, when touched with fingers, loses all its 
charge, because the charge developed on brass escapes to the earth 
through the hand and the body of the experimenter. This suggests 
that there are some substances, which allow electricity to pass 
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through them. There are some other substances through which 
electricity cannot. flow. Thus with regard to electrical properties 
we may classify them into :— 

(i) Bodies which allow electricity to flow through them almost 
freely. These are called conductors. Metals, charcoal, acids, human 
body, earth, etc., are all conductors. 

(ii) Bodies which offer a very great resistance to the flow of 
electricity through them. These are called non-conductors or insula- 
tors, for example—oil, sulphur, resin, glass, porcelain, ebonite, etc. 

and (iii) Bodies which can be placed intermediate between 
conductors and insulators. They offer a moderately high resistance 
to the flow of electricity but do not altogether prevent its flow. They 
are called semi-conductors, e.g. silicon, germanium, etc. 


It is evident from such considerations why Gilbert was not able 
to detect the presence of any charge on metals. While he attempted 
to charge a metal, the electricity escaped every time to the earth 
through his body, as he held it with hand while rubbing. 


6. Sharing of charge by Conductors—Mount a rod of brass on 
glass handle. Rub the metal part with flannel by a single stroke. 
Bring the rod before a suspended ebonite rod rubbed with flannel. 
A repulsion would be observed. This shows that the brass rod is 
charged negatively. Bring another metal rod similarly mounted and 
make it touch the brass rod. It would be found on examination that 
the second metal rod also is charged negatively. This shows that by 
contact electricity from one conductor can move to the other, char- 
ging it thereby. This process of charging by contact is called electri- 
fication by conduction. If an insulated charged conductor be touched 
or connected by a wire to earth, all its charge goes to earth and it 
would be found that it is completely discharged. 


Bring a rod of ebonite, touch the charged brass rod with it 
and examine its nature of charge. It shows no sign of electrification. 
Then rub the ebonite rod with flannel. It is charged negatively. 
"Touch it with fingers at some point. Observe that it is not dis- 
charged. We thereby conclude that electricity can move freely 
through a conductor, but that electrical charges cannot move 
through an jnsulator. 

7. Electroscopes—These are apparatus for the detection of small 
charges and they are of two types : 

(i) Pithball electroscope—It consists of a small ball B of pith 
suspended by silk thread from a suitable stand (Fig. 1). The ball is a 
conductor of electricity. Also, it isso very light that a small force 
can displace it. It may be used for: 

(a) Detection of Charge—Bring a charged rod R near an un- 
charged pithball (Fig. 2). The pithball is first attracted and. then 
after touching the body, itis repelled (Fig. 3). The attraction is 
due to the electrical action between the charged body and the 
pithball acting as an uncharged body. By contact a portion of the 
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charge ofthe body is transferred to the pithball. Then there is 
the repulsion between like charges. 


. (b) Examination of the nature of Charge—Charge the pithball 
with, say, positive electricity and bring it near the body under exami- 
nation. Tf there be an attraction, the body may be either charged 
negatively or uncharged. But if there is a repulsion, it is at once con- 
cluded that the charge to be examined is positive. Charge the elec- 


troscope negatively and examine a negative charge in a similar way. 
Sammen 


& Fig. 1 Fig. 2 Fig. 3 

(ii) Gold-leaf Electroscope—A more sensitive type of apparatus 
isa Gold-leaf Electroscope which consists of a brass rod A having 
at its upper end a brass disc D (Fig. 4) Atthe lower extremity of 
‘this rod two very thin light leaves of gold (L, L) are attached. The 
mouth of the jar is tightly stoppered by ebonite, plastic or any other 
non-conducting material. Just opposite the leaves inside the jar there 
are two tin foils tt, connected to the base of the 
instrument. To keep the air, dry and thus to 
prevent leakage of electrical charge from the 
leaves, the instrument is dried in open 
sun or by an electric heater. In making 
experiments the base is connected to the earth. 
The instrument is used for either of the follow- 
ing purposes : 

Detection of charge— Bring body near the 
disc of the electroscope. If the leaves diverge, 
the body under examination is electrified. 

Examination of the nature of Charge— 
Charge an insulated brass rod (say, negatively) 
and bring it near the disc of the electroscope. 
Observe that the leaves gradually diverge 
(see Chap. II). Finally touch the disc with ^ pig. 4—Gold-leaf 
therod. The divergence would be very large electroscope. 
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and would remain fairly constant, At this stage the electroscope is 
charged negatively by conduction, Take away the rod. 


Now near the disc bring slowly the body to be examined. If the 
divergence increases, the body is negatively charged. If, on the 
other hand, divergence diminishes, it is either positively charged 
or uncharged. Discharge the electroscope by touching with finger, 
whereupon the leaves are found to Collapse. Now bring the body 
near the disc. If the leaves diverge, it is positively charged. If 
there is no action on the leaves, it is uncharged. 


A still more sensitive type of electroscope consists of a metal 
rod, at the lower end of which a thin metal leaf is attached (Fig. 5). 


and this metal leaf moves over a graduated cir- Fig. 5 

cular scale. The advantage of this type is that if once the instrument 
Calibrated is with known amounts of charges, then from an observed 
deflection an unknown charge ( or more commonly, an unknown 


Fig. 6 effect, the charges are equal and opposite. 


9. Theories of Electricity—In order to explain various experi- 
mental observations in electricity the following theories have been 
proposed from time to time. 
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One fluid Theory—The earliest theory was put forward by 
Benjamin Franklin (1706-1790) of America during the middle part 
of the eighteenth century. He proposed that electricity is a. kind of 
indestructible, subtle and weightless fluid. The fluid is present in 
all bodies to some requisite limits. When a body is uncharged, 
the fluid lies in a normal quantity. Any excess of it mani- 
fests as a positive charge, and any deficit as a negative charge. 
The process of rubbing involves the transference of the fluid from one 
body to another ina manner something like squeezing. Since the 
fluid is assumed to be indestructible, the amount that comes out of 
one, shows as an excess in the other. From such an assumption 
Franklin had no difficulty in proving that when two bodies are 
rubbed so as to generate electricity, the excess positive charge on one 
body is exactly equal to the excess negative charge on the other body. 
Later on, the one fluid theory was discarded in favour of a more 
rational explanation by the two-fluid theory. t 


Two-fluid Theory—Du Fay and Robert Symmer (1709-1776) 
conceived that there are two kinds of fluid having opposite charac- 
ters corresponding to the two kinds of electrification. In the charged 
state of a substance the two fluids lie in equal quantities neutralising 
each other. When a body is positively charged, the positive fluid is in 
excess and vice versa. In the process of rubbing, the positive fluid 
from one is transferred to the other. Thus the body exhibits a 
deficit of this fluid, as the other one is in excess of it. Thus equal 
development of electricity by friction could be explained. But this 
theory involved the hypothesis of two electrified fluids and as such 
it was more complex. Nevertheless these two theories were preva- 
lentup to the end of the nineteenth century. Both the theories 
stated above, are of historic importance only and are obsolete at 
the present time. 


Electron Theory—According to the electron theory, built up 
by J.J. Thomsom (1856-1940), Rutherford (1871-1937), Bohr (1885- 
1962) and others between 1896 and round about 1913, an atom of an 
element consists of a densely packed mass at the centre, called nucleus 
and a certain number of elementary particles called electrons revolv- 
ing round the nucleus. The picture of an atom is like that of the 
solar system, in which the sun corresponds to the nucleus and the 
planets to the revolving electrons. But while the sun and the planets 
are all electrically neutral bodies, the nucleus and the electrons are 
not so. The nucleus is always found to have some positive charge, 
and the electrons to have negative charge.* All the electrons have an 
identical negative charge. Under ordinary circumstances the positive 
charge ofthe nucleus is equal to the total negative charge of the 
electrons, so that an atom as a whole is electrically neutral. 


* It will be subsequently seen that the negative charge associated with an 
electron is 4:802x10-!? of an eletrostatic unit of negative charge. Hence the 
charge of a proton is 4:802x 10-19 of an electrostatic unit of positive charge. 


Pt. H/M—6 
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Since there is an inherent attraction between positive and nega- 

a tive charges, there must be an. attraction 

™s,. between an orbital electron and the nucleus 

N ofan atom. Had an electron been at rest, 

© , it would have come. towards the nucleus 

a =- . due to the electrical forces of attracion. But 

S04: 240 RT" because an electron revolves round the 

Fig. 7—Hydrogen nucleus, the electrical force of attraction is 

Atom compensated in supplying the electron with 

the necéssary centripetal force for rotation and no residual force 

is left to drag it towards the centre. This explains the equilibrium 

of the electrons and the nucleus in an atom. Figure 7 shows the 

picture of an ordinary hydrogen atom, which consists of a nucleus 
called a proton and a single orbital electron. 

In heavier atoms, the nuclei consist of a certain number of pro- 
tons and a certain number neutrons firmly packed together in a very 
small space at the centre of the atoms. A neutron is electrically 
neutral but it has a mass almost equal to that of a proton, which is 
about 1840 times that of an electron. But as a general rule it is 
observed that as the atomic weight of element increases, its nucleus 
becomes heavier containing a larger number of protons and neutrons 
in combination, But the positive charges of the nucleus whatever be 
their masses and charges, are always multiple of a protonic charge. 
Therefore to make an atom electrically neutral some required number 
of electrons equal to the number of protons must have to rotate 
round the nucleus in same or different orbits according to Bohr's 
modified theory. 

The electronic orbits are systematically arranged within the atone 
of the elements. An electron moving in a particular orbit possesses 
a fixed amount of energy. It can be proved that an electron having 
an assigned amount of energy can move either in a circular path or 
in a number of elliptic paths round the nucleus. In fact, if we move 
through the elements from the lowest to the highest atomic weight, 
we find that almost a systematic arrangement of the electrons is. 
repeated after a given order of atoms. ] 

In some elements the electrons at the.farthest orbit are most 
loosely bound to the nucleus of the atoms. Such elements are con- 
ductors. Figure 8 shows 
the nature of a copper 
atom consisting of twenty- 
nine orbital electrons 
revolving round the posi- 
tively charged nucleus. 
The electrons are indi- 
cated by dots over cir- 
cular paths, or shells, 
Note the arrangement 

. of electrons in the shells. COPPER ATOM SULPHUR. Atom 
The innermost shell con- x 3 
tains two electrons. The ES SEE 
next shell contains eight, the next shell contains eighteen and the | 


i 
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outermost shell only one. Elements consisting of atoms each con- 
taining a single electron at the outermost orbit, are generally good 
tonductors. Metals which are good conductors, possess a number of 
loosely bound or almost free electrons roaming about within the 
interatomic spaces. One form of arrangement makes all the electrons 
very firmly held to the nucleus. Figure 9 shows the mature of an 
atom of sulphur. The outer shell contains six electrons. Blements 
eonsisting of atoms, in which all the electrons are firmly bound. to 
the nucleus are insulators. 


It may not be out of place to mention that the eleetrons moving 
around the nucleus overa shell’ are found to have Slightly different 
orders of energy. So we 
divide an outer shell into 
a number of sub-shells 


ororbits according to the 

numbers of energy ranges. M 

The' shell nearest to the N 
NEE d 


nucleus is called the K- 
shell, whose containing 
capacity is twoelectrons, 


The next higher shellis _ i 
called L-shell which can Fig. 10—Magnesium Atom Fig. 11—Oaygen Atom 


accommodate 8 electrons; but it has two sub-shells. The next 
higher shell is M-shell which an accommodate 18 electrons 
but it has three sub-shells and so on. Fig. 10 is the picture of the 
magnesium atom having 12 rotating electrons, 2 in K-shell, 24-6 
in L-shell and 2 in M-shell. It isa fairly good conductor of electri- 
sity, the outermost pair of electrons transport the conduetion. Fig. 11 
is the picture of Oxygen atom contatning 8 orbital electrons, 2 in 
K-shell and 2+4 electrons in L-shell firmly bound together. So it is 
ordinarily a non-conductor of electricity. 


10. Explanation of Electrification by Friction— Consider, for 
example, a rod of glass and a piece of flannel. Before rubbing, let 
these two be uncharged ; this means that atoms of either substance 
are electrically neutral. Hence the substances do not individually 
show any evidence of electrification. 

When they are rubbed together, a few electrons from the flannel 
enter the glass surface, The piece of flannel now falls short of the 
required number of electrons necessary to make it electrically neutral ; 
hence it becomes positively charged. The glass rod, on the other hand, 
has got an excess of electrons, and consequently it becomes i ies 
charged. Thus in the process of rubbing there is a migration of loose! 
bound electrons from one substance to the other, As a result of this 
the one, which runs a deficit of electrons, shows evidence of positive 
charge, which is equal and opposite to that of the other which has a 
surplus of the same number of electrons. It should be borae in mind 
that due to interatomic forces the atomic nuclei are firmly bound to 
one another in any substance and that they do not take part in the 


process of electrification by friction. 
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ExEnOISES ON CHAPTER I 


Reference 
Art. 1 1, What do you mean by the statement that a body is electri- 
cally charged ? When you electrify a glass rod by rubbing it 
against flannel, what is the source from which the electrical 
; energy is obtained ? (Pat, U.—1954) 
Art, 2 2. Explainclearly the reason for the name ‘two kinds of 
electrification’ given by the ancients. Why have these names 
been changed into ‘positive’ and ‘negative’ ? (Pat. U.—1958) 
Art. 3 3, Explain clearly the statement that repulsion is a surer 
test of electrification. (Dac, U.— 1948) 
Art. 7 4. Describe the construction and use of a Gold-leaf Elec- 
troscope. (Pat. U.—1953 ; C, U —1950 : Dac. U,—1959 ; 
Utk. U.— 1953 ; Del. H. $.—1960) 
Art, 7 5- Write a note on electroscope. (Del. H, S.—1966) 
Art, 8 6. How would you show that electric charge produced on an 
ebonite and a piece of flannel when they a.e rubbed together are 
equal in magnitude but opposite in sign ? 
(Utk U.—1953; C. U —1955; Cf. Del. H. S.—1947, '58 ; 
Dac. U.—1963, 43 ; Cf. Pat, U.—1952 ; V. U.—1954) 
Art. 9 7. Writean essay on Theories of Electricity with special 
reference to conductors. 
Art. 10 8, Whatisan electron? Explain with its help the pheno- 


menon of electrification by friction, (V.U.—1952, *54 ; C.U.—1953) 


` CHAPTER Il 


ELECTROSTATIC INDUCTION 


* 

11. Proof pfane—It has already been stated that a body, whether 
a conductor or an insulator, may be charged by 
friction and that if it is a conductor, it may be 
charged by conduction also. To examine the 
nature of charge on a conductor a very simple 
device, called a proof plane, is commonly used. 
It consists of a small copper or brass disc 
connected to an insulating handle (Fig. 12). To 
use it the proof-plane is made to touch the 
conductor to be examined, whereby it acquires 
a similar charge by conduction. Then it is 
brought before an uncharged electroscope. If 
there is a divergence of the leaves, it shows the 
rend Shade on the conductor. The proof 
plane here acts as a Carrier of electricity. Tw. [ 
Bee showy in io Bae y. Two types of proof plane 


Electrostatic Induction —The mere presence of a charged body 
produces a separation of charges on a conductor placed nearby. This 
is called Electrostatic Induction. To Show the effect of induction, 


Y 
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bring a glass rod A rubbed with silk before i 

metallic conductor BC (Fig. 13). efore an insulated uncharged 
Touch the end B with a proof- 
plane and bring the latter before 
an uncharged electroscope. Ob- 
Serve that leaves diverge. This 
Showsthat the end B is charged. 
Discharge the proof-plane and re- 
peat the same process with the 
end C. This time also the leaves 
diverge ; hence the end C also is 1 
charged with electricity. But on Fig. 13—Electrostatic Induction 
examination of the middle portion of BC, no charge can be detected. 

The electricity, thus developed at the ends of a conductor, -due to 
the presence of a charged body is called induced charge, while that on 
the charged body is the inducing charge. The phenomenon as a whole 
is called electrostatic induction. The middle part of the induced body, 
where there is no electrification, is called the neutral region. 

Nature of the Induced Charge—Make an arrangement of apparatus 
as in the preceding experiment. Touch the end B with the proof- 
plane and bring it near a gold-leaf electroscope charged negatively. 
An increased divergence indicates that the charge on the proof-plane 
is negative. Hence due to the inducing positive charge on A, the 
nearer end of the conductor BC acquires negative charge. Next dis- 
charge the proof-plane and touch the end C withit. Bring it near 
the disc of a positively charged electroscope. An increased divergence 
of the leaves shows that the end C has a positive charge. 


On withdrawing the glass rod, the metal body is found to have no 
charge. This proves that the two charges, developed at the ends of 
the conductor, are equal in quantity and opposite in nature. 


12. Complete Separation of Charges by Induction—With a suit- 
able form of apparatus the induced charges, developed at the ends of 
a conductor, may be permanently separated from each other. 

Place two metal balls A and B in contact or join them by a copper 
wire. Bring a positively charged body near A of the combination. 
Now separate the balls in its presence and examine their charges. 
It would be found that A is negatively charged, and B positively. 
Thus from a single charged body, two opposite kinds of charge may 
be obtained by the protess of induction. Remove the rod, join A and 
B and examine them separately. Neither of them would be found to 
have any charge. Thus it shows that equal and opposite charges are 
generated by induction. 

Induction precedes attraction—We have seen that an electrified 
body attracts neutral bodies such as pieces of paper, a pith ball, etc. 
This can now be explained in terms of induction. We know that in 
the presence of an inducing charge an electric separation takes place 
onaconductor acquiring opposite charge to the nearer end of the 

y inducing body and that its farther end has a similar charge. Thus there 
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is an attraction between the inducing charge at the nearer end of the 
body, while there is repulsion between the inducing charge and the 
farther end of the body. The attraction taking place between nearer 
parts would thus predominate. This explains the attraction of neutral 
bodies by electrified rods. 


‘13. Effect of induction on an Earth-connected Conductor—From 
what has been stated it is clear that if a positively charged body be 
, placed near an insulated metal conductor, the nearer end of the con- 
ductor would be negatively charged, and the further end would be 
positively charged by induction. If the induced conductor be momen- 
tarily connected to the earth by touching it with fingers, the conductor 
would be found to have acquired a permanent negative charge. This 
takes place, because the positive charge, which occupies the farthest 
end of the induced body, flows to the earth through the experimen- 
ter's body in the act of touching. This charge, which is free to escape 
to the earth duc to the influence of an inducing charge, is called the 
free charge. On the other hand, the charge, which has been held 
fixed at the nearer end ofthe conductor by the inducing charge, is 
known as the bound charge. Ina similar way, it can be shown that 
when the inducing charge is negative, the free charge on an induced 
conductor is negative and the bound charge is positive. 


14. Charging a Gold-leaf Electroscope by induction—The method 
of induction is very convenient and effective in charging a gold-leaf 
electroscope. The whole procedure can be divided into three stages ; 

(a) Hold a negatively charged rod near the disc of an uncharged 
electroscope. Due to induction electric charges separate on the 
disc, the rod and the leaves, the disc being charged positively and 
the leaves negatively [Fig. 14(a)]. Since both the leaves have got the 
same kind of electricity, there is a repulsion between them, and se 


(a) (8) 


— @ (b) ( 
Fig. 14—Charging an Blectroscope by Induction X 


leaves diverge. If the apparatus is provided with metal foils connec- 
ted to earth as shown in the figure, the negative charge on the gold 
leaves induces positive charge on the inner walls of the foils while 


the negative electricity on the foils escape to the earth. The opposite 
V 


TR PM E ut 
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eharge on the tin foils also contributes partly to the divergence of 
the leaves by attracting them. 


(b) Momentarily touch the disc of the electroscope with the 
finger without removing the charged rod. The free negative charge 
on the leaves escapes to the earth, and consequently the charge om 
the tin foils also flows to the earth. Hence the leaves collapse. But 
being attracted by the rod [Fig. 14(bj, the bound positive charge 
remains on the disc. 


. (o) Remove the charged rod, when the positive charges on the’ 
disc due to mutual repulsion are distributed all over the disc, rod 
and leaves. Hence the leaves again diverge, this time with positive 
electricity The earth connected tin foils are charged negatively by 
induction [Fig. 14(c)]. In this way the gold-leaf electroscope is charged 
positively by induction. í 
‘ It is to be remarked that the amount of charge induced on the disc of the 
electroscope depends upon many factors, viz., the quartity of inducing charge, 
the sha, e of the induci’ g bo'y and the electroscope, the distance between the 
body and the disc, the intervening medium, ete. Fora given electrosc pe and a 
fixed amount of cha’ge on ‘he inducing body and the air as the medium, it can 
be easily shown that the amount of induced charge depends upon the distance, 
@harge an electroscope positively by induction by holding the inducing body at 
some distance, Tne leaves of the electrosco»e would collapse when tie disc is 
momentarily earthed. Ii now tre iniucing body is brought nearer, the leaves 
ling'ead of collapsing show a divergence with the same kind as that of the 
inducing body, provi: g that the opposite charge induced on the di cis now 
greater 1n amount. Finally, if the inducing body (provided it is a conductor) 
be madeto touch the disc, the amount of induced positive charge, which in 
such a case is always less than the ind:cing negative charge, cannot wholly 
meutralise it and hence the leaves of electroscope diverge with same kind’ of 
e#harge as that of the inducing body. 

*15, Explanation of Induction by Electron Theory—It h^s already 
been stated that an atom in an electrically neutral state contains an 
amount of positive charge stored in atomic mucleus and with an equal 
amount of negative charge carried by electrons. i 


When a body contains atoms, which are all electrically neutral, 
the body does not show presence of any electrical charge. When 
electrons from outside are "imported into the- body, it becomes 
negatively charged. If on the other hand, electrons are taken away, 
it becomes positively charged. 


As electrostatic induction 
is effective in conductors only, 
we have to know the nature of 
the atoms of a conductor and 
their activity in transporting 
charges. We have already seen 
in Fig. 8 and Fig. 10, the 
structure of sodium and 
magnesium atoms which are 
good conductors of electricity. 
In such atoms, the electrons in 


Fig. 15 
the outermost shell are so loosely bound that they are almost 
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free from the attraction of the nuclei. They are called outermost 
electrons. These electrons roam about within the inter-atomic 
spaces without any fixed direction. Fig. 15 represents a block of a 
conducting material showing 16 atoms. The points at the bases of the 
arrowheads represent the outermost electrons removed from the 
farthest orbits into the inter-atomic spaces. 

When a body (say, a positively charged rod) is brought before an 
insulated conductor, the free electrons in the latter are attracted 
by the positive charge on the rod. As a result of this, the free 
electrons of the conductor are more densely packed at its end nearer 
the rod, showing an evidence of negative charge at this region. 
The other end of the conductor, which falls short of the normal 
quantity o! electrons is thereby positively charged. In this way there 
is separation of electrical charges on the conductor. 


When the conductor at this induced stage is connected to earth by 
another conductor, the positive charge of the conductor attracts 
electrons from the earth, thereby producing a flow of electrons to the 
conductor. ‘Thus the positive charge on the conductor separated by 
induction is neutralised by the negative charge flowing from the 
earth. In this way the induced body maintains an excess of negative 
charge. On now cutting off the earth-connection, the conductor as a 
whole becomes negatively charged. 


When, however, a negatively charged body is brought before a 
conductor, the free electrons of the latter flow due to repulsion to 
the farthest possible end keeping the nearer end positively charged. 
If now the conductor be earthed, electrons are forced down to the 
earth. Thus the conductor is charged ‘positively. It is to be noted 
that in order to get the desired effect, the earth-connection is to be 
made and cut off in the presence of the inducing charge, because any 
movement of the induced,charges is due to the repulsive or attractive 
effect of the inducing charge. 


16. Seat of a Charge on a Conductor—The following experiments 
conclusively prove that electricity resides on the outer surface of a 
conductor. ^ 


Butterfly-net Experiment—The experiment was originally designed 
by Faraday to examine the seat of charge on a conductor. To a 
metal ring fixed toa non- 
conducting stand a net M 
of fine muslin is attached. 
There is a thread S tied to 
the tapering point of the 
net, by which it may be 
turned inside out both ways 
(Fig. 16). The net is made 
conducting by a suitable 
conducting paint. 


Charge the net either positively or negatively, by connecting it 
to an induction machine. Disconnect the machine and touch 


Fig. 16—Faraday’s Butterfly-net 
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the outer surface of the net with the proof- ing i 
uncharged electroscope. The phe pe mid kde jer 
outer surface is charged. But when its inside surface is similarly 
examined with the proof-plane it is found to possess no charge. 

Next, turn the net inside out by drawing the thread the other way 
and examine the charge on this surface ina similar manner. It is 
found that once again the outside surface, but not the inside one, 
shows evidence of charge. Hence it can be said that the charge on 
a conductor resides entirely on its outer surface. 

Biot’s Experiments—Biot (1774-1862) took a hollow brass sphere 
A fixed to an insulated stand. There were two metal hemis- 
pherical covers B and C mounted on insulating handles, by which 
the brass sphere could be enclosed without leaving any space 

etween them (Fig. 17). The 
sphere was charged and its 
charge was examined with a 
proof-plane and: a gold-leaf 
electroscope. Next the 
hemispherical covers were 
fitted on the sphere and 
then taken away. It was 
found that the sphere was 
completely discharged and 
that » os charge had been 5 
transferred to the outer ~ i TUR E 
surface of the hemispheres. VIE te Biota eret 
Thus he concluded that the charge could not possibly reside on the 
inside surface of a conductor. 

A similar experiment can be made in the following way.—Take à 
hollow metal sphere having an aperture at the top and mounted on 
an insulating handle. Connect one end ofa copper wire to an elec- 
tric machine. Lower down. the other end of the wire through the 
aperture So as to touch the inside of the sphere. Then work the 
machine so as to charge its inner surface. Then cut off the connec- 
tion with the machine and examine with a proof-plane the inside 
surface of the sphere, taking care not to touch the outer edge. It 
would be found that there is no charge on its inner surface, Now 
touch the outer surface with the proof-plane and bring it near the 
gold-leaf electroscope. A divergence of the leaves indicates the pre- 
sence of charge. 

17. Surface Density of Charge—The amount of charge per unit 
area on the surface of a conductor is called the surface density of 
charge. It is generally denoted by the Greek letter 0 (pronounced as 
sigma): The surface density of charge at a point is defined to be the 
amount of charge per unit area surrounding that point. The surface 
density of charge depends upon (a). the shape of the conductor and 
(5b) the neighbourhood of other conductors or insulators and (c) the 
iotal charge on the conductor. 


.» Shape of the Conductor— It is found that if the shape of the 


conductor is spherical, the surface density is the same all over it.» To 
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verify this fact take a spherical conductor on an insulating stand and 
charge it by connecting to an electrical machine. The proof-plane is 
then made to touch different portions of the conductor and brought 

' before the disc of an-uncharged electroscope. It is found that the 
divergence of the leaves is constant, showing thereby that density of 
charge is the same all over the spherical conductor. If Q be the 
amount of charge on a conducting sphere of radius r, the surface 
density (v) of charge is given by the following expression : 


age i gest) 


4nr? being clearly the total surface area of this sphere, 


In the case of conductors of various shapes it is always found 
that there is a greater accmmulation of electricity on the surface near 
a bend. This means that the greater is the curvature of the surface, 
the higher is the surface density of charge around it. Figure 18 ro- 
presents conductors of various shapes giving possible distribution 
of charge over their surfaces. The inner continuous lines are the 
boundary lines of the conductors. The height of the dotted line above 
the boundary line at any point gives a measure of magnitude of the 
Surface density of charge at that point. 


Neighbourhood of other Conductors or Insulators—Place an in- 
sulator (such as a piece of glass) near a charged insulated conductor 
and examine the surface density of the conductor at different pointe 
with a proof-plane and an electroscope. It would be found that the 
surface density of the charge over those regions of the conductor 
hearer the insulator is larger than that over any other part. In other 

S words, there is 
a greater accumu 
lation of electri- 
City over the 
parts of a chas- 
ged ^ conductor 
facing an insula- 
tor. 


This accuma- 
lation is further 


Fig. 18 -Distribution of charge on conductors 


increased when the insulator is replaced by a conductor. This is due 
to the fact that on. presenting an uncharged conductor, induction 
takes place on it and there is a Separation of charges,—the unlike 
charges facing the charged conductor. Then there is an attraction 


between the unlike charges, due to which a greater portion of charge 
of the conductor comes to the side facing the induced charge. 


When, however, the induced conductor is earth-connected, the free 
charge escapes to the earth and only the bound charge remains 
on the conductor. There is, therefore, a greater attraction between the 
two conductors and the surface density of the inducing charge on 
the side of the bound charge is still more increased. 


7 nei idi ig 
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.18. Action of Points—When a charged conductor is provided 
‘with a sharp pointed end, there isa great accumulation of electricity 
at that point. This is so, because the curvature of a surface over a 
Pointed end is the greatest. There is thus a strong repulsive force 
within the like charges around that point, some of which may be 
actually pushed out through the point and discharged to the neigh- 
bouring medium, The charges actually attract many molecules of 
the medium and such molecules, being similarly charged, are repelled 
away outwards from that point. Fresh uncharged particles of the 
medium again come in, fill the vacancy and are repelled away, being 
charged similarly. There is thus a continuous stream of particles of 
the medium moving away from the sharp projecting part of a charged 
&onductor. This is known as electric wind. 

That the stream really carrics charge 
of the same kind can be tested by allowing 
the stream to the strike against the disc 
of an uncharged  electroscope when 
the leaves gradually show an increased 
divergence. On examining the nature of the 
charge on the electroscope, it is found 
to have acquired a charge similar to that 
ofthe conductor. The electric wind from 
a point may. be demonstrated by the 
following experiment. 


A bent needle P is attached to the 
prime conductor ofan electrical machine. 


Fig. 19 
Just against the needle 


point a candle flame is placed. When the machine is worked for some 
time, the tip of the flame due to the streams cf electrified air (Fig.19), 


isseen to be bent away from the needle. The action of points 
is utilised in the case of lightning conductors and. also in collecting 
combs of different types of electrical machines. (Vide Chap. X). 


EXEROISES OF CHAPTER II 


Reference 
1. Explain ‘electrification by induction’, What experiment Art. 11 
will you do to show that the electricities genera ed by induction 5 
are eq 1al but of opposite kinds? Compare this induction with 
magnetic induction and Ga fully how you can protect the 
apparatus from the effect of induction in each case. 
PPS (C. U.—1955) 
2. Describe and explain what happens (a) when a positively Art. 14 


charged insulated conductor is brought near the cap of a Gold» 
Jeaf eleciroscope, (b) when the cap is momentarily touched and 
the charged conductor is then removed and (c! when the charged h 
conductor is then again brought up to the electroscope an 
made to touch ‘he cap. 

ought near Arts. 13&14 
) when it 


3. A body charged with positive electricity is br 
a metal sphere. Describe the state of electrification (1 
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Reference 


Art. 14 


Art, 14 


Art. 15 


Art. 16 


Art. 17 


Art. 17 


Arts. 


Art. 17 


` Art, 17 


Art. 17 


Art, 18 


Art. 16 


Art, 18 
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is insulated and initially charged positively, (2) when it is 
neutral and (3) when it is insulated and initially charged 
negatively. (Dac. U.—1959) 


4. Explaiń with neat sketchesthe various stagesin the 
process of charging an electroscope with negative electricity by 
induction. (Pat. U.—1953) 


5, Explain how you would charge a gold-leaf_electroscope 
by induction. The electroscope is charged positively and a 
metal rod, held in hand, is brought close to the disc of the elec- 
troscope. State and explain what will happen. (C. U.—1960) 


6. Explain with the help of electron theory the pheno- 
menon of electrification by induction. (C. U.—1953) 


7. Describe an experiment to show that the electrical field 
inside a hollow charged conductor is zero, however great may 
be the charge on the surface of the conductor, (Utk, U.—1952) 


8. How does the form ofa conductor affect the density of 
electricity on it? Describe some experiments to illustrate your 
answer. (Dac. U.—1943) 

9. What is meant by ‘the surface density of charge ata 
point’? How does it depend upon the shape of the conductor ? 
Explain bow you would use a gold-leaf electroscope to prove the 
statement. (Pat. U.—1952) 


10. Compare the density of the charge on differently sized 
spheres connected to the same electric machine and thence 
deduce the action of points. (P. U.—1962) 


11. An insulated conductor, elongated in shape, is placed 
near a charged sphere. How would you investigate the distribu- 
tion of electricity on its surface ? (Gau. U.—1961) 

12. What charge is required to electrify a sphere of 25 cms. 
radius until the surface density of electrification is 5/7 ? 

i (Dac. U.—1953) 
Ans, 12,500 units of charge. 

5 13 A metallic sphere and ‘a cone are charged with electri- 
city. Will the distribution of electricity on their surfaces be 
uniform ?. How will you verify it ? (Del. H. S.—1957) 

14. Describe experiments throwing light on the effects of 
sharp points in collecting or dissipating an electric charge. 


(Del. U.—1963) 
15. Show that the charge on an insulated conductor lies 
entirely on its surface. (Del. H. S.—1949 ; Utk, U.—1951) 


16. State and explain what happens when a candle flame is 
placed close to the pointed end ofa metallic conductor con- 
nected to an electric machine in operation. (Pat. U.—1961) 


CHAPTER III 


ELECTRIC FIELD OF FORCE AND POTENTIAL 


19. Inverse Square Law of Electric Forces—It is already stated 
that similar charges repel and that dissimilar charges attract each 
other. Coulomb (1736-1806) in 1777 first experimentally measured the 
magnitude of the force between charged bodies. He found that the 
force exerted between two electrified bodies is directly proportional 
to the product of the two charges and inversely proportional to the 
square af the distance between them. 

According to this law, if two charges of magnitudes q, and qs be 
placed at a distance r from each other, the force F acting between 
them is given by the expression 


Fook X42, or pede ve (19,1) 
r r 


where k is a constant depending upon the units in which the quan- 
tities of electrical charges and distances are expressed and the nature 
of the medium in which the charged bodies are placed. Note that 
the Coulomb’s law of electrostatic forces (equ. 19,1) has similar 
form as that of Inverse square law of force of Magnetism Art 18), 

In the C.G.S. electrostatic system of measurements, a unit charge 
is defined to be 4 charge of such magnitude that when it is placed one 
centimetre apart from an equal and similar charge placed in vacuum, 
the mutual force of repulsion is one dyne. The electrostatic unit of 
charge is often called a stat-coulomb. According to this definition 
when 4, —43—1 C.G.S. unit of charge, r=1 cm. and F=1 dyne, then 
on substitution in eqn. ( 19,1), k becomes equal to unity. 


H ar x 
Therefore, in the C.G.S. system, F dynes= TH wee (19,2) 
or practical purposes the electrostatic unit of charge is found 
to ie top small. Phe practical unit of charge is a coulomb which is 
. 3x 10? times larger than the C.G.S, unit of charge. Since a positive 
charge is designated by--Ye sign and a negative charge by—ve sign, 
a repulsion is expressed with the positive sign and an attraction with 
a negative sign. i é 
How such electrical forces of attraction and repulsion on charged 
bodies re-act on each other is not yet clearly understood. For this 
unknown mechanism of action and reaction of electrical charges, we 
bring in a constant €o for vacuum, and call this constant permittivity 
of vacuum. Then eqn (19.2) in written in the form, 
pa dida. ws (19,3) 
€or 


ding to the definition of a unit charge in the C.G.S, system, the 
SENT OF i becomes unity for vacuum and so we can go back to 
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equ (19,2) once for all in this system of measurements. Ina different 
system of measurement such as Metre-Kilogram-Second system, €o 
has some value other than unity and has some unit also. 


20. Dielectric Constant—When the two charges q, and qd, are 
placed in a non-conducting medium so that the bodies may retain 
their charges and can still exert influence on each other in a similar 
manner, we find that the force between the charges diminishes by a 
certain ratio depending on the nature of the di-electric. (non-conduo- 
ting) medium. If F, be the force within the medium and e, be its 
permittivity, then according to eqn (19,3). 


= 1492 
Eee í ... (20,1) 
. where e, has the same form (dimension) but having a different 
magnitude. 1 
» E _& -K —a constant for a given medium sens (20,2) 


oe ee 
Fi € 


magnitude of the force in vacuum — (20,3) 
magnitude of the force in di-electric medium CARE 


provided the quantities of the charges and the distance between them 
remain invariable. K which is also a pure number is called the 
Dielectric Constant of the non-conducting medium and it is 
defined by equ (20,3) Also ¢,=<«.K. In the C. G. S. system 
since we compute e,—1, e, —K. But remember that in the any other 
system of measurement we have specific value for ey, in which case 
e-—«oK. Then for the C.G.S. system, we can omit eo or e, and; 
write K in the form 


KF, =F=L% «++ (20,4) 


where K= 


Examples : 


1. Two small equal metal spheres are placed 5 cms. inair. What will be 
the force between them, if one has a charge of +5 units and other —10 units 1 
(Pat. U.—1945) 
Ans, Here qg—5, q1 —10 and r=5 cms. 


FXO) dynes=—2 dynes, representing attraction, 


2. Two equally charged spheres repel each other when their centres are 
half a metre apart with a force equalto the weight of 6 milligrams. What is 
the charge on each in electrostatic units ? [Pat. U.—1955} 

Ans. Here qu=42=9, (say), r=50 ems, and F=0°006X981 dynes; 


idi d; 0 005x981, or q—1213 C.G.S. units. 


3. A small meta! sphere charged with 100 units of positive electricity is put 
in contact with another sphere of the same radius having a charge of 20 unitg 
of negative electricity. They are then separated by a distance of 20 cms. Find 
the force between them, (De! H.5.—19:4] 

Ans. Twoequal metal spheres in contact share electrical charge equallg. 
Now 20 units of negative Charge neutralise 20 units of positive charge and the 
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outstanding 80 units of positive char. istri 

1 ge get distributed equa 
spheres, Fherelore the final charge on each is 40 units of ud reri aa two 
separated by a distance of 20 cms. The force F between them is given by on 


4 
F= ns dynes. 


4. Two small metallic spheres, each weighi 

s I 2 eighing 2 gms, 

pod o light Sk threads, each of dia 20cm When E 

1 with an equal amount -of electricity, the two thread. al 

of 60° with eacn other. Find the am Y qd parlo 

pol ount of charge on each PUES a noes 
at Let Band C represent the two charged meta] spheres suspended at ie 

p nt A, Letthem remain apart from each other due to mutual repulsion 

Mine ausensipn airings make an angle of 60° with each other (Fig 20) late 

e a i én th 
prb Beoneach ballin e.s,u., the force of repulsion p between them is 


g p rj d 
P= Ion since AABC is equilateral, 
Now the three forces acting on each other 
are in eq jilibrium; these are the force p, 
the tension T of the string and the weight 
mg. Then from Lami’s Theorem in Statics, 


AE pir y Lang, sin ABM 
sin ABM” sin AB" sin ABB* 
Again Z ABM =90°+60°=150° and sin 1:0" 
=4 Also ZABE-180—t(0'—120* and sin 
120°=sin 60°= V3." Alsomg=2X900 dynes. 


on p=mgx 


NNUS d; 
: E p 2x980% rs 
d g? MOX 23990, 


whence q=672'8 e s.u. of charge. 

21. Intensity of Electric Field—The space, where an isolated 
aharged body experiences a force of attraction or repulsion, is called 
an electric field of force. 

The intensity of an electric field at any point is defined to be the 
amount of force exerted on a unit positive charge placed at that point, 
The intensity is measured in the C. G. S. electrostatic system in dynes 
per electrostatic unit charge. The direction of the intensity is taken 
to be the direction along which the positive charge placed at that 
point tends to move. Therefore elestrostatic intensity is a 
vector. We can from the above definition, find an expression 
for the intensity at a point r cms. from a charge of q electrostatic 
wnits, for by placing a unit charge at that point, the force on it is 


from eqn, (19,2) given by f =f which represents the expression for 
the intensity at the point, when both are placed in vacuum. 


If now instead of a unit charge another charge g, be placed at 
that point, the force F on it is evidently given by, 


F=4.q=/4 dynes. e (21,0 


Therefore the force on a charge at a point in an electric field is 
equal to the intensity at that point multiplied by the magnitude of the 


charge. 
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If instead of vacuum, there is a medium of di-electric constant K 
linking the charges, then intensity fig and the force on the 


charge q, becomes Fs = fidi E qi 


22. Electric Lines of Force—Just a magnetic field is supposed to 
consist of magnetic lines of force, so also an electric field is imagined 
to be made up of electric lines of force. A line of force in an electric 
field may, therefore, be defined in either of the following ways :— 


(i) A line of force in an electrostatic field is the path of motion 
of a small positive charge, which is free to move in that field. 


(ii) A line of force in an electrostatic field is a line such that the 
tangent at any point of it denotes the direction of the resultant inten- 
sity of the field at ‘that point. 


Figure 21 represents a positively charged body placed very far 
from other bodies, so that the electric field around it is solely due to 
this body, Place a positive point charge at any point near it. By 
repulsion this point charge would move away in a straight line giving 
a line of force. Placing ina similar manner the point charge at 
different points near the charged body and observing its lines of 
motion, we get the lines of force around it, which are shown as radial 
lines getting out. This is similar to the distribution of lines of force 
due to an isolated pole of a magnet. 


The attraction and repulsion of charged bodies may either be due 
action at a distance without any consideration of the intervening 
medium or it may be due to some modification of the intervening 
medium. Michael Faraday sought to explain such electrical effects 

as due to some stresses and strains in the 

medium separating the charged bodies and 

hence he conceived of the lines of force. He 

supposed that a line of force always starts 

froma positively charged body and ends 

! upon a negatively charged body. There 

l are innumerable such lines between oppo- 

! sitely charged bodies. There is not a single 

point outside the charged body through 

which a line of force does not pass. Each 

line of force as shown in Fig, 21 will have 

to terminate on an- equivalent ‘nagative 

Fig. 21 charge. The lines of force are like stretched 

; rubber cords which always try to contract 

and tend to bring the opposite charges nearer. But these lines 

are supposed to repel each other laterally by which he could explain 
the repulsion of like charges. 


Mapping of the lines of Force—Tracing of the electric lines of 
force is more difficult than that of magnetic Qu. a it requires 


j. 


ART, 29 ELEOTRIO FIELD OF FOROE AND POTENTIAL 97 


more skill to maintain a constant charge on a conductor. If a con- 
ductor is charged by ordinary induction or conduction method and 
then kept isolated, leakage of charge starts disturbing the lines of 
force around it. The best thiag is to connect the conductor by a 
wire to the terminals of a large battery of torch light cells or a direct 
current generator. Take a dry glass plate and place two metal bodies 
on it at some distance from each other. Now connect by a wire one 
body to the positive terminal of a /arge battery of cells. Connect the 
the other boy to its negative terminal. Sprinkle uniformly some 
light particles, such as gypsum salt, on the glass plate and then lightly 
tap the plate a few times. 

. When this is done, the particles are found to be arranged in 
regular lines between the positive and negative charges showing the 
distribution of the lines of force. 

Fig, 22 represents the distribution of the lines of force due to two 
equal and unlike charges. Note that the lines of force start from the 
positive charge and end on the negative. Further as many lines start 
Out from the positive charge, an 
equal number ends on the negative. 
In the figure the total number of 
lines on each being 18, the quantity 

of charge also is proportional to 18. 
According to Faraday, since the 
lines of force are supposed to have a 
force of tension along their length, 

i : "d the two unlike charges will be drawn 
,Fig. 22—Field due to equal towards each other. This accounts 
and opposite charges forattraction between unlike charges. 
The distribution of lines of force due to two like charges is shown in 
Figure 23. In this case also, the quantity of cnarge on either is the 
same being proportional to the number of lines of force starting from 
each. In the top and bottom regions, lines of force from the positive 
charges are running parallel to each other. If according to Faraday, 
we assume that the lines of force exert a side-pusn on each other and 
thereby tend to be more separated, the similarly charged bodies 
would have a tendency of repulsion. If a uart charge is placed at a 
point exactly midway between the two, it would experience equal and 
opposite forces and hence the unit charge would show no tendency to 
move. Such a point in an electric field where there is no resultant 
intensity, is called a neutral point. hg 


If the two charges are opposite 
in nature and not equal in magni- 
tude, the lines of force from : 
one do not all go to the other. 
Suppose that a charge of +16 units 
is placed very near a charge of — 10 
units. The number of lines of force 
from the positively charged body is Fig, 23-Field due to equal 
evidently proportional to 16. Of — and like charges. iig! 
these a number proportional to 10.terminate on the negative charge 


Pt. II/M-7 


1 
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and the rest go to other:bodies in space on which negative charges 
are induced. 


Fig. 24 represents the distribution of the lines of force due to 
two bodies having unequal positive charges. The quantities of 
charges on the two bodies are proportional to 20 and 7 respectively. 
The point N on the line joining them shows the neutral point at 
which there is no resultant force. If d is the distance between the 
two bodies and x is the distance of the neutral point from the larger 
charge, then by definition 


20 ah whence x—0:63x d- 


x* (d-x) 

It is to be borne in mind that although the electric and magnetic 
lines of force are so much alike in their behaviour, they have no 
direct influence on each other when 
each one of them is at rest. A mag- 
- netic pole placed in an electro- 
static field or even an electric charge 
placed in a magnetic field has got 
no reaction with the field. But 
N when an electric line of force moves, 
it gives rise to a magnetic field of 
force. Conversely, when a magnetic 
line of force moves, an electric field 
is produced. Thus a moving elec- 
T trostatic field generates a magnetic 

Fig. 24 field round it and vice versa. 


23. Intensity and Lines of Force.—Since there is some electrical 
intensity at every point around an electrically charged body, an 
electrical line of force then passes through every point surrounding 
the body. As the number of points in a space is infinite, there should 
be then infinite number of lines of force Starting out from a posi- 
tively charged body or ending on a negative charge. It is not practi- 
cally possible to draw a line of force through every point in a field of 
force, as then individual lines of force would touch each other and 
trace of individual lines would disappear completely, leaving no indi- 
cation either of the nature or direction of the lines of force in a field. 


, But the usefulness of the lines of force in determining the direc- 
tion of the Intensity connot be ignored. How can then the magnitude 
of the intensity be represented by lines of force ? Michael Faraday, 
who conceived the idea of the lines of force, suggested that the intensity 
might be measured in terms oflines of force. According to him, if 
a point in an electric field has unit intensity (one dyne per unit e.s.u. 
of charge), then if we draw a unit area (one sq. cm.) about that point 
with. its surface perpendicular to the direction of intensity then we 
assume that one line of force passes through this unit area. If then 
the intensity at any point be f dynes per unit charge, the number of 
lines of force passing per unit area placed normally is f. 
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24. Faraday Tubes of Force.—The definition of a line of force as 
a line passing through every point of an electric field and Faraday's 
definition of a single line of force passing through a unit area for 
unit intensity had some disagreement with each other. J.J. Thomson 
tried t» bridge the gap by iotroducing the idea of a tube af force. He 
supposed that, the medium around a charged body is filled up with a 
number of imaginary tubes. Force of attraction or repulsion between 
charged bodies might be attributed to the stresses and strains in such 
imaginary tubes of the medium. These are called tubes of force. 


Tubes are assumed to start from a positive charge and terminate 
on a negative charge. Since a tube is subjected to a force of 
tension acting along the axis, it ties to shorten along its 
length and thereby tends to bring the opposite charges at its two 
ends nearer each other (Fig. 22). This explains attraction between 
unlike charges. On the other hand, there is a lateral pressure acting 
on each tube. This property makes the tubes repel each other. Since 
there is a crowding of the tubes of force in the space between like 
charges (Fig. 23), they tend to displace each other sideways, whereby 
the like charges are mutually repelled. i 

Just like magnetic tube of force (vide Magnetism, Art. 23), we can 
imagine an electric tube of force to consist of electric lines of force. 
Since it is easier to guess that it is possible for a sufficient number of 
tubes to enclose a space around a charged body rather than lines 
from it, we can also define an electric intensity in terms of tubes of 
force or electric tubes of induction per unit area as we more 
commonly call them. This is called electric flux density. 


Permittivity—According to this assumption we can define an elec- 
tric intensity at a point in an electric field expressed in dynes per unit 
electrostatic charge to be equivalent to the number of electric tubes 
(or sometimes called lines) of induction passing per unit area placed 
around that point at right angles: to the direction of the electric 
intensity. (Refer Fig. 34 pp. 25). Then we have two definitions for the 
electric intensity at a point, which need a co-relation between them. 
If E dynes of force be exerted on a unit electrostatic charge at a 
point in vacuum, then E represents the electrostatic intensity at the 
point. Also according to the other definition E. number of tubes 
of force (induction) will pass per unit area across that point. 

E number of tubes of Induction , p dynes 


per stat-coulomb 


ir unit area 
1 tube of induction/sq. cm. © 1 dyne/stat-coulomb 
I tube of induction/sq. cm. =€o X 1 dyne/stat coulomb 


where e, is a constant known as permittivity of vacuum. According 
erie electrostatic system the value of ¢,=1. But in the MKS system - 
it has a different value and dimension also. 

In any other nonconducting medium the intensity changes for the 
same disposition of charge and so the permittivity changes toa 


different value e, characteristic of the medium. 


or, 
of, 
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Maxwellian Tube of Force—Consider a small body having unit 
charge. If another body having an equal and like charge be placed 
at distance of one centimetre from it, the force between the two is 
one dyne, Therefore, the intensity at this distance is unity. If we 
construct a Sphere having a unit radius with its centre coinciding 
with the centre of the body, the intensity at every point on the 
surface of the sphere iz unity. 

Maxwell proposed that each unit of electrostatic charge associa- 
ted with a body should have one tube of induction emanating from 
it, instead 47 lines of induction as proposed earlier by Faraday. 
Maxwell’s suggestion seems to be more rational from the standpoint 
of spherical symmetry of intensity around an isolated charged body. 
From this view, if a small body possesses g units of electrostatic 
charge in vacuum, then q number of Maxwellian tubes of induction 
will radially emanate from it equally in all directions. Ata distance 
rfrom the body, the number of tubes crossing unit area placed 
normal to the direction of intensity is g/4mr? which is proportional 
to the intensity E at that 


.4 A = =A 

Agate on, n €E whence E deri . (24,1) 
where €,=permittivity of vacuum, which is unity in the C.G.S. 
system. But in Metre-Kilogram-Second-Ampere system e, has a 
different value as well as dimension, Maxwell's view has been adop- 
ted at present in Rationalised Practical units (MKSA) or better 
known International Standard units (S.I We follow Faraday’s 
conception of lines of induction throughout this book. 


25. Electrostatic Potential— The motion of electric charge from 
one conductor to another may be explained from simple laws of 
electrical attraction and repulsion. Take for example, a negatively 
charged conductor, which contains an excess of electrons. These 
électrons, due to mutual repulsion, exer! upon each other a sort of 
pressure, known as the electrostatic pressure. This pressure tends to 
throw each electron out of the surface on which it resides. 


-— 

* The contact of an uncharged conductor with a charged one 
provides an additional accommodation for electrons and some of 
them are actually forced into the uncharged conductor. Now if the 
second conductor also be negatively charged, it has also a number of 
free electrons repelling each other. When these two bodies are in 

contact, electrons from one at the higher 
electric pressure are forced into the other 
at the lower electric pressure. The 
electron-flow continues until the electric 
pressures of the two are equalised. 


The behaviour of the flow of an 
electric charge in this respect is ana- 
logousto the flow of water between 
two vessels connected by a pipe. Figure 


Fig. 25 
25 shows two jars A and B filled with water or any other liquid 
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to different levels and connected by a pipe which may be opened 
or closed by a tap key. Since the liquid stands at a greater height 
in B, the hydrostatic pressure at the end of the pipe facing B must 
be higher than that at the end facing A whose liquid level ís 
lower. — Consequently, water continues to flow until the heights 
of liquid within the two vessels become equal, that is, until 
the hydrostatic pressures at theends of connecting pipe are equalised. 
The origin of the hydrostatic pressure is due to the gravitational force 
of attraction of the earth upon the molecules of the liquid. Similarly, 
the origin of the electric pressure is due to the mutual repulsive 
or attractive effects of the elementary charges upon each other. 
Surrounding the earth, there is a field of gravitational force, due 
to which an object under the action of gravity always tends to move 
from a higher gravitational potential to a lower one. The gravita- 
tional potential energy is always measured by the amount of work 
done upon a unit mass in order to raise it from the surface of the 
earth to the required height. Similarly, surrounding an electrified 
body, there is a field of electric force, and the motion of another 
charge in its field is governed by a change of electrostatic potentia). 
The idea ofthe electrostatic potential was first advanced by Henry 


Cavendish in 1776. 

26. Measure of Potential.—The electrostatic potential of a 
charged body at any point in its own field is measured by the amount 
of work done when a unit positive charge is brought. from infinity to 
that point. A positively charged body would always exert a repulsion 
onthe unit positive charge. Hence more and more work would 
be necessary to bring a unit positive charge from infinity to a point 
nearer the body, and therefore, the nearer is the point, the greater is 
the magnitude of the potential due to a positively charged body. 

When a unit positive charge is free to move in an electric field it 
will go farther and farther away from the positively charged body. 
Hence it may be said that a positive charge tends to move from a 
point of higher potential to that of a lower potential. A negative 
charge on the other hand moves towards the positive charge. There- 
fore a negative charge moves from a lower potential to a higher 
potential. When an electric field is set up by a negatively charged 
body, work is done by the unit positive charge in approaching it 
from infinity. Therefore it is losing in energy and the potential at 
any point is said to be negative. 

Unit of Potential—Since potential is a measure of the work done, 
a point is defined to be at unit potential in electrostatic system when 
a unit of work (anerg) is done on a unit charge in displacing 1t 
from infinity to that point. This unit is called a stat-volt. For 


practical purposes this unit is inconveniently large. Tt would be 

learnt subsequently in Voltaic Electricity that the practical unit of 

potential difference is a volt. The relation between the potential 

difference in electrostatic unit (stat-volt) and practical unit (volt) is 

iven by ; j 

3 ] electrostatic unit of potential (statvolt)= 300 volts. 
y } i 
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Potential of the Earth—In measuring the gravitational potential 
we require some sort of a standard and define the level of the sea as 
the zero of the potential scale. Similarly, in measuring electrostatic 
potential, we standardise its scale with respect to the potential of the 

. earth which we take to be zero. 


In performing electrical experiments, charges of both kinds are 
frequently given to or taken from the earth; but that does not 
appreciably alter its electrical potential, in much the same way as 
taking out or pouring a quantity of water to the sea does not alter 
its surface level. Both these cases are due to the infinitely large 
capacities of the container. 


Potential of a Conductor—In considering the electrostatic potential 
of a conductor, we assume that the distribution of charge on any part 
of the body under examination remains fixed, because if there be 

' any movement of charge, there would be a redistribution of charge 

- on the surface of the body and the whole field of force would undergo 
achange. For this reason we always deal with the ideal cases of 
charges situated on bodies having exceedingly small dimensions which 
we call point charges. Onan ideal point charge a displacement of 
the charge is not possible and hence the field due to it remains 
unaltered to any outside influence. ` 


Suppose that a positive point charge q whose electrostatic potential 
isto be measured, is placed at any pointin space. When a unit 
-positive charge is gradually brought from infinity to a point near its 
surface, the mutual force of repulsion gradually increases. The poten- 
tial consequently becomes higher. The two charges can never be 
made to touch each other actually, since the distance between the 
charged bodies being then nil, the force becomes infinitely large and 
the potential tends to become infinity. For this reason, the potential 
of a conductor is defined to be the potemial of a point infinitesimally 
near the surface but not exactly upon it. 


From what has been stated above, one may be led to think that 
two bodies having like charges cannot be placed in contact with each 
other. But,asa matter of fact, electrical bodies may be connected 
together with an almost inappreciable effort. The reason is that 
whenever two such are placed in contact, there is a mutual inductive 
displacement of the like charges on their surfaces in opposite 
directions, so that although there is apparently no gap at the point 
of contact there is sufficient space between the like charges for 
repulsive force to be small. 


27. Potential due to a Point Charge— Consider a very small body 
carrying an amount + q electrostatic units of charge and is far away 
removed from the influence of other charges. It is then said to be 
placed in its own field. The potential of a point at a distance r cms. 
from it is, by definition, measured by the amount of work done in 
bringing a unit, electrostatic positive charge from infinity to 
that point. 


Let A (Fig. 26) be at a distance r, from the positive charge q. 
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Join the centre of the charged body and A by straight line and pro- 
duce it to the point W at a distance ry from g. We will first calculate 
the amount of work done in moving a unit positive charge from 
Wto A. Divide the finite length AW into a large number of ‘equal 
intercepts by the points B, C, D,...T, U, V etc. 


Fig. 26—Potential due to a Point Charge 
It is obvious that the total work done in moving the unit charge 
from W to A is equal to the algebraic sum of the small quantities of 
work done it displacing the charge through short distances such as 
W to V, V to U,... C to B, and B to A. 
Now the work done over a distance = (average force) x (displacement). 
The forces on the unit positive charge at the points W and V 


are —. and 4 respectively. 
Tw Ty” 
The average force over this distance is obviously greater than 
girw? but less than g[r,? and may be put equal to the geometric mean 
2 
q 


of the two quantities, i.e., equal to 24 =, 
Fw lo" Tuwo 


^. the work done for the distance WV is=—2- (ro—r9) 
Two 


bro 
In a similar way it can 


distance VU is= aks 
Tu 


be shown that work done for the 


Adding up all the little pieces of work from W to A, we get the 
total work done on the charge in moving through a distance (rura) 


án the following manner : 
Since the work done between W and V i214, 
v w 


Wand Use od 
Ty Te 


s e! 


C and pe 1545 


» » ni ie 
g 


q 
A=——— 
B and A^ 
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-. the tota] work done between W and A is=4 = 2. ».(27,2) 
à Tw 
Since ra and r,, are any two distances measured from the charge q 
equation (27,2) is called the general expression for the amount of 
work done when a unit charge is conveyed between two points at 
distances r, and ry from a charge q. The expression also represents 
the difference of potentials at the two points W and A. 


By definition, the potential at distance rą is measured by the work 
done in bringing a unit positive charge from infinity to the point 
A, in which case r,— oc 

Therefore, the potential at a distance r is—-2-—. 4. 4. ...(27,3) 

Fgh oi stia 

The unit of potential in C. G.S. system is expressed in the form of 
ergs per unit charge. Whenever the charge is of a negative character, 
a negative sign is prefixed to the expression for the potential, Thus 
fora negative charge q, the potential at a distance r from it is - qr. 
"Therefore it is obvious that the total potential due to two charges 
of opposite kinds is the difference of the individual potentials. 
Thus when two charges of opposite kinds approach each other, 
there is a decrease of potential energy of the combination at any 
point in their neighbourhood, ¥ 


In considering the effect due to acharged sphere at any point 
outside it, the charge may be supposed to be Enero A the 
centre of the sphere. Hence in finding jhe potential due to a charged 
sphere ( having q units of charge) ata point outside the sphere 
by un r from its centre, potential takes the form as shown 


The whole mathematical Process may be short 
Calculus in the following way ; y be shortened by the application of 


Take any point between ra and oo ata distance r from the point charge 
The intensity of the field at this poin P Te 
an infinitesimal amount dr opposite the direction of the field, the work done on 
the unit charge is 4 dr. 


s+ the total work done in displacing the unit charge from oo to a distance 


Ta 18 
1 o0 oo 
- fas 2-4. 
a 


ra 


(UE is also the value of potential atra, The positive sign indicates that 
crates Punt of energy is given by the external agency in displacing the unit 
ih ban an dat the same amount of energy is stored by the unit charge 
Br A So displaced. So gain of potential of the unit charge in being 

en irom an infinitely large distance to a point distant rg from the charge 


+4 is qira. 
Intensity and Potential—On placing a unit charge anywhere in 
electrical field, the charge experiences a force which we call the 
intensity at the point. If we now move the charge over a very smali 


tis g/r*. If the unit charge is displaced by - 


1 
4 
‘ 


edic 
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distance against this force, such that the intensity does not change 
appreciably, the work done on the charge is the product of the 
average intensity and the distance. The amount of work done raises 
the potential energy of the unit charge which is the difference of 
potentials at the two extremities of displacement. This fact we 
mathematically interpret by writing thus :— 

difference of potentials=(average intensity) x (distance). 

In the language of Calculus, if 5V represents a small change of 
potential fora distance ór, then $V — — Eór, where E is the average 
intensity over the distance ôr. 

28. Potential due to a Number of Charges—The potential as 
defined above has got a magnitude but no direction. Since displace- 
ment in any direction producing a change of distance involves some 
work, potential is a scalar quantity. Thus if we have a number 
of charges distributed in space, the potential due to all the charges 
at any point is the algebraic sum potentials of the individual charges 
irrespective of their directions from the point. If there be a number 
of charges af magnitudes q1, 42, da» 4n at distances r,, 7g; asein 
respectively from a point the potential V at that point is given by 


by 


yf , da | Ds y... en xf ae (28) 
aT Tr E (28,1) 
If there are two charges of magnitudes d; and —4s,, the 


stant r, from the first charge and ri from the 


potential at point di 
5. If thetwo charges are superposed, the 
2 


second is given by Pant 
1 


potential at a distance r is given by (91 — a3)r- 
*Energy in Electron-volts—If a unit positive charge is allowed 
to move freely from some higher potential Vi toa lower potential 
Vz, both being measured in electrostatic units (e.s.u.), it will lose 
its potential energy by an amount (V,—V;) ergs. This loss in 
potential -energy will manifest itself as the gain in, mechanical 
kinetic energy, since all the while between the two points an elec- 
trical force acts on the charged body producing an acceleration. If 
instead ofa unit charge, qe.s.u. moves over a cifference of poten- 
tials (V, —V) e.s.u. the gain in kinetic energy 1s (V, — V44 ergs. 
This way of measuring kinetic energy of very small electrical particles 
is prevalent nowadays. 
The unit of energy, used by physicists working with fundamental 
particles, is called an electron-volt which is the amount of kinetic 
energy developed by an electron. when it is allowed to move freely 
between two points whose difference of potentials is one volt. Since 
electron is a negative charge of 4802x107*^ e. s, u and since 1 volt 
is ag. &.5.u; of potential difference, it follows that. : 
1electron-volt energy —(4:802 x 107*? uut 1:601 x xh ns 
igh ener, articles are measured in terms o million electron- 
dius hoslly Pr ureviated as m. e. v. which is 10° electron-volts. 
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Examples : 

1. An electron, which may be regarded as a small body of mass 90x 10-25 
gm. carrying a negative charge of 40X 10719 e.s u., starts from rest from a 
point on one conductor and reaches a second conductor with a velcciry of 10° 
cms, per second. Calculate the potential difference between the conductors in 
volts, 


U volte ZI. esu.) (Pat, U.—1953) 
3uU 


Ans. An electron having a negative charge must be moving from a lower 
toa higher potential. Since it starts from one conductor, it moves absolutely 
under the action of ths electrical field between the conductors, just as a body 
falls down from rest towards the earth ina gravitational field. Hence at the 
expense of the potential energy the electron absorbs more and more kinetic 
energy as it moves, 


If v the velocity of the electron just before striking the second conductor 
and m be its mass, its kinetic energy is }mv®, If V be the potential difference 
belween the conductors and e be the coarge of the electron both in e,s.u., the 
potential energy is Ve. Thus jm? Ve. Now substituting values, we get 


VX 4'80x10-29=$ x 90x 10725 x 1025, 


whence V= 


"XE e.s.u, of P.D, 
9 9x300 
$8 esu. = ag 
2. ABCD isa square, of which each side is 10cms, Charge of +100 units 
are placed at each of the corners A and C and a charge of —200 units is placed 
at the corner Bof the square, Calculate the potential at the corner D. 
[Utk. U.—1932) 


Ans. Let ABCD be the given square of side 10 cms. (Fig. 27.) Since the 
potential is the quotient of the charge and the distance and since the distance 
BD is V 10?-F10? cms, i e. 10/2 cms, 


Since 1 e.su.=300 volts. V= volts=281'2 volts. 


wi the potential at D due+100 units at A is= ve 
or 10 ¢.s,u. of potential, 
» » due to4+100 units at C is Io 
or 10 e,s.u, of potential 
D € and e » due to—200 units at B is= 200 
i0V2 
Fig. 27 or —142 e.s.u, potential, 


.’, the resultant potential=(10+10—14'2)=5'8 e.s.u. of potential. 


4 £29, Emquipotential Surface—There may be a series of points 
in an electric field, for each of which the potential has the same 
value. The locus of all such points having an equal potential is a 
surface called the equipotential surface. 


It can be proved that a line of force at any point is perpendicular 
to an equipotential surface passing through that point. Let OA 
denote the direction of a line of force of intensity F passing through 
o (Fig. 28). . Let a unit charge be moved through a distance s in the 
direction OB at an angle @ with the line of force. When the dis- 
placement takes place along OB, only the component of the intensity 
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F along OB is effective in doing work. Therefore the work done 
—(effective force) x (distance) — F cos 0 x s—Fs cos 6. (29,1) 


By definition, points on an equipotential surface have got an 
equal potential and for this reason if a charge be moved over such 
a surface, no work would be done for such displacement. 


From the equa- 
tion for work done 
(eq. 29,1) we see that 
the work done is nil 
when 6—90?. There- 
fore, if the direc. ' 
tion of displacement 
be at right angles to 
the direction of in- Fig 28 
tensity, no work 5 
would be done. Since a line of force gives the direction of intensity, 
an equipotential surface is every where normal to the line of force. 


When we have a charged body N placed in its own field, the lines 
of force starting from it are all radial, and therefore surfaces of 
equal potential are concentric spheres with N as the centre. In 
Figure 29 two dotted curves are the sections of two concentric spheres 
corresponding to two potentials VA and Va . Over each sphere the 
potential is constant. Conversely, if we know the directions of 
the lines of force in an electric field, we can draw small elementary 
normal surfaces to all lines of force and the envelope of such elemen- 
tary surface represents an equipotential surface. 


30, Explanation of Electrostatic Induction by Potential—The 
electrostatic induction can also be explained in terms of potential. 
Suppose we have a positively 
charged body C (Fig. 30). Evi- ©) E y 
dently there will bea gradual uz A B 
fall of potential as we recede 
from this charge. If two points 
A and B be taken, the nearer ©) Gi Da a g) 
point A would be at a higher 
potential than the remote point 
B. If now a conductor is p Fig. 30 
so as to join these two points, the potentials at A and. 


i in the lower diagram, | t 
ecce m value, ‘since the potential on the 


would tend to attain a unifor ; 1 
surface of a conductor is always to remain constant, | Hence potential 
of A is lowered, while that of B is raised. This is only po 
if the free electrons of the conductor brein E move towards A unti 
ials at the two points are equalised. k ‘ 
ka apt electrons Pn faved A the ee et ael 
f conductor is lowered, while due to, e defici 

METTE B the potential of the other part is A ud Ad one 
t tential of the conductor assumes a unito X 
Bice dareriiedinte between the original potential of A and that of B. 
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If at this stage the end B is earthed, a metallic connection is 
established between the positive potential at B and a constant zero 
potential. Hence electrons from the earth would come and neutra- 
lise the excess of positive charge at B. Thus the potential of the 
conductor is further lowered to the zero value and it is now able to 
retain a greater amount of negative charge. The charge is not wholly 
localised at the two ends A and B of the conductor. In case of an 
insulated body under induction, the density of charge is maximum 
at each end of the conductor and gradually decreases towards the 
middle. The region of zero surface density forms a very narrow 
belt round the conductor and is called the neutral region. 

Explanation by Lines Force—It is well-known that lines of force 
proceed from a positive charge to a negative charge. Suppose that 
a positively electrified rod C is held near an insulated uncharged 
conductor AB (Fig, 31). A majority of the lines of force, which start 
from the electrified rod C, travel through air and terminate on the 
nearer end of A. For this reason the end of the conductor nearer 
the inducing positive charge develops a negative charge. Now AB 
as a whole is neutral. So the number of lines of force entering at A 
is equal to that leaving the end B. Therefore positive and negative 
charges induced on conductor are equal to each other in magnitude. 

Since all the lines of force starting from C do not terminate on A, 
a few of them find their ways to the neighbouring bodies. The posi- 
tive charge on C is, therefore, generally greater than the induced 
charge on A, except in a special case as discussed in Art. 34. 


When the conductor is earthed, the electrons from the earth come 
to the conductor, some of which neutralise the excess positive charge 


Fig. 31 Fig. 32 


at this end. Hence the induction on A by C becomes more effective 
and a greater amount of negative charge is induced on A. Conse- 
quently, a larger number of lines of force from C terminate on A. 
Finally, when the earth connection is cut off and the charged body 
is removed, the negative charge is distributed all over the conductor 
(Fig. 32). 


We are now in a position to explain how a gold-leaf electroscope 
is charged by induction. Whenever a rod (say, positively charged) 
is brought near the disc of an uncharged electroscope, a number 
of lines of force starting from the rod terminate on the disc. Thus 
a negative charge is developed on the disc. Since the composite 
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conductor consisting of the disc, the brass rod and the leaves is 


TO EARTH 
(a) (b) (ot 


Fig. 33 

neutral,the number of lines of force emanating from the leaves will be 
equal to number terminating on the disc. Since the tin foils within 
the electroscope almost enclose the leaves and are earth-connected, 
almost all the lines of force starting from the positively charged 
leaves terminate on the tin foils. That these lines of force tend to 
drag the leaves apart is shown in Figure 33 (a). On touching the 
disc, positive charge on the leaves goes to the earth and the lines of 
force between the leaves and the foils vanish. The leaves, being now 
under no tension, collapse as shown in Figure 33 (b). On taking 
away the charged rod, the negative charge on the disc gets distributed 
all over. Now as the disc and the leaves are charged negatively, the 
tin foils acquire positive charge. The lines of force between the tin 
foils and the leaves are shown in Figure 33(c) The lines act as so 
many elastic threads and draw the leaves apart. This is how the di- 
vergence of the leaves can be explained. It may be mentioned that all 
the lines of force originating from the charged rod do not terminate 
on the disc of the electroscope. Hence the induced negative charge 
on the disc is slightly less than the positive charge on the rod, 


31. Electroscope as a Measurer of Potential—If the disc of an 
electroscope is charged positively, due to mutual repulsive force a 
portion of the charge goes over to the leaves. The leaves as well 
asthe disc form a single charged system and so acquire a uniform 
positive potential. The tin foils attached to the base of the instru- 
ment are earth-connected and so they are at zero potential. There- 
forethere is a difference of potentials between the leaves and the 
foils, the leaves being at a higher potential. The positive charge 
residing on the surface of the leaves consequently tends to move from 
a higher potential to a lower potential in a direction from the leaves 
io the foils. In doing so it draws the leaves towards the foils. 
There is thus a divergence of the leaves. The higher is the difference 
of potentials between the leaves and the tin foils, the greater is the 
amount of divergence. ) 

In the case of a negatively charged electroscope, the divergence of 
the leaves can as well be explained as follows: The leaves have got a 
negative potential and the tin foils are at zero potential. Therefore 
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there is a fall of potential in a direction from the tin foils to the 
leaves. But the leaves have got negative electricity, which has a 
tendency to move up the grade of potential. Thus the negative 
charge in moving towards the foils draws the leaves apart. 


32. Uniformity of Potential ofa Conductor—It has been stated 
that if two points having different potentials are connected by a 
5 metal wire, there is a flow of 
electricity through the conduc- 
ting wire tending to equalise the 
potential. Hence an extended 
surface of a charged conductor 
would have a uniform potential 
all over. The reason is that if 
there is a difference of potentials, 
electrons flow from one at the 
lower to the other at the higher, 
until there is an equalisation of 


potential. 
" The fact can be experimen- 
Fig. 34 tally shown in the following 


way.—Charge an insulated metal conductor fixed to a suitable stand. 
Take a proof plane and connect it with a fine metal wire to the disc 
of an uncharged electroscope. Then hold the proof-plane by the 
insulating handle and bring the proof-plane in contact with the 
charged conductor (Fig. 34). Observe that the leaves of the electro- 
scope diverge to Some extent. Move the proof-plane to different parts 
of the conductor. Observe that the divergence remains unaltered. 
Since the amount of divergence is a measure of the magnitude 
of the potential, it can now be said that potential at any point over 
the surface of the conductor is uniform. But it should be remembered 
that although the potential over a conductor is uniform, the surface 
density of charge generally varies from point to pointon its surface 
depending upon the shape of the surface of a conductor. (Vide art. 18). 


33. Potential inside a Hollow Conductor—It has been shown 
that no electrical charge can reside on the inner surface of a charged 
hollow conductor and that 
there cannot, therefore, be any A 
line offorce within the hollow - 
space of such a conductor. 

Consequently, the intensity 

of the field is zero inside a B 
conductor, and hence the poten- E ü 

tial is the same at all points 

within a hollow conductor. The 

following experiment verifies the 

statement. 

Place a metal vessel B on ap f 
insulating stand and charge it 4 
(Fig. 35). Take a non-conducting Fig. 35 
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tod A and coil a long fine wire round it at one end and connect 
the other end of the wire to the disc of an electroscope E. Place 
the electroscope ata considerable distance from the vessel, so that 
there is a very little inductive influence between the two. An earthed 
metallic sheet, interposed between the vessel B and the electroscope, 
serves as a good shielding against the inductive effect. (Vide Art. 36). 
The experiment shows further that there may be a conducting sur- 
face at a certain potential but without any Charge on it. 

Hold the rod with the hand and gradually lower the coiled end 
within the vessel. Notice that the leaves gradually diverge, This 
shows that as we approach the inside ofthe vessel from outside, 
the potential gradually rises. When it is well within the vessel, the 
divergence reaches a maximum value. Move the rod to various 
regions within the vessel and observe that the divergence remains 
unaltered, proving that the potential reaches a maximum value. 


Make the wire touch the inside of the vessel, in which case the 
divergence of the leaves.remains unchanged. This shows that the 
potential inside the vessel is equal to the potential of the surface of 
the vessel. But occasionally it is seen that when the coil actually 
touches the inside of the vessel, there is a slight increased divergence. 
The reason of this fact is that the system and the vessel B form 
a condenser (vide Chap. IV),so long as they do not touch each other. 
But as soon as the wire is in contact, the two forma single system 
and their capacity diminishes slightly. Hence the potential of the 
wire system increases by a small amount, as shown by the slightly 
increased divergence of the leaves. 

To demonstrate accurately the equality of potentials, the following 
experiment is to be made, Within the vessel B, place an uncharged 
electroscope, So that its base isin contact with the inside ofthe 
vessel. The disc of the electroscope should remain within the hollow 
space. Observe that there is no divergence of the leaves. This 
proves that the disc as well as the base are at the same potential ; 
that is to say, that the hollow space has got the same potential as the 


body of the vessel. 


Examples : 

1. A hollow spherical conductor is charged with 20 e.s. u, of electricity, 
Find the potential (a) at the surface of the sphere, (b) inside the sphere (c) at 
a distance of 40 cms, from the centre. The radius of the conductor is 5 cms, 
"" A. The capacity of the sphere is evidently 5 e.s.u. and it is charged with. 


isu. of electricity. Hence the potential of the surlace of the spherce 
ee atta dean We know that the elecirical potential inside a holiow 


0-5 h 
cut is the same as that ofits surface. Hence the potential inside the 
sphere is also 4 e.s.u. (stat volt). TERA 

ideri i int outside the sohere, all the charges may 
In considering potential at a point outsi » all are required 


be supposed to the concentrated at its centre. Hence, ty (27, 3), 
potential is equal to (20+40) e.s,u. 0*5 ¢.s.u. 
1 i 2d d 
34. Faraday's Ice-pail Experiment—It has already been prove 
that, in general, the inducing charge on a body is greater than the 
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induced charge on another body placed near it. But when the shape 
of the induced conductor is such that it completely encloses the 
inducing body, the induced charge becomes equal to the inducing 


VAILLA ELEEESISLEET 


(a) Fig. 36 (5 


charge. This was experimentally demonstrated by Michcal Faraday 
in his well-known ice-pail experiment, The vessel employed was an 
ice-pail and hence the name was derived (fig. 36). The following are 
the details of the experiment. 

A deep metal can A of the form as shown in Fig. 36 is placed on 
insulating stand. The outside of the vessel is connected with the disc 
of an uncharged (say, positively) electroscope and is then gradually 
lowered into the can without touching its edge, The leaves of the 
electroscope gradually diverge. When the ball is well inside the can, 
the divergence acquires the maximum value. (i). On moving the ball 
within the. space inside the can, the divergence remains constant. 
(ii) When the ballis made to touch the can, even then there is no 
change in the divergence, (iii) On taking out the ball thecharge on 
it is examined. It is found to have been completely discharged. (iv) 
On examining the nature of the charge on the electroscope E, it is 
found to have acquired a positive charge. 


Farr emoved from other bodies, a positively charged. ball has got 
a number of lines of force starting radially from it. But ‘when the 
ball is gradually lowered into the can, a majority of lines of force, 
which start from the ball, terminate on the inner surface on the can 
[Fig. 36(b)]. The inner surface of the vessel thus acquires a negative 
charge, and due to the inductive influence the outer surface as well 
as the disc of the electroscope acquires a positive’ charge. The 
leaves, therefore, diverge with positive electricity. When the ball is 
well within the can, all the lines of force starting from the positively 
charged sphere terminate on the inside surface of the can [Fig. 36(a)]. 


The inductive influence is now maximum and so the divergence 
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the leaves is greatest. On moving the ball well within the vessel there 
is, therefore, no change in divergence. 


At this stage the amount of positive charge associated with the 
ball is equal to the induced negative charge on the inside surface of 
the can, If now the ball is made to touch the can, the two equal 
and opposite charges neutralise each other. Now the remaining 
positive charge on the outside surface of the can and on the electro» 
Scope remains undisturbed and therefore no change in the divergence 
of the electroscope is noticed. The ball can be examined by taking 
it out and placing it before an uncharged electroscope, when it would 
be found to contain no charge. That the outside of the can and 
the electroscope are charged positively by induction cin also be 
examined by placing the combination before a positively charged 
electroscope. 


Inducing Power of Charged Body—The very definition of lines of 
force suggests that every line of force starting from a positively 
charged body would ultimately terminate on some objects placed 
either nearby or far. Since a line of force is Supposed to start from 
Some positive charge and end on an equal amount of negative charge, 
the total amount of induced negative charge is always equal to the 
amount of positive inducing charge. In ordinary induction experi- 
ments with two metal balls, the iines of force Starting from the 
inducing body do not all terminate on the induced body and hence 
the induced charge is found to be less than the inducing one. 


35. Factors determining Potential—The following are the factors 
influencing the potential of a conductor :— 


(i) The potential of a conductor increases with the amount of 
charge given to it.—Since the potential of a conductor is measured by 
the amount of work on a unit positive charge in bringing it from 
infinity to a point very near the conductor, the force on the unit 
charge at every point is proportional to the amount of charge on the 
conductor. Therefore the potential is directly proportional to the 
amount of charge associated with the conductor. 

(ii) The ay be ile 
upon the size of the conduc- exco 
tor for a given amount of 
charge.— The larger is the ex- 
posed surface, the less is the 
potential. In order to verify 
the above statement take a 
softtin foil A, to which a D 
roller B of glass is attached 
(Fig. 37). The lower edge 
of the sheet is provided 
with a small load E to 
keep it stretched whenever 
required. The lower end 
ofthe sheet is connected to an electroscope. 


Pt. II/M—8 


Fig. 37 
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Charge the sheet when it is unrolled and notice the deflection. 
Now roll it up gradually and observe that divergence of the leaves 


increases. The rolling up produces a diminution of the extended 
exposed surface and the increase of divergence is an indication of the 


rise of potential. 


(iii) The potential of a 
conductor is lowered due to 
the presence of other con- 
ductors in its vicinity.—W hen 
a conductor is placed near 
a charged body, due to the 
inductive influence an 
opposite kind of charge is 
induced on the nearer end 

Fig. 38 of the conductor. A part 
of the charge on the electrified body is kept bound by the induced 
charge and is not allowed to take part in any other function. This 
explains a reduction of potential. The lowering of potential is very 
prominent when the neighbouring conductor is earth-connected 
since the inductive effect is then maximum. 

Take an insulated charged conductor A and connect it to an 
electroscope with a copper wire. The leaves are found to diverge. 
Bring a conductor B near it. The divergence decreases. Connect it 
to the earth. Observe that the divergence diminishes considerably 
(Fig. 38). It isto be noted in this connection that as the distance 
between the conductors decreases, the potential is lowered further. 
Therefore there is also a distance effect between the conductors in 
its potential measure. 

(iv) The potential of a conductor depends upon the nature of the 
dielectric medium surrounding the charged body.—We know that the 
force of electrical attraction or repulsion in a medium is reduced by a 
fixed proportion to that in vacuum. Hence the potential also, which 
is a measure of the work done, is reduced by the same ratio. 


36. Electrical Screening.—It has been stated (Art. 33) that the 
potential inside a hollow conductor is uniform and is equal to the 
potential of the surface of the conductor and 
that, in consequence, there can be no lines of 
force passing through the hollow space, what- 
ever may be the external field. It is evident, 
therefore, that if a charge-detecting apparatus, 
(e.g., an electroscope) be placed within covered 
metallic vessel, it would remain unaffected by 
any outside electrical influence (Fig. 39). This 
is known as electrical screening. Faraday 
constructed a metallic cage made of a fine wire 
mesh and entered into it. The cage was 
connected to an electric machine and was raised 
to a very high potential. He was perfectly 
safe inside it and could carry on with some 
electrical experiments with least disturbance. Fig. 39 


WOO 
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The screening effects can also be obtained with an earth-connected 
metal plate in front of a charged body. The function of the plate, 
when connected to earth, is to absorb almost all the lines of force 
from the charged body, in the direction in which the plate is placed. 
If now an electroscope be placed on the other side of the plate, the 
former is almost completely screened from any influence of the 
electrical charge. Figure 38 shows the distribution of the lines of 
force. Note that no lines at force can reach the electroscope. 


EXEROISES ON CHAPTER III 
Referen 

1. State the law of force between two point charges of jd 
electricity and state how it is applied to define unit quantity of 
electricity. (U.P.B.— 1964 ; Cf. E.P.U.—1961; Del. U.—1951 H 

Pat. U.—1951 ; Del. H.S.—1954) 

2. Two pith-balls each weighing 1 gm. and suspended from Art. 20 
the same point bya silk thread 30 cms. long, are equally 
charged and repel each other toa distance of 8 cms, What 
is the charge on each ball ? 

Ans. 289 e.s.u. 

3. Define intensity of an electric field. Two pith balls each 
weighing 0'1 gm. and suspended from the same point by silk 
threads 40 cms. long are equally charged at a distance of 10 cm. 
between them. What is the charge on each ball. (Dac. U.—1959) 

Ans. 35 e.s, u, 

4. A charge of 100 e. s, units is concentrated at a point. Art. 20 
What work will be required :— 

(a) to bring a unit positive charge charge from infinity to a 
distance of 20 cms, from it. 

(b) to carry a unit positive charge once completely round 
it ina circle of 10 cms. radiu: ? Give reasons for your answer. 


(U.P.B.—1654) 
Ans. 5 ¢.g.8. ; no work. s 
5. What do you understand by an electric field? Establish Arts. 
the relation between the intensity and potential at a point 21 & 27 
in an electric field. (Del. H 8.—1953) 
6. Two small spheres of equal size, 8 cm, apart inair, carry Art, 20 


charges of +16 and —9 units respectively. Draw a large diagram 
showing the arrangement of the lines of force. Determine the 
position of the point at which there is no resultant electric force, 
(C U.—1951) 

Ans. 32,cms, from positive charge in the direction ofthe 
negative charge. P 

7. A, Band Care three corners of an equilateral triangle Art. 27 
whose sides are 5 cms. in length. Two point charges of +100 
and —100 e.s. units are placed e A and TUE AAA Find the 

irectii i resultant electric field at C, 
direction and magnitude of r ERU 95 
^ its in a direction parallel to AB, 

eee TUE H 10 dd 5 ee units are placed in air at the Art, 20 
vertices A, Band C of an equilateral triangle ABC having sach 
side 3 cms. long. Find the resultant force on a unit charge at D. 
What is the direction of the force? ^, AB P.U.—1961) 

Ans. $$dynes, The direction makes 60* with CB 

9. A metal sphere of radius 5 cms. is charged with 100 e.5.u. Arts, 
of positive electricity. Calculate the intensity and potential of 21 & 17 
the electric field ata point at a distance of 10 cms. from the 
centre of the sphere. (Del. H, $.—1963) 

Ans, lesu,.;10e..u. n 
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Reference 
Art. 26 


Art, 28 


Art. 28 


Att. 17 


Art. 27 


Arr 31 


Art. 33 


Art. 24 


Art. 34 


Art, 34 


Art, 35 


Art. 36 


Arts. 
18 & 32 


Art. 36 
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10. What do you mean by the potential ofa conductor ? 
(Del. U.—1953 ; C. U.—1963; Pat. U.—1963, '68 ; 
Raj. U.—1960) No 

11. Charges of 10 e.s.u. of positive electricity are placed at 
the four corners of a square each side of whichis8 cms. Cal- 
culate the potential at the point of intersection of the diagonals. 

Ans. 5V2 e.s.u. Ay Ay 

12. Charges of 6, 12 and 24 units of positive electricity are 
placed at the three corners of a square. Find what charge must be 
placed at the fourth corner in order that the potential at the 
centre of the square may be zero, (U.P.B.—1951) 

Ans. 42 units of negative charge. ; 

13. Obtain the value of potential at a point due to a 
single electric charge +q at distance r from it (E. P. U.—1963 ; 
Raj. U.—1958 ; Pat. U.—1959, 63; C. U.—1954; Utk. U.—1963, 
'64 ; Del. H. S.—1962; Del. U.—1966 ; Nag, U.—1968.) 

14. Three equal charges, each of q units, are placed at the 
three corners of a square of side a cms. Find the potential at the 
fourth corner. 


41522) uni 
Ans. ava units, 


15. Explain the working of an electroscope. How will you use 
itin measuring the charge and potential of conductor ? 
(Pat. U.— 1°62 ; Del, U.—1967) 
16. How can you show exrerimentally that the potential 
throughout the inside of a hollow conductor, charged with 
electricity, is the same as that outside and that there is no charge 
inside ? (Utk. U.— 1964) 
17. On an insulated stand is placed a metal can, the outside 
of which is connected to a gold-leaf electroscope. A charged 
metal ball hung by a silk thread is gradually lowered into it, till 
it touches the bottom. Describe and explain the effects pro- 
duced. ^ (Utk. U.—1963) 
18. The quantity of charge produced. by induction in equal 
to that on the inducing body. How will you prove the statement 
by an experiment ? (And. U.—1962 ; C. U.—1952 
Pat. U.—1959) 
19. What is Faraday's Ice-pail Experiment? Describe it in 
dctail, stating the principle it proves. (Dac, U.— 1948, '63 ; 
? , P.U.—1957; E. P. U —1953; Utk. U.—1964) 
20. A is an insulated metallic disc charged with positive 
electricity. B and C are two other insulated metallic discs at 
equal distances from A and on opposite side of it, each having 
a small electric pendulum suspended at its back. State what will 
happen to the pendulum when 
(a) Band Care touched with bands ; 
(b) after touching, B is moved near to A ; 
(c) instead of moving B towards A, a plate of shellac is 
interposed between B and A. (C. U.— 1955) 


..21. How would you protect a delicate instrument from the 
disturbing effects of charged bodies? Explain. (Dac. U.—1962) 
22. The density of electrical charges on the surface of a 
fearshaped conductor varies from point to point, but the 
potential is the same all over it. Explain this and describe an 
experiment in support of the statement. (Utk. U.—1959) 
23. „Explain what happens when a gold-leaf elcctroscope is 
placed inside an insulated wire cage and the cage is strongly 
charged by an electrostatic machine. (Pat. U.—1967) 


" 
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CHAPTER IV iN 
CAPACITY AND CONDENSER N 


37. Capacity ofa Conductor—It has been stated in Art. ^30 
that the potential of an insulated conductor increases with the 
amount of charge given to it. Thus if Q be the amount of charge 
imparted to a conductor, which is thereby raised to a potential V, we 


then have, 

* Qe V, or Q-CxV. (37.1) 
where C isa constant of proportionality which depends upon the 
shape and volume of the conductor, the nature of the medium and 
the neighbourhood of other bodies. This quantity C is called the 
electrical capacity of the conductor. 

We may write (37:1) in the form : 
cQ quantity of charge , (372) 


i 
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i.e., the capacity of a conductor can be measured by giving to it a 
definite amount of charge and determining the consequent change of 
potential. Therefore, the amount of charge given to a conductor to 
raise its potential by unity is a measure of the electrical capacity. 


A similar principle is often adopted in measuring the storing 
capacity of a water reservoir. A known quantity of water in gallons 
is poured into it and the rise of water-level is found within it. Then 
its capacity may be expressed in the form,— 

Gannett _number of gallons of water poured 
Be rise in height of water-level (in feet) 


The definition of unit of electrical capacity follows directly from 
eqn. (37:2) for if Q—1 unit of charge (e.s. u.) and V=1 unit of 
potential (e. s. u.), then C=1 unit of capacity (e. s. u.). Therefore, 
we may say that a conductor has a capacity of one electrostatic unit 
when one unit of charge (e. s. u.) raises its potential through unity 
(e.s. u.). This is a very small unit. 

The practical unit ofa capacity is a farad, which is 9x 101+ 
electrostatic units of capacity. For convenience, one millionth (10 9) 
part ofthis quantity is taken as the practical unit of capacity and 
is called a micro-farad. Thus 

1 micro-farad—9 x 10** x 107-9 —9 x 105 e.s.u. of capacity 


38. Capacity of a Spherical Conductor—Let A be a spherical 
conductor of radius r ems with its centre at O +A 
and having some charge Q on it (Fig. 40). : 
Remove it far from other bodies and place 
it in vacuum so that it may not have any 
effect of induction from outside. The charge 
would then be distributed equally at all parts 
on its surface. The lines of force, starting 
from the charged sphere, would be all radial 
as if originating from the centre O. Thus, 
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when considering any point on the sphere or outside it, the 
charge Q may be supposed to be concentrated at the centre O 
instead of being distributed on the sphere. 


Then the potential V on the surface of the sphere- 9. tes T) 


But, by the definition of capacity, v=8. ...(38.2) 


Comparison of equations (38.1) and (38.2) gives 
Q/r=Q/C, whence C =r. " (38.3) 
Thus the capacity C of a sphere placed in vacuum is numerically 
equal to its radius expressed in centimetres, When r-1cm. C=] 
e.S.u. Therefore a sphere of radius one centimetre has got one 
electrostatic unit of capacity. For this reason electrostatic capacity 
is sometimes expressed in terms of centimetres : &.g., a capacity of 
X cms. means the electrostatic capacity ofa sphere of radius x cms. 
If the sphere is placed in medium of di-clectric constant k, then the 
potential at a distance r is Q/kr. Then kr becomes equal to C. 


Examples — 
1. To what potential mu:t we charge an insulated sphere of 14 cms, radius, 
so that its surface density be 1 e.s.u. rer sq. cm. ? LP, U. — 1952] 


Ans, Since the capacity ofan insulated sphere is numerically equal to its 
radius, the electrostatic capacity of the sphere is 14es.u. The surface area of 
this sphere is (47x 142) sq cm, and for the surface density of the charge to 
be 1, the amount of charge associated with the sphere is (47 x 142) e.s,u. 

2 
Now the potential ve Q- Are siu (dx 314x14) e,5.0.—175:84 e.s.u. 


Since 1 e.s.u. of potential difference=300 volts, V—52,752 volts. 

2. Two metal balls of radii 5 cms. and 4cms, are charged to the 
potential. Compare the surface densities of charge on the balls, [Pat,U.—1952] 

Ans. Since the capacity of a conducting ball far removed from other bodies 
is numerically equal to its radius, the capacities of the two balls are 5 and 4 


C. G. S. units, Let the potential of each be V. If thei 
€ G. S. unit; p eir charges be Q, and Qg 


=Q1_Q: 
v SE ae 


Let à, and 3, be the surface densities of ch š 
Qi. o | (Nai tinct S narge on the ball, Then 


4X 52X81 4mx4?x8, 
5 4 


3. Sixty-four spherical} drops, each of radius 2ie 
charge, combine to form a bigger drop. Find its canta 5 


» whence 3, : 8—4 : 5, 


d carrying 5 units of 
nd potential. 

Ans. The capacity of each individua! 
is(5—2),225e..u. But when they combine the tot 
64x$7 X2? =t7 xR, c.c. say, whence R=the radi PCS. 


Thus the capacity of the bi = i 
du fa dy bigger drop=8e s, u.=four limes as large as that 


Again the totai charge of the bigger drop (5x 64) e.s.u, — 320 e.s.u. 


Hence the potential of the biggeg drop-.Charge 320 = 
capacity 8 €.5.u.—40 e.s.u. 
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.4. A sphere of radius 10 cms, and potential 30 units is placed well insulated 
within a hollow metallic sphere of radius 25 cms. If accidentally the inner 
sphere happens to touch the outer sphere, to what potentialis the outer 
sphere raised ? 

Ans. The sphere of radius 10 cms, has a capacity of 10 e,s.u, The electrical 
charge on the sphere=(its capacity) x (potentia! )=(10X 30) e.s.u.—300 e.s.u, 


When this sphere is placed within a hollow metal sphere and the two are 
placed in contact,the entire charge comes to the outer sphere which is now 
charged with 300 e.s.u, of charge. The capacity of the outer sphere is equal 
toits radius, irrespective of its being hollow or containing any body not 
connected with the earth or any outside body. 

charge _ 300 
capacity 25 

39. Factors determining Capacity—We have seen in (37,2) 
that the potential is inversely proportional to the capacity of a 
conductor for a given amount of charge on its body. The capacity 
of a conductor depends upon the following three factors : 

(i) the size of the conductor—If the size of the conductor is in- 
creased, it capacity increases. (Vide Art. 26): 

(ü) the neighbourhood of other bodies—The capacity of a 
conductor is increased due to the neighbourhood of other bodies. Its 
capacity is considerably increased, if there is an earth-connected 
conductor near it. This principle has been adopted in the construc- 
tion of practical forms of condensers. (Vide Art, 43) 

(iii) the nature of the medium surrounding the conductor—If 
vacuum surrounding a conductor be replaced by any other medium, 
its capacity is changed by a certain ratio. This ratio is different for 
different media. Thus if C, be the capacity of a conductor in 
vacuum and C, that of the same conductor in any other medium, 
then C, —KC;, 
where kis called the specific inductive capacity forthat medium. 
Here k is a pure number and it is the ratio e/eo, where «;— 
permittivity of vacuum and e=permittivity of the medium. 


40. Energy of a Charged Conductor—When an uncharged 
conductor is given an amount of charge, its electric potential rises by 
acertain value depending upon its capacity. The whole quantity of 
charge cannot be given to the conductor all at once; but it is 
supplied to the conductor during a very small interval of time. 
Suppose that the total charge Q.to be supplied is made up ofa 
number of unit charges. At the first unit goes to the conductor, it 
is raised through a certain positive potential v, say. The second 
unit now moves towards the conductor and in doing so it encounters a 
repulsive force. There/ore, an amount of work would now have to be 
done in order to carry it up to the surface of the conductor, When 
this is done, the potential of the conductor is raised through double 
the original potential, i.e., through 2v. When the third unit is made 
to move towards the conductor, it experiences a still greater force 
anda greater amount of work is required to hand it over to the 
conductor, and so on. 


Thus as charges are successivly brought to the conductor, 
corresponding to each instalment of transport, except for the first 


Thus the required potential= €.s.u, —12 e.s.u. 
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charge, work is done. The sum total of these little pieces of works for 
the whole amount of charge Q is stored up in the conductor as its 
electrical potential energy. This called energy of the charged 
conductor. 

When the first charge isabout to flow to the conductor, its 
potential is nil. When the last charge is given to the conductor, its 
potential becomes Q/C, where C stands for the capacity of the 
conductor. 


Then the average potential of the conductor= 40+Q/C) = a. 
We may suppose that all the charges flow to the conductor, while 
its average potential is maintained at 2 


2 
«the total work done=total energy = w (40, 1) 
Now since Q=CV, the total energy S = acy roy ...(40,2) 


Any one of these three expressions represents the energy of a 
charged conductor or condenser placed in vacuum. The energy is 
expressed in ergs. 

,. Equation (40,1) can be derived from the principles of Calculus in the follow- 
ing way. In the process of charging a conductor let 4q be the charge at one 
stage, while the potential is V. If C be the capacity of the conductor, Wr 


If at this stage an amount of Charge dq moves to the conductor, 


the work 
done is evidently Vaq=2, dq. 


Then the total amount of work done, when a charge 
conductor, is rge Q moves to the 


Example— 


` A sphere of radius 10 cms, is charged with 20e,s. units of electricit 
Calculate the work done in giving to it an additional charge of 4 units Ki 
electricity, (Nag. U.—1955] 


Ans. Work done in chargin a sph i i 
esu.) with Desnis Prete of radius 10 cms. (capacity also 10 


(charge)? _202 
2x (capacity) 29 ` 8520 ergs. 
30 work done in charging the same sphere with 24 e.s.u. 


aca €rg5—28 8 ergs, 


. units, at which 4 e.s. 
. Hence work done=(average 
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41. Distribution of Charge over two connected Conductors—Take 
two isolated conductors A and B having charges g, and qa and 
capacities C, and C,. Let the potentials be V, and V, respectively. 
Then the potential of A is q,/C, = V4 and that of B is —7453/C,.— Va 


When they are connected (Fig. 41), they would havea uniform 
potential. Let the common potential be V. The total charge Q of 
the coductors is=g, +q, and also the 1 


total capacity C 2 C, --C,. © 
Since Q=CV, g,=Q,V,and g, —C,V,. 
—. total charge ^ CV +CV; 7 
resultant capacity C,+C, ^ |i 


After contact let the charge on A be q' 
and that on B be g”. Since each conductor Fig. 4l 
18 now at the common potential V, we have q’=C,V and g’=C,V. 


If V, is greater than V,, the amount of charge q, —4' will flow 
Du A to B, which is also equal to g"—4s, the increase of charge 
on B. 


Examples— 


1. A conductor of capacity 75 is charged to a potential 20 and is then made 
to share its charge with a conductor of capacity 25. What will be the final 
charge and the potential of each ? [C. U.—1953] 
, A. Since the quantity of charge acquired by a conductor is the product of 
its capacity and potential, the first conductor has a charge of (75X 20) e s.u., 
721500 e.s.u. After electrical contact the capacity of the combination is (754-25) 
€,su.—100e.s.u. Their common potential V is then given by 


y Iesultant capacity _ 1500 Bau. 95 eeu 


total charge 100 
. Thus the potential of each is 15 e.s.u. Again, the charge acquired by each 
is the product of the individual capacity and potential. Thus the charge of the 
first conductor after contact is (15x 75)21125 e.s.u., and that of the second is 
(15x 25) 2375 es.u. 

2. A body of capacity 10 units is raised to a potential of 20 units and is 
then brought momentarily into contact with a body of capacity 15 units. What 
is now the potential of the first body and what charge must be given to it to 
raise its potential once more to the original value ? [Gau. U.— 1953) 

.A. Since the electrical charge on a body (its potential) X (capacity), the 
initial charge g; on the first body =(20 10) e.s.u.=200 e.s.u. 

When the two bodies are in contact, the resultant capacity of the system — 

C,4C4-25e.u. Sothe resultant potential=— total charge — 200 o ou. 
resultant capacity 25 
=$ e.s.u. 


Evidently, the potential of the first body is brought down from its initial 
value of 20 e.s.u. to 8 e.s u. after contact, 

.. the charge on the first body after contact- (10x 8) e.s.u.—80 e.s.u. 
To raise the body once more to a potential of 20 units, the charge 
required is (200—80) e.s.u.—120 e.s.u. 

3. A spherical conductor of radius 8 cms, is charged positively with 80 units 
of electricity and then connected with another spherical conductor of radius 4 
cms, carrying a negative charge of 40 units. Find the potential of each sphere 
before and after contact. [Utk. U. —1952) 
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Ans. Since the radius ofa spherical conductor is equal to its capacity in 
electrostatic units, the two conductors have individual capacities of 8 e.s.u. and 
4e.s.u, Again, since V=q/C, so before contact 


the potential of the first conductor=82=10 €,s.u. of potential ; and 


» +» second ,, ==% —10 e.s.u. of potential. 
After contact they acquire a common potential V given by 

— total charge .80—40 40 

resultant capacity 8+4 —12 


-3 €.s.u. of potential. 


42. Condensers—Any contrivance, by which electricity may be 
Stored on a conductor, is called a condenser. A condenser in its 
Simple form consists of two metal plates placed near each other and 
separated by a dielectric medium (Fig. 42). Its principle of action 
may be understood from the following experiment.— 


Ifan insulated charged conductor A is connected toa gold-leaf 
tlectroscope, divergence of the leaves gives a measure of the 
potential developed onit. If 
now other metal plate B, 
connected to earth, is brought 
near the plate A, the diver- 
gence of the leaves consider- 
ably decreases, Showing a fall 
of potential of A (Fig. 42). 
Since the amount of charge 
imparted to A does not 
change, its capacity must have 
increased in the same 
proportion. 


The decrease of potential 
due to the introduction of an 
earth-connected plate can be 
explained in the following way. Due toa certain amount of charge 
on the plate A it has certain positive potential on its surface. When 
B brought near, it acquires a negative charge by induction, its posi- 
tive charge flowing to the earth. Due to the negative charge on B 
negative potential is superposed on A. For this reason, the potential 
of A is reduced by some amount, which is equivalent to’ an increase 
of capacity. 


It is evident from what has been stated above that as B is made 


Fig. 42 


to approach A, (i.e., as the distance between the plates decreases), . 


a greater negative potential due to B is superposed on the positive 
potential at the surface of A and therefore the potential of A is 
reduced more and more. Or, in other words, the capacity of such a 
condenser increases as the distance between the plates decreases. 


*43, Parallel Plate Condenser—When two conducting plates are 
placed parallel and very close to each other, the combination is 
known as a parallel plate condenser. 


—— 
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, In calculating the capacity of such a plate condenser, let us 
Imagine that both the plates have got an equal face area and are 
charged with equal and opposite quanti- 
ties of electricity (Fig. 43). Then all 
the lines of force starting from the 
Positive plate terminate on the nega- 
tive plate. „Since the distance betwen 
the plates is very small, all the lines 
may be Supposed to be straight within 
the air space between the plates 
(Fig. 44). Due to lateral pressure i 

between the lines of force the bending Ru; fA 

ofthe lines of force takes place nearthe edges. The closer is the 
ei es lesser A npe bending. The gradual straightening of the 

orce, as the plates are brou a is i 

annexed three figures (4a, b, c). NIS PX a 


"i CREE 


iE 


(b) (e) 
Fig. 44—Lines of Force between Paral'el Plates 

Let the face area of either of the plates be=A sq. cm. 

the distance between the plates =f cm. 

and the charge per unit area of the plates —c e.s.u. 

Then the total quantity of charge Q on either plate is Ac. 

The potential ofthe plate A with respect to B is the amount 
of work done in carrying a unit charge from Bto A. Since the 
lines of force (induction) are all parallel and are normal to the plates, 
the intensity F at any point within the space between the plates is 
uniform. 

Thus VA—V2- Ft. 

Since « is the surface density of charge on the plates ‘and each 
unit charge emanates 47 (Faraday) lines of induction, therefore the 
number of lines of force per unit area must be 470, Then F—4zv. 


Thus the capacity C of the condenser AB is given by 
Gas OS A Ag: unite «(43,1 
Va Va di a e. S. units (43,1) 
lfinstead of vacuum there is any other non-conducting medium 
completely filling the space between the plates, the capacity is 
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increased by a certain ratio k depending on the nature of medium 
The ratio of the capacity of a condenser witha particular medium 
between the plates to that when the medium is replaced by vacuum Is 
called the specific inductive capacity (S. I. C.) or dielectric constant 
for that medium. With any medium of S.I.C. equal to k the 
capacity C of a parallel plate condenser is given by 


ae £5. (43,2) 


Tu actual practice, the plate B is frequently earthed. When V 
receives a certain amount of positive charge, B is negatively charged 
by induction. When the distance separating the two plates is 
negligibly small in air, the induced charge is very nearly equal to the 
inducing charge and the expression (43,1) represents the capacity. As 
the plates of the condenser are moved farther apart, the capacity of 
the combination decreases, and thus it behaves as a variable air 
condenser. 


Examples : 


n Calculate thecapacity of a parallel plate condenser having air as the 
dielectric, each of which has an area of 400 sq. cms., the distance between 


the plates being k mm, Be careful to state the unit in which you express your 


answers. 

‘Ans, Here A=400 sq. cms., t=0'05 cm, and we know that for air k—1. 

"cL Sage 400 

i amt 4x314x0705 
—,6329. microfarad =70°767 10-5 microfarad 
9x 108 we 

2, An air condenser has plates of 6 cms. diameter. At what distance should 
the nn be placed so as to have the same capacity as a sphere of diameter of 

ms. 

Ans. Let the distance between the plates be t cm. The radius of each plate 
is3 cm,-and so the area A—(314X3*) sq. cms, Thus the capacity C of the 
condenser is given by 

H 2 
314x3 e.S.u. x e,s.u. 


Cant  AX314xt At 
Since a sphere ot radius 1 cm. has a capacit. i : 
r t l y of 1 e.s.u., a sphere of diamete 
100 cms. has a capacity of 50 e.s.u. which by the idend condition equals M 
Thus a7 whence the desired distance tas cm. ='045 cm. 
3, A parallel plate condenser of area 100 sı i 
q. cm, and plate separation 2 
mm. has one plate earthed and the other connected toa ane spHere c f 
radius 2 cms. by a thin wire. What charge must be given to the sphere to raise 
its potential to 50 C.G.S. units ? [Utk, U.—1951) 
Ans, The plate area of the condenscr —100 sq. cm, and the distance cf 
separation t=2 v Lm 2 n The capacity C of the condenser is then given by 
koi inr aK? 
The sphere of ra ius 2 cms. hasa capacity of 2 e.s.u. and the thin wire, bv 
which it is connected, has a negligible capacity. Hence the total capacity cf 
the system —(39'8--2) e.su.—4l'8 e.su. Any charge given to the combination 
would raise the system to a common potential, Hence to raise the system to a 
potential of 50 C. G. S. units, the'charge q required is given by the equation 
q=CV=(41'8x 50) e.s.u. of charge 2090 e.s.u. of charge. 


246369 e.s.u. of capacity, 


€.8.U.=39°8 e.s.u. of eapacity. 
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*44. Spherical condenser—It consists of a spherical metallic 
shell B in which there isa metal sphere A concentrically placed 
and having an air gap between the two (Fig. 45) 
The intervening space can be filled up with any 
other insulating medium, where necessary. 

Let the radius of the metal ball be a, and 
that of the inner surface of the metal shell be b. 
When a charge--Q is given to the inner sphere, 
a charge —Q is induced on the inner surface of 
the outer spaere anda quantity+Q is displaced 
to the outer surface. When the outer surface is 
earthed, the free charge+-Q goes to the earth. 

The potential of the sphere A absolutely free 
in space=Q/a. 

'The potential induced on A when placed 
within the shell — Q/b. 

4. the potential of A with respect to B= 
Q/a - Q;b. 9 i Fig. 45 

a à 

Hence C Ola-Qjb  P-a* e. s. uuits isis avi. ey 

Without the earthed shell the capacity ofthe ballisa. Since 
ab|(b—a) is clearly greater than a, we infer that this process increases 
the capacity of the conductor. 

If the intervening space is filled up with a medium of S.I.C.—&k, 
the capacity of the combination is given by 
ab á 
Cc kn e. s, units Hv .. (44,2) 

*45. Plate Condenser having a Compound Dielectric—Let the 
two conducting plates A and B (Fig. 46) be placed tcm. apart, 
having a slab of a nor-conducting 
substance of uniform thickness d cm. 
between them and of a dielectric 
constant k. Let Q be the amount of 
charge on the plate A, while B is 
connected to earth. Lete be the 
surface density of charge on either 


Crrrre rir 


plate. 1 
If F be the intensity of the Y 
electric field in air between the plates, Fig. 46 


the corresponding intensity within the slab is F/k. Then the 
difference of potentials between the plates VA— Vp — work done in 
moving a unit charge through a distance t-d in air and d in the 
dielectric— (intensity in air)x(i—d)--(intensity in dielectric) x d. 
therefore, by Art. 43. 


Es O3. Md 
Va- VA Ft - d)d- Fd » Ans(1 — d) 4s t d=4n0 t-d+¢ ) 
$ ergs 
3 unit charge 
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i Ae 
Hence the capacity C= Q € 
MAV And) 

Or, expressed in e.s. u, C= A ve (45,1) 


Asc e) 


46. Practical Condensers—It is now evident that the capacity of 
a condenser is increased, when a dielectric medium of high specific 
inductive capacity is introducted between the plates. For this Treason 
a practical condenser consists of two metal plates separated by a thin 
Sheet of some insulating material. Figure 47 represents a condenser 
made of two tin foils A and B Separated by a plated glass g and is 
known as Franklin’s plate or fulminating plate. The small fixed 
condensers, that are used in wireless receiving sets, consist of sheets of 
tin foils separated by sheets of mica. 

When a condenser of large capacity is required, a number of 
plates ^ separated 
from each other by 
some non-conduct- 
ing sheets (eg, 
paraffined paper of 
thin sheet of mica) 
is used. Alternate 
plates are finally Fig. 47 Fig.48 — 
connected together so as to form two groups of conductors (Fig. 48). 
This arrangement is equivalent to a single plate condenser having a 
very large surface area. 


Variable Air Condenser—It isa type of condenser in which the 
capacity can be continuously varied. It consists of two sets of nearly 
semi-circular aluminium plates placed coaxially and parallel to each 
other (Fig, 49). The medium between ths plates is air. The alter- 
nate plates are connected so as to 
form two sets of condenser plates. 
One set of plates may be rotated 
by a non-conducting knob at the 
top, and the amount of rotation is 
Shown on a calibrated circular 
scale. The other set of plates is 
fixed to the body of the apparatus. 
Since the capacity of such a 
System depends upon the effective 
face area of one set of plates just 
Opposite the other set, it is 
evident that when the rotating 
set is wholly insice the fixed one, 
the capacity ofthe condenser is 
maximum. But when one set is Fotated wholly outside, the capacity 
Stands ata minimum value, The minimum capacity of the condenser 
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depends upon the number and area of plates in a 

generally lies between 150 and 500 mlomeraieesten T Seas 
11 to l5plates. The minimum capacity is only 5to 10 micro- 
microfarads, Such a type of condenser is used as a variable condenser 
in the tuning arrangement of radio sets, the knob of the condenser 
corresponding to the tuning knob. 


47. Leyden Jar—One form of condenser is known 

jar, so named as it was accidentally discovered by Van a 
brock of Leyden in Holland. It consists ofa cylindrical glass jar, 
which fits inside and outside into two coatings of tin foils. The 
coatings extend to within a short 
distance from the top. This is in 
fact, a parallel plate condenser 
bent in that peculiar form. A stout 
brass rod terminating in a knob is 
in contact with the inner coating 
of the jar either directly or through 
a chain (Fig. 50). 

When the metal knob is con- 
nected to an electrical machine 
and the outer coating is connected 
to the earth, the combination be- 
haves as a condenser with a glass 
dielectric intervening the plates. 
Since the outer coating almost 
completly surrounds the inner 
one, the charges on the two plates 4 
are nearly equal and opposite. Fig. £0 Leyden jar 
This form of condenser serves as a large storehouse of electricity. 


Charging a Leyden jar—A Leyden jar may be charged positively 
or negatively. To charge the jar positively, the outer coating is 
usually held in the hand, while the inner one is connected to the 
prime conductor of an electric machine (Chap. V). To charge the jar 
negatively, the knob is connected to the negative terminal of the 
machine, while the outer coating is earthed. The jar may also be 
charged by holding the knob with hand attached to the inner coating, 
while the outer coating is presented before the prime conductor of 
the machine, the jar being placed on an insulating stand. 

Discharging a Leyden jar—A Leyden jar may be discharged 
either instantaneously or slowly. 

To discharge a Leyden Jar (as also other condensers) instanta- 
neously, a special appliance called a discharging tongs, is used. It 
consists of a pair of curved brass rods, fitted with brass knobs at 
one end, joined by a hinge at the other and provided witha glass 
handle (Fig. 51). One of the knobs is placed in contact with the 
outer coating ofthe jar, and the other is brought near the Knob 
of the jar. While ata short distance from the knob, a spark is 
seen to pass between the knobs, accompanied by a sharp crackling 
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sound. Thereby the jar gets discharged. This is called an instantane- 
ous or disruptive discharge. 

To discharge a Leyden jar slowly, a charged jar is placed on an 
insulating stand, and the knob 
and the outer coating are alter- 
nately touched by hand or are 
earth-connected. In thebegin- 
ning the inner coating is at a 
positive potential, and the 
outer is at zero. When the in- 
ner coating is earth-connected, 
a portion of the charge passes 
to the earth, so that negative 
charge on the outer coating 
ve predominates. When the nega- 

Fig. 51 tive plate is touched, an 
amount of positive charge comes from earth and neutralises a part of 
the negative charge. In this way every time a plate is earthconnected, 
a portion of its charge is neutralised, accompanied by a spark. Ulti- 
mately the jar is discharged. 


48. Seat of Charge in a Leyden Jar—In order to investigate the 
seat of charge in a Leyden jar, we shall have to take a jar, the parts of 
which are detachable. Figure 52 represents one form, in which A, B 
C are respectively the inner coating, the outer coating and the 
dielectric. 


The parts are fitted together and the inner coating is connected to 
an electrical machine, while the outer one is earthed. The whole 
` system is then placed upon a spacious non-conducting stand and the 
different parts are separated (as shown in the figure), the inner coating 
being removed by an insulating handle. Whilst in this state, A and B 
are separately examined with an electroscope. They would be found 
to be feebly charged with opposite kinds of electricity. But if the 
parts are now put 
together in their 
proper positions 
(the inner coating A 
being operated with 
an insulating handle) 
and thereafter if the 
two coatings are 
connected by a dis- 1 
charger, a spark Fig. 52 
takes piace, as if the charges have regained their strength owing to 
the introduction of the dielectric. Hence the coatings act mainly as 
energisers. 

The above experiment asserts that although the metallic coatings 
receive electrical charges, they receive the strength of discharge from 
the dielectric. The conclusion is that the energy of the charge resides 
mainly on the dielectric. 
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Residual Charge—A Leyden jar is slowly charged to a certain 
potential and then quickly discharged. If allowed to rest for some 
time, the jir is found to have acquired a potential of the same sign as 
before but of a smaller value,so that a second discharge, although 
weaker than the first, can be obtained as before. In this way, if the jar 
is quite dry, a third, fourth, and even a fifth discharge of rapidly 
diminishing surge can be obtained. These discharges are due 
to what are known as residual charges and are called residual 
discharges. 

Explanation—When the jar is charged to high potential, the 
opposite charges on the two sides of the dielectric attract. each other, 
whereby the dielectric is put to a state of strain and the charge 
penetrates some way into it due to the presence of polar molecules. 
During the primary discharge, this charge docs not come to the 
surface completely and so the dielectric does not fully recover. This, 
however, occurs slowly and causes the subsequent discharges. This 

| phenomenon is shown in all condensers with solid polar dielectric 
but is very feebly present when air acts as the dielectric. 


Examples : 

1. A Leyden jar hasa diameter of 15 cms.. the height of tin foil is 18 cms, 
and the thickness of the glass is 025 cm, If k for glass—5'4, find the capacity 
of the jar. [P. U.—1928| 

Ans. Clearly the area of each plate=area of the cylindrical face--area of 
the base =2mrh--ar2?=mr(2h+r)=3'14 X 75x (3647 5) sq. cm. 


so pukA agas TIAXTSXGOETS) 2088 
Dee acil 54x AX TAXUS €.s.u. €.8.u, 


=232X10-5 microfarad. 

2. Aninsulated sphere of radius 2 cm. is connected by a long thin wire 
with an insulated sphere, which is of radius 6 cm. and which is surrounded by 
a third sphere of radius 8 cm. concentric with it. The wire, which connects 
the first and the second spheres, passes through a small hole in the third so as 
not to touch it. Given that all spheres are conductors, calculate the capacity 
of the two connected spheres. 

Ans. Evidently the sphere of radius 2 cm. is electrically connected to a 
spherical condenser having 6 cm, and 8 cm. radii. 

Now the capacity of the sphere=2 e.s.u. 


and the capacity of spherical condenser m$ e s.u. 24 e.S.U. 


*. the total capacity =26 ¢.s.u.=2'8X 10-5 microfarad (nearly). 


3. Calculate the capacity of à parallel plate condenser, the high potential 
plate of which has an area 200 sq. em. The distance between the plates is 1 cm. 
| anda thin plate of ebonite of thickness 6 mm. is introduced within the air 
| space of the plates, the S.I.C. of ebonite being 3. 

| Ai a sq. cm., t=1 cm,, d=0°6 cm. and k=3. 

- "ne 


- 0 
required capacity C= EOD —— @,8,U,=25'5 e.s,u. 


= TARA 
: ) 
—2:94x 10-5 uf. 


4x3:14X (1706x725 


49. Condensing Electroscope—It is a modification whereby 
the sensitiveness of an ordinary gold-leaf electroscope may be 
increased. The principle uaderlying such an arrangement was 


pte TTIM—9 
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originaly applied by Volta in order to detect a small difference of 
potential. 


The apparatus consists of two metallic discs K and L which form 
a parallel plate condenser having a thin sheet of mica or paraflined 
paper M between them (Fig. 23). The discs are provided with insula- 
ting handles, by which they may be Separated from each other. 
Placed on an insulating stand, the lower disc is connected to a gold- 
leaf electroscope. The upper 
one is earthed. E and F are two 
binding screws,to which the ter- 
minals of a source of small but 
constant potentialdifference(A t. 
62) may be temporarily connec- 
ted. No sensible deflection of the 
leaves is first noticed. On now 
cutting of the connections at E 
and F and gradually separating 
the plates, the leaves are found 
to diverge more and more. In 

Fig. 53—Condensing Electroscope some form of the apparatus the 
disc atttached to the electroscope serves as the lower condenser plate. 

The principle of action of the instrument may be explained in the 
following way. When the two discs are very near each other, they 
form a plate condenser of considerable cipacity. At this stage, if a 
source of a constant potential difference be connected to the discs, the 
parallel plate condenser also would be charged to the same difference 
of potentials. In this case, although the potential difference may be 
small, the charge acquired by the condenser is appreciable, since its 
capacity is large. The connection with the source is then cut off in 
order to prevent the escape of charge from the system. On now 
gradually separating the plates, the capacity of the system is reduced 
and hence the potential is increased in the same proportion, since the 
total quantity of charge on the discs remains unaltered. The 
divergence of the leaves is due to the rise of potential of the 
system. 


It is to be remembered that a condensing electroscope cannot be 
used to detect the potential of a system of low capacity. The reason is 
that whenever it is put into communication with the condenser, its 
potential is considerably affected. Therefore, a condensing electros- 
cope is frequently used with a source of small but steady potential 
difference, for example a simple Voltaic cell. 


r *50. Molecular Theory of Dielectric—In order to explain the 
difference in capacities when different dielectrics are introduced in a 
condenser, the plates of which are charged with equal and opposite 
amounts of electricity, Faraday (and later on, Maxwell) assumed that 
although a dielectric medium taken as a whole is a. non-conductor of 
electricity, its molecules behave as so many small conducting spheres 
Separated from each other by spaces comparable with molecular 
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dimension (Fig. 54). Whenever a condenser receives an amount of 
charge, an electrical field proportional to the charge is established 
between the plates. The field acts inductively upon the molecules and 
thereby produces a separtion of unlike charges in each one of them. 
The plate having the positive charge attracts the negative electricity 
of the molecules, the positive charge of each going to the 
diametrically opposite ends. At this stage the dielectric is said to be: 
polarised, a term coined by Faraday (Fig. 55) 

If we imagine a section of the dielectric parallel to the plane of 
the plate, then due to the inductive effect as many positive charge 
would cross the plane to the right as there would be megative 
charges to the left. The amount displaced is proportional to 
the strength of the field. Maxwell termed it as the electric 
displacement within the dielectric. Since the molecules are regarded 
as conductors, the effective dielectric distance between the condenser 
plates is diminished due to the polarisation or displacement and so 
the capacity is increased. 

Electron Theory of Polarisation—The Electron Theory propounds 
that an atom consists of a positively charged nucleus and a certain 
number of electrons revolving round the nucleus. When an external 
electric field is applied across a dielectric medium, the electronic 
orbits are strained in the direction of the field—a circular orbit 
changing into an ellipse, an ellipse changing into a thinner ellipse 
andso on. Such a strain is equivalent to some sort of electric 
Separation or polarisation associated with each atom. The polari- 
Sation is proportional to the strength of the field applied. The 
intensity within the dielectric due to this polarisation acts in the 
opposite direction to the external field, which thereby gets 
diminished in intensity. It stands to reason, therefore, that due to 
the introduction of the dielectic medium and a consequent increase 
of capacity, there is a reduction of potential between the plate. 

Later investigations made by Lowis and Koss:] in 1917 and 
thereafter showed that there are two types of molecules in di- 
electric media. Molecules of gaseous substances and of a few 
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liquids and solids possess such composition of orbital electrons that 
there is electrical symmetry in each of the molecules. Molecules 
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of hydrogen, helium, nitrogen, etc. have stable electri: arrangement 
around them (Fig. 54). The binding of their atoms ina molecule is 
known as co-valent bonds. So ordinarily if we study a molecule 
formed by covalent bond, the electrical positive charges of the 
nucleus are completely shiclded by orbital electrons and any part of 
the molecule inspected individually will be electrically neutral. Such 
molecules are called non-polar molecules. With a di-electric medium 
of non-polar molecules in a condenser, its capacitance increases by 
very small amount (Fig. 55). This increase of capacitance does not 
depend on the external electrical intensity. For oxygen as di-electric, 
the capacitance of a condenser increases in the ratio of 1:1°0055 
as compared to vacuum. 

There isanothertype of molecules known as polar molecules 
in which there is an assymmetric distribution of charges. These 
molecules are of water, ethyl alcohol etc. (Fig. 56) The probability 
of distribution of electrical charge within these molecules is such that 
the centres of positive and negative charges are slightly displaced 
with regard to each other. These molecules form electrical dipole. 
The electrical intensity within such dielectric media in a conden- 
ser becomes very smalland so the capacitance of the condenser 
becomes very high (Fig. 57). For pure water molecules, the dielectric 
constant is as high as 80. 

51. Grouping of Condensers—Sometimes in electrical circuits 
several condensers are joined together, so to form a group or battery 
of condensers. This may be done in either of the following two ways : 

In Series (In Cascade)—In this arrangement the condensers 
are joined together, such that the positive potential plate of one is 
joined to the negative potential plate of the next, and so on. To 
charge this group, the positive plate of the first is connected to an 
electric generating machine, while the negative plate of the last in the 
series is earthed (Fig. 58), 


Connect inseries three condensers of capacities C,,C, and Ca. Raise 
the plate A ofthe first c 
3 


cona to a potential 5 Ce 
4, byconnecting its ter V, V V Va = V V 
minal P to a source of I cin Bg Me A D 
constant potential. Let P Q 
a charge +q flow to the A 

A F E 


plate A. It would in- co t 

duce an equal quantity Fig. 58—Condensers in Series 

of negative charge —q 

on the plate B and +g on the plate C. Similarly, +q on C would 
induce —4 on D and +q onE. Finally, the plate F being earth- 
connected, it would have —q on it. Thus each condenser contains an 
equal amount of unlike charges on the two plates, such amount being 
equal to the amount of charge given to the first plate A. 


Again, since the plates B and Care connected together, they 
would have the same potential. Such is the case with any other pair 
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of connected plates. Let the potential of BC be Vz, that of DE be 
Vs and so on. Then 
ae 0. d c 
VA teas V, Vm i Yates 
. Then the total fall of potential between t^e first plate and the last 
is given by V, —V,—(V,—V,)--(Vs — V.) -(V, — V,) the sum of 
the potential differences of all the condensers. 

Let C be the equivalent capacity of the condensers. This means 
that if instead of all these condensers we substitute a single conden- 
ser, so that the total fall of potential and the amount of charge 
developed on each plate undergo no change, that single substitute is 
called the equivalent condenser and its capacity is known as the equi- 
valent capacity. 


Now by the definition of equivalent capacity, V, — V,— c 
From the above relation, 4 = 141-4 9 
ri lon, c. CD C G6 
I ECL nie 
^ tete (51,1) 


Similarly, if there are n condensers connected in series their 
equivalent capacitance C is given by 
Jor Ade sale ipl 1 
eer orie NENG. TORY 
Thus when a number of condensers are connected in series, the 
equivalent capacity of the system is smaller than the:smallest capacity 
of the condenser forming a part of the system. 


In Parallel—In this arrangement one plate of each condenser is 
connected to the source of potential and the other plate is earthed, 
so that all the condensers are directly connected between the source 
and the earth. Thus each one of the condensers maintains the same 
potential difference (Fig. 59). But because their capacities are 
different, they retain different amounts of charge. 


Let the condensers having 
capacities C,, Ca, Ca be con- 
nected in parallel (Fig. 59), 
the potential difference bet- 
ween the plates being V,— Vs. 
Let the charges acquired by 
the condensers be q,, ga and 
qs, so that q, —C,(Vi — Vg). 
qs — Cs( V4 — V3), qs— Cs X 
(V; — V2). 

The total amount of charge 
q drawn from the source is 
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in other words, q—4, +42 


therefore, the sum of all the charg:s. Or, F 


-F-qs, so that it readily follows that q = (C1 -- Ca +Cs) (Vi— 
1 H q 
Now of the combination the equivalent capacity Cu, 


or, g=C(V,—V2)- 
But q-(C, C4 04V, —V5- 


V,— V4) (C. -- Ca CS (V. — V2) 
Nor CC E13) 
Generalising, we easily obtain that is there be n such condensers, 
1l comaccted in parallel, then 
r^s s € SC, Cs b Cate cb Cr we (51,4) 


Thus when a number of condensers is connected in parallel the 
equivalent capacity of the combination is always the algebraic sum of 


component capacities. 


Example : j 
There are three condensers of capacities 1, 2 and 3 microfarads, of which 
the second and the third are connected in series. The first is connected in 
parallel with them. Calculate their resultant capacity. [Raj. U.—1952] 
Ans. Condensers of capacities 2and 3 microfarads are connected in series. 
Hence if C4 be their combined capacity, then 
121,15 É yf =1'2 af, 
G 35 e whence Gies n£, 1:2 af. 
_ We may now imagine that instead ofthe two condensers stated above, there 
is one condenser of capacity 1:2 wf, with which the first condenser is connec- 
ted in parallel. Hence if C be the resultant capacity of the combination, 
Ecis at> C-02-0)4uL-222 Hf. a $3 


f 52. : Determination of Specific Inductive Capacity—It has been 
already stated that k, the S. I. C. of the medium or the dielectric cons- 
tant, is defined by 

f= capacity of the condenser with the medium as the dielectric 
capacity of condenser with vacuum between the plates. 


Faraday's Method—The nature of the apparatus, 
as was used by Faraday, is represented in Fig. 60. 
It is, in fact, a spherical condenser consisting of an 
inner sphere A concentrically placed with an outer 
spherical shell P. The sphere A is in metallic conn- 
ection to a small brass knob K through a brass rod, 
which is carefully insulated by a thick plug 
of shellac S, through which passes the rod. The 
outer shell B consists of two hemispheres, which 
can be separated from each other, the line 
of separation being air-tight. By separating the 
two halves of the outershell, the space between 
the spheres can be filled with a medium, the S.I.C. 
of which is to be determined. Ifthe medium be 
gaseous, the space is first exhausted of air through the 
stop-cock T and then the gas is admitted through T. 


To start the experiment two such condensers 
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of equal size are taken. Let the capacity of each be C,. One is 
filled with the substance under investigation ; let its capacity now 
be C,. The air condenser is then connected to an electroscope of 
negligible capacity, the scale of. which is calibrated to read directly 
the potential difference. Thereupon it is given an amount of charge 
and the deflection of the electroscope is observed. Let the potential, 
as recorded, be V,. It Q be the amount of charge, then A 
Qu CVs 

Then the other condenser is made to share this charge. Let the 

potential as recorded by the electroscope at this stage be V; 


Then Q-C, V, C;V;. 
Thus from the two equations we derive 
uva gigei y 
1V4 9 C,V34--C5V, and k eyen -A821 
TABLE OF DIELECTRIC CONSTANTS (K) 
( taking that of Vacuum to be unity ) 

Substance i K Substance K 
Air at N.L.P. n. 10005% | Glass (crown) wy oy 
Hydrogen ,, .. 1'00026 » (flint) a. 7 to10 
Oxygen ,, .. 1°00055 | Ebonite fee 103 
Nitrogen s, ws» 100061 | Shellac 4n ch! 
Carbon dioxide .. 100096 | Sulphur .. 41042 
Olive Oil. 2 30 Mica sm 
Paraffin Oil we 4°70 Paper (paraffined) Ed 
Turpentine gies 30. Porcelain v 13.106 
Pure Water wee 80 Rubber Orie e 
Carbon Disulphide E ram Wood 12:103 
Ethyl Alcohol ‘cadet Ice S 


EXERCISES ON CHAPTER IV 


Reference 
Art. 37 1. Define the electrostatic capacity of a conductor. 
(Pat. U.—1964; U.P. B.—1958; C. U.—1953, °55 3 Del. 
H, S$.—1945, '61 ; Cf. Del. U.—1949 : Dac. U1—1960) 
Art. 38 2. Explain the terms Electrical Charge, Electrostatic Potential 
and capacity. Establish their mutual relationship. 

Two insulated spheres of radii 1 cm, and 3 cms. are situated 
in air at a distance of 20 cms. from each other. Each sphere is 
charged with 190 electrostatic units. Find the force between 
them. If they are brought in contact and then separated by the 
same distance as before, what will be the force now? 

(Dac. U.—1960) 


A. 25 dynes ; 18 75 dynes 
Art. 38 3. Explain why a numb 
potential when they coalesce. 


Eight equal spheres of water 


er of small charged drops rise in 


having equal and si milar charges 
coalesce to form a larger sphere. If no chargeis lost, how will 
the electric capacity and potential change? (P. U.—1952) 

A. The capacity is doubled and the potential becomes 


4 times. 


186 


Reference 
Art, 38 


Art. 38 


Art, 39 


Art. 40 


Art, 38 


Art, 38. 


Art, 41 


Art. 41 


Art. 41 


Art. 41 


Art. 41 


Art, 41 
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4. Twenty-seven drops of water of the same size are equally 
and similarly charged. They are then suited D is a bigger 
ill the capacity and the potential change 

drop. How will the capacity p TSi U.—1950) 

A. In the bigger drop the capacity is 3times, and the 
potential 9 times as large. 

5. Show that the capacity of a spherical condenser is numeri- 

cally equal to its radius. (Del. H. S.—1965; Del. U.—1967 ; 

Utk. U.—1962; V. U.—1955; Gau. U,—1965) 

6. How will you show that the electric capacity of an insula- 

ted conductor is increased, when a second conductor connected 


to earth is brought near it ? (P. U.—1952) 

7. Derive an expression for the energy of a charged 
condenser. (Nag, U.—1965 ; Del. H. S.—1961 ; P. U.—1964 : 
Del. U.—1943) 


8. A spherical insulated conductor of radius 10 cms. is charged 
with 10 e,s.u. of electricity. Calculate its energy. Calculate also 
the amount of work done and the increase in energy, if 10 e.s.u. 
of electricity are added to it. (Del. H. $.—1952) 

A. Sergs; 15 ergs. 


9. A spherical conductor has 6 units of electricity and is 
charged to a potential of 12 units. Calculate its capacity and the 
energy stored in it, 

A. C=0'5 unit, W=36 units of work. 


10. A conductor of capacity 75 is charged to a potential 20 
and is then made to share its charge with a second conductor of 
capacity 25, What will be the final charge and the potential 
of eac 


A. 471125, gg=375, V=15. 


. 11, A spherical conductor of 10 cm, radius is charged posi- 
tively with 100 units of electricity and it is connected with 
another spherical conductor of 5 cm. radius carrying a negative 
charge of 50 units. What will now be the charge on each sphere ? 
Find also the potentialof each sphere before and after contact. 

A. i73 unis, ep units, Viio unis: Vic cio 

«. q'1=32 units, =162 units, = its, Ve=— 

units, V=34 units. qn De id A MAE 

12. Two concentric insulated spheres of radii 5 cms, and 10 
cms, are given a charge of--50 units each. Calculate the poten- 
tials at points (i) 25cms,, (ii) T5cms. and (iii) 12:5 cms. 
from the centre of the spheres. 

A. 15, 11$c. g. sand 8 c.g. units. 


13. Two insulated spheres of radii 30 cms. and 45 cms. have 
potentials of 48 and 32 units respectively, Calculate their potential 
when. they aro connected by a wire, (Raj. U.—1958) 

. "4 units, 


14, A conductor has a capaci i 
A „capacity 10 and potential 50 and 
E Conductor is of capacity 6 and of potential 15, Calculate 
charge on each conductor after they have been connected by 
a very fine thin long wire. (Utk, U.—1956) 
A. 368775 units, 221:25 units, EI 


15. Two spheres,'one of 2 cms, radius and the other of 3 cms. 


radius, are electrically charged t t; respective- 

» € gi o potentials 5 and 10 ctive 

ly. What will be the common potent Wi re 
J mon potential, if the two spheres a 


A. 8 units. 
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16, A sphere when charged with 50 units of electricity is 
found to have a potential 20. It is connected to a second sphere 
and the potential falls to 8. Calculate the radius of the second 
sphere, (Raj. U.—1960) 


A. 3°75 cms. 

17. Two conductors of capacities C, and Cy, are charged to 
potentials V; and Vs. They are then connected together. 
Calculate their common potential and also the charge on each 
after connection, (E. P. U.—1952 ; U, P. B.—1941) 


18. Explain the following :—'*A condenser is an arrangement 
by which ‘the capacity of an insulated conductor is artificially 
1ncreased," (C. U.—1951) 

19. Two small insulated spheres of the same size have charges 
of+12and+8 electrostatic units respectively. What is the foree 
between them, if they are 8cms. apart inair? If they are made 
to touch and then separated, how far must they be placed for the 
force between them to have the same value? 

A. 115 dynes; 817 cms. 

20. Find an expression for the capacity of a parallel plate 
condenser. (Utk. U.—1953: E. P. U.—1953; Nag. U.—1950, '53 ; 

Pat. U.—1955 ; Raj. U.—1955) 

21. Find an expression for the capacity of a conducting sphere 
surrounded by an earthed concentric sphere. (Nag. U.—1951) 

22. Definecapacity. Developan expression for the capacity 
of a spherical condenser. (E. P. U.—1952 ; C. U.—1957 5 

R.P.B.—1960 ; Del. U.—1950) 

23. Explain the principle underlying the construction and 
action of a parallel plate air condenser and obtain an expression 
for its electrical capacity. How will the capacity be affected, if a 
slab of ebonite is introduced between the parallel plates ? 

(Raj. U.—1952) 

24. Calculate the capacity of a Leyden jar, each of whose 
surface is 600 sq. cms. (The thickness of the glass is 0:1 cm. and 
its specific inductive capacity is 1'9, that of dry air being taken as 
unity). 

A. 907 e.s.u. 

25. At what distance should the circular plates, each 20 
cms, in diameter, of a parallel plate condenser with a dielectric 
of specific inductive capacity 3 be placed in order to have the 
same capacity as a sphere of 100 cms. in diameter ? 

A. 1*5 cms. 

26. Describe the construction of a Leyden jar. In charging 
a Leyden jar outer coating is (a) insulated, (b) connected to 
earth. What difference does it make ? 

(U. P. B.—1959 : Pat. U.—1961 ; C. U.—1959) 

27. What will be the combined capacity of three exactly 
similar condensers when they are connected (a) in parallel and 

(b) inseries ? (B. H. U.—1953; Cf. Nag. U. —1954) 

28. Giventhree condensers, each of capacity C, show how 
they can be combined to give capacities equivalent to 3C 2 c 

and 3 C respectively. (Nag, U—1953) 

A, Allconnected in series; Two in parallel and one in series. 
Allin parallel. 


loi 


Reference 
Art. 41 


Art, 41 


Art, 42 


Art, 41 


Art. 43 


Art. 44 


Art, 44 


Art. 43 


Art, 47 


Art. 48 


Art. 47 


Art, 51 


Art, 51 
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city of Saf when connected 
Art. 51 29. Two condensers have a capaci i PUER 
in parallel and 12 uf when connected in series, Gee 1954) 


capacities, 
A. 2ufand 3af. T MEt i 
30. Three condensers of capacities 2,3 and 4 units 
ass tively are connected (a) inseries (b) in parallel. em 
the effective capacities in the two cases. TCU 
A. 4:39. $ 
Art. 51 31. Four metallic spheresof 4,5,8and 10 cms. diameters 


joi i f 810 e. s. 
are joined together by a fine metal wire, and a charge o 
xe is imparted to this system, Find the PAES G each sphere 


and their common potential. au. U.—1955) 
A. 120, 150, 240, 300 e.s.u.; V=60 e.s.u. . 
Art, 51 32. Three condensers of capacities 4, 3 and 2 units are con- 


nected in such a way that the first and the second are in series 
and the third in SS with them, Calculate the resultant 
capacity. (Pat. U.—1955) 


A. 5 units, 


Art. 52 33. Explain how with two exactly similar spherical conden- 

5 sers and ps electroscope you can find the specific gaductive 

Capacity of sulphur, (C. U.—195 ) 

Art, 49 34. Explain the construction and action of a condensing 

electroscope. (Pat. U.—1951) 
CHAPTER V 


ELECTRICITY FROM MACHINES AND ATMOSPHERE 


53. Electric influence © Machine—A machine, which can 
continuously supply electricity at a high potential by process of 
induction, is called an- electric influence machine. ^ There are 
various types of such machines, viz, Electrophorus, Voss machine, 
Wimshurst machine and Van de Graaf Generator. 

Electrophorus— This is. the simplest type of machine, consisting 
of the following parts (Fig. 61) ; 

(a) A circular metal 
plate B called the cover or 
collector and provided with 
an insulating handle ; 


(b) A circular disc A 
made of some non-conduc- 
ting material called the cake 
of a slightly bigger face area 
than that of B. The upper 
Surface of A is made rough, 
So that when the plate is 
placed upon the cake, the 
former touches the latter at 
à few points only ; and Fig. 6L —Electrophorus 
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(c) A metal dish C called the sole, in which the cake is fitted. 


. Working of the Apparatus—Before making any experiment 
with the electrophorus, its diferent parts are well-dried by 
warming them over an oven or in the sun. The cake is then 
thoroughly rubbed witha flannel or fur. The cover is then placed. 
over the cake and the former is momentarily touched with hand. 
On removing the cover by the insulating handle, it is found to 
have acquired a charge. 

This charge may be utilised in any practical manner and the 
cover may again be freshly charged by the same process. Thus a 
continuous supply of charge may be obtained on the cover by 
simply placing it each time on the cake, touching it and then 
removing it to a distance. j 

Principle of Action— Suppose that the cake is made of ebonite. 
Whenever it is rubbed with flannel, the former receives negative 
charge on its surface. By induction the inside surface of the sole 
becomes positively charged, the free negative charge flowing to the 
earth through the experimental table, etc. So the negative charge 
on the cake and the positive charge on the sole are mutually held 
bound due to force of attraction [ Fig. 62 (a) ]- The exposed surface 
of the cake is very uneven and has a number of peaks rising from 
the surface. The leakage of the charge through these points is 
negligibly small. 

On placing the cover upon the cake, the former touches the 
latter at a few points only and nearly the whole of the cake is 


(d) 
Fig. 62—Charging an Electrophorus. 
Though there is 


separated from the cover by a thin layer of air. 
a feeble conduction of negative charge to the cover through the points 


ve effect of the cake on the cover is very 


the inducti ; 
of contact, the i on of charge within the latter. 


powerful and thereis an inducti. 
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Accordingly the positive charge comes to the lower surface and 
the free negative charge goes to the upper surface of the cover 
[Fig. 62(b)]. 


On now making an earth connection, the free negative charge goes 
to the earth, leaving the conductor positively charged [Fig 62(c)]. 


The earth connection is then cut off and the cover is Separated 
from the cake by the insulating handle. As the distance increases, 
electric charge spreads over the surface ofthe cover [Fig. 62(d)]. 
Finally, when at a considerable distance from the cake, the positive 
charge is evenly distributed all over its surface and thus the cover 
acts as a source of electricity [Fig. 62(e). This charge can be 
utilised in any practical manner. The cover can be placed again 
onthe cake and charged any number of times by the same process 
without re-charging the cake. 


Application of Conservation of Energy—It is evident from the 
above consideration that the cover can be charged any number of 
times by charging the cake only once. It Seems, therefore, that an 
indefinite amount of energy can be derived out of some definite 
amount of energy supplied to the cake. But apparently this is 
contrary to the principle of conservation of energy. 


The apparent anomaly can be explained in the following way. 
Whenever two unlike charges on the cake and. the. cover are separa- 
ted gradually, the potential energy of each increases. It is due to 
this increase of potential energy ofthe charge on the plate that it 
acquires the power of imparting charge to any conductor. The in- 
crease of potential energy of the plate derived from the work done by 
muscular effort in separating the cake from the cover against the 
electrical forces of attraction. From a theoretical stand point, if once 
charged the cake would retain its charge for any period and any 
amount of charge may be obtained from it. But, in practice, it is 
found that the charge gradually leaks from various points on the 
surface of the cake, so that the amount of available electrical energy 
from the cake gradually decreases, 


54. Voss Machine—This machine can supply electrical charges 
of both kinds and consists of the following parts (Fig. 63) : 


(a) two co-axial circular discs A and B, of varnished glass or 
ebonite placed parallel to each other. Of these, the one, which has 
a slightly larger radius, is fixed, while the other B, which is smaller, 
can be rotated about the common axis by a handle ; 


(b) aset of carriers, which are round metallic studs S of brass, 
usually six or eight in number, distributed round thc circumference 
of the revolving disc at regular intervals : 


) 
d 
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(c) a pair of field 
plates or armatures 
which are two long sec- 
tors, Cand D, made of 
tin foil and attached to 
the opposite sides on the 
back of the fixed disc ; 


(d) a metal rod 
carrying {two metal 
brushes 7, Mg, usually 
called the neutralising 
brushes, which touch a g 
pair of studs at diame- © 
trically opposite points ; X 

(e) two collecting 
combs c,, cs, each pro- 
vided with a number of 
shortbrass spikes in front 
of two studs placed at the opposite ends of the horizontal diameter ; 


(f) two appropriating brushes a,, a, each one connecting a 
sector and a stud as it passes by the sector. In some form of apparat- 
us each collecting comb is provided with a curved metal rod termi- 
nating in a brush touching the sector ; 

(g) two small Leyden jars L. L, the inner coatings of which 
are connected. to the collecting combs and two adjustable rods G 
and N provided with knobs called the sparking knobs. The outer 
coating of the jar are connected to each other. 

Principle of Action—The principle of action of the apparatus can 
be explained by an illustrative section of the diagram (Fig. 64). 
Suppose at the outset that one of the sectors (say, C) has got a feeble 
positive charge and the smaller disc is rotating in the clockwise 
direction. When the stud S, in course of a revolution just passes out 
of the sector C, it touches the neutralising brush m". Due to 
induction of the sector, the stud S, beomes negatively charged and 
hence positive charge from it flows down through the metal rod E to 
the stud S. In course of revolution when S, occupies the position 85, 
it gives a part of its negative charge to D. During the same time 
the positively charged stud S, goes overto the position S, and by 
being connected with C through the lower appropriating brush, it 
gives a part of the positive charge to the latter, thereby increasing the 
potential of C. Ina similar way, D receives a supply of negative 
charges from the stud in the position S; and it isthereby continuously 
lowered in potential. Thus as the disc revolves, the potential differ- 
ence between the sectors C and D becomes larger. Consequently, two 
series of studs, as they successively occupy the position S, and S, 
receive greater amounts of opposite charges. 

It is evident from what has been said that during the working of 
the apparatus the studs, that come under the comb C,, carry positive 


Fig. 63—Voss Machine 
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charge, and that those coming under C, carry negative charge. 
When a positively charged stud is under the comb C,, the negative 
charge from the comb 


leaks through the points and 
very nearly neutralises the 
particular stud, the comb at 
the same time becoming 
positively charged. The 
positive charge spreads over 
the knob of the discharger 
G and the Leycen jar 
Lattached to it. Similarly, 
the comb C,, the other dis- 
charger H and the connected 
jar receive charge by 
leakage against the stud 
s: 

Thus, as the machine 
runs, the knobs are charged 
with opposite kinds of 
Fig. 64— Representation of Voss Machi: e periy^ e de pl 
Leyden jars are used to increase the capacity of the system and 
hence to store up a large amount of charge without a considerable 
rise of potential. Even with the jar connected with the machine, 
when the potential difference between the knobs is very lage, a spark 
passes across the air gap between the knobs at K. The knobs together 
with the conducting rods G and H are called Prime conductors of the 
machine. The maximum voltage developed across the prime conduc- 
tors in a completely dry machine varies between 20,000 volts and 
30,000 volts. 


55. Wimshurst Machine— This isan improved type of an influence 
machine which consists of (Fig. 65)— 

(a) two co axial discs of equal 
size capable of rotation in opposite 
directions, 

(b) two series of studs or sec- 
tors, of an equal number, symmetri- 
cally arranged near the rim of every 
disc, 


(c) two pairs of brushes, con- 
nected by conductor and lightly 
touching opposite pairs of studs, 

(d) two pairs of collecting 
combs connected to the two prime 
conductors, 


dl ES 


= 


Fig. 65—Wimshurst Machine 
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(e) two Leyden jars, the inner coating of each one being connec- 
ted to a collecting comb, 


(f) two adjustable knobs connected to the Leyden jars 
and (g) a wheel with a handle at the base of the instrument, by which 
a revolving motion can be conveyed to the discs. 


Principle of Action—The action of the instrument can be better 
explained by a sectional repre- 
sentation as given in Fig. 66. 
The discs revolving in opposite 
directions are shown by arrows. 
Assume at start that one of the 
studs (say, A) is positively 
charged. When it occupies 
the position marked B, it 
induces negative charge on the 
inner stud p just opposite to 
it, and positive change flows 
through the conducting rod to 
Se rs the farthest stud u. As A 
LS approaches the comb Cg, the 
points acquire positive charge 
by leakage while the stud 
itself is discharged. From the 
other side, u with the positive 
charge moves towards the 
Fig. 66—Representation cf same pair of combs and, by a 
Wimshurst Mzchine similar process, generates 
positive charge on them. The pair C,, C, and the conductor Tr 
always generate positive charge. 

Again, asu in course of the movement occupies the position v, 
itis clear that by the precess of induction D acquires negative 
charge, and K positive. D moves towards C and ultimately charges 
it with negative electricity. In moving towards C, the studs p also 
charge it negatively. Thus the studs coming against the pair of combs 
C, and C, always produce negative charge on the latter and therefore, 
the prime conductor T3 always generates negative electricity. 

When the apparatus is worked for some time, the knobs go on 
accumulating charge of opposite kinds, and hence the potential 
difference between them gradually increases. Ata certain stage the 
air gap is unable to stand the high electrical strain and consequently 
the charges on the knobs are neutralised by a series of sparks. The 
strain thus disappears and a small interval is necessary before 
sufficient charges can accumulate on the knobs for a fresh series 
of sparks, 

The object of the Leyden jars is to increase the capacities of the 
discharging systems. Loud and heavy sparks are thus ensured. 
In a carefully designed machine free from moisture, the potential 


mx ca 
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difference between the knobs may be 50,000 volt or more. The 
development of potential is independent of the speed of revolution 
of the disc. auld 

*56 Van de Graaf Generator— This is an apparatus capable 

of producing a very high potential difference. It consists of a hollow 
metal sphere S having an opening at its lower end (Fig. 67). There 
are two small pulleys (W, and Wa) and a belt B of silk or rubber is 
wound over the combination. The lower pulley may be revolved 
continuously with a motor. The metal sphere S is provided with a 
metal rod ending in a set of sharp points Fa ata very short distance 
from one face of the belt. The sphere is placed well-insulated within 
a pear-shaped metal tank C and a conducting lead D from the sphere 
goes outside the tank in a very carefully insulated condition. From 
the outside another lead A which also is very highly insulated from 
the tank, ends in a number of points P, and is placed very near the 
belt. The tank is air-tight except for two gas taps T, and T,, one 
at the top and the other at the bottom. The tank is usually kept at 
zero potential by connecting it to the ground G. 

The conductor A is kept permanently at a potential of 10,000 to 
20,000 volts (say, positive) by connecting it to a suitable device. The 
lower pulley is rotated continuously in the anti-clockwise direction. 
The part of the belt coming against the point of A collects positive 
electricity from the points by leakage. Since the belt isa non-con- 
ductor, the positive charges cannot flow all round it and hence they 
are localised. The belt carrying the charges moves towards the row of 
points P5, and as it comes just against P}, the negative charges from 
the points leak to the belt so as to neutralise the positive charges. 

Consequently the metal sphere loses negative charge and hence 
it acquires a positive potential. As 
the belt is continuously rotated, 
the sphere develops a higher and 
higher positive potential. 

With air at ordinary atmospheric 
pressure within the tank, sparks 
may occur between the metal 
sphere and the grounded tank even 
at a voltage much below what can 
be developed in sucha machine. 
To stop such sparking, air is com- 
pressed into the tank to a pressure 
of 50 to 100 lbs. per square inch, 
when the sparking voltage is very 
much raised. Ina Van de Graaf 
generator, constructed jn 1937 at 
the Carnegie Institude, Washing- 
ton the tank is 55 ft. in height and 
375 ft. in diameter and is worked 

under an air prsesure of 50 lbs. per 
square inch, The apparatus is cap- 
able of generating 6 million volts. 
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57. Discharge between Prime Conductors—When an electric 
machine is run continuously for some time, there is an increased 
accumulation of opposite kinds of charges on the prime conductors, 
This makes a greater and greater difference of potentials between the 
knobs attached to the conductors. The air, which serves as the 
medium linking the two, is thus more and more strained due to 
the increasing electric field and at a particular difference of potentials 
depending upon the sizes of the knobs as well as the nature and pres- 
sure of the medium, the insulation breaks down following a spark 
(Fig. 68). The spark is attended with heat, light and crackling sound. 
(Vide, Chapter IX.) 

The spark starts with direct shooting of the electrons from the 
negative prime conductor. Starting with a high velocity, the elec- 
trons strike against the molecules of the air and knock out some of 
the electrons from the atoms and the molecules. Thus the atoms of the 
constituents of air are broken 
up into two systems, viz., those 
bereft of a few electrons (i. e. 
positively charged parts) and 
the electrons themselves. These Fig. 68 
two systems move with high velocities in opposite directions within 
the electric field set up by the prime conductors. They frequently 
collide with the uncharged molecules, often sharing their charges 
and giving rise to heat and light. The sound is due to the sudden 
expansion of neighbouring air owing to the intense local heating 
produced by these collisions. 


58. Electricity in the Atmosphere— Lighting and thunder bear out 
the fact that the atmosphere is a vast storehouse of electricity of 
both kinds. Franklin actually made a kite fly near a thunder-cloud in 
order to verify whether such a cloud carried any electricity. When 
the string attached to the kite was wet, he received sparks from it. 
Even on a clear and dry day a charged body is found to be discharged 
slowly. In polar regions there are occasional luminous discharges 
of electrified particles. These are called auroras, often lasting for 
several hours. All these facts suggest that the gaseous envelope of 
the earth has sufficient amount of electricity present in it. 


The presence of electricity in the atmosphere is ascribed to good 
many causes. Of these the most principal factors are certain powerful 
ionising radiations from the sun and other heavenly bodies ( ultra- 
violet and cosmic rays). These rays break up the molecules of the 
upper atmosphere into electrically charged systems called ions and 
produce short electromagnetic waves. Further, there are radio-active 
elements within the earth’s crust, which continuously emit radiations 
of various types. These radiations break up molecules of lower 
atmosphere and charge them with electricity. 

In addition to these “causes, the physical processes of the 
evaporation from various water surfaces, which continue to take 
place throughout the year, contribute largely to the electrical charge 
associated with clouds. Various investigations have been carried 


PT. II/M-10 


146 INTERMEDIATE PHYSICS CHAP, V 


out in this direction by Simpson who concludes that both kinds 
of electricity are found in rain drops when they fall to the earth. 


59. Lightning—When there are two patches of cloud oppositely 
charged and near each other, the air space between them is electri- 
cally strained. When the difference of potentials between the two 
is sufficiently high so as to break the insulation, a long and zigzag 
Spark passes across the space. This is known as the lightning 
discharge. Lightning often takes place between a cloud and the 
earth. When a cloud is highly charged with electricity, it induces 
opposite kind of charge on the surface of the earth vertically below 
it, setting up a large difference of potentials, The long continuous 
spark extending from the cloud to the surface of the earth is 
followed by a loud report, called the thunder. Figure 69 is a 
photograph of lightning discharge occuring between a cloud and a 
tall building. Note the zigzag nature of lightning discharge. 

Types of Lightning—The most usual form of lightning exhibits 
amain trunk with a number of bifurcated branches. This is called 
the streak lightning. There is a second type, though less occasional, 
in which the passage of discharge is rather slow and resembles the 
flight of rocket. This is known as the rocket lightning. There is a 
third type occuring very rarely, in which a luminous ball of light 
aes to a streak lightning follows approximately the track 
made by the latter. It is called the ball lightning. 

Lightning Conductors—When a cloud induces opposite kind 
of electricity on the surface of the carth, the top of buildings or 
trees, which may exist within the induced region, become seats of 
accumulated charge of considerable surface density. For this reason 
the lightning dis- 
charge very often 
Strikes elevated 
places causing 
heavy damage. So 
during a thunder 
Storm, shades of 
trees orthe roofs of 
buildings areunsafe 
for human life. 
When a lightning 
discharge ^ passes 
through an animal 
body,it proves in 
most cases fatal. 
The mechanism, by 
which death takes 
Place due to a 
lightning discharge, 
is not yery well 
; known. Most pro- 
bably, there is a sudden muscular contraction of the Bei due to the 


Fig. 69—Lightning Discharge 
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passage of the electrical discharge, for which the heart ceases to 
beat. Atany rate, death is instantaneous, if any living being is 
actualy struck by lightning. For this reason there is common 
saying that if you see the flash of lightning, you have escaped death, 
because had you been actually struck by it, you would have died 
before you could have felt that you had seen it. 

Therefore, in order to protect a building from the ravages of 
lightning, it is provided with a device known as a lighining 
conductor. It consists of a long metal rod, the upper end of which 
projects vertically in air above the roof of the building and its lower 
end is connected to a metal piece buried deep into the earth. The top 
of the rod tapers to one or more points, and the middle part of the 
conductor stretches vertically along the walls of the building without 
any sharp curvature. 

When there is a charged cloud over any region at which there is a 
lightning conductor, induced charge of the opposite kind accumulates 
largely on the rod. Since the rod ends in a sharp point, there is a 
heavy leakage of electricity from it. The leakage sets up electric 
wind which rises up inthe atmosphere and partly neutralises the 
charge on the cloud. Thus the potential difference between the 
earth and the cloud is so sufficiently lowered as not to allow light- 
ning to pass through. For safety every projecting part of a structure, 
especially the factory chimneys, must be provided with lightning con- 
ductors. Since this device does not allow lightning to strike objects 
to which it is attached, it is sometimes called a lightning arrester. 


EXEROISES ON CHAPTER V 


1. Describe an electrophorus and explain its action. What is Art. 53 
the source of electrical energy obtained from the machine ? 

(Bom. U.—1963 ; C.U.—1942, '58 ; Utk. U.—1952 ; 
Cf. Gau. U.—1962 ; Dac. U.—1941, '63) 

2. Explain why an indefinite amount of charge can be drawn Art. 53 
from an electrophorus without violating the principle of conserva- 
tion of energy, (Del. H. $.—1958 ; C. U.—1962) 

3. Describe and explain the principle of an electrophorus. Art, 53 
You are supplied with two metallic insulated balls and an electro- 
phorus. Explain fully how you would proceed to charge the balls 


oppositely. (C. U.—1954) 
4, Describe with diagram the action of a Voss Machine, Art. 54 
(Dac, U.—1951, *60) 
5. Describe with a neat sketch the parts and working of a Art. 55 


Wimshurst Machine. What is the furction of the Leyden jar ? 
(Del. U.—1959 ; C. U.—1953 ; Andhra U.—1951 ; 
Pat. U.—1962 ; Raj. U.—1964) 
6. Whatis meant by 'Striking by Lightning ? How are high 
buildings protected against it? (Pat. U.—1963) 
7. Explain why a lightning conductor protects a building Art. 


from a lightning discharge ? 
(Pat. U.—1962 ; C. U.—1955 ; Cf. Del. H. S.—1956, 69) 


8. Explain—'There is a common saying that if you see the 


flash of lightning, you are safe.” — 2 (C. U.—1954) 
9, Write a note on atmospheric electricity. (P. U.—1962) Art. 58 


Art, 59 


Art. 59 


CHAPTER VI 
APPLICATION OF VECTORS IN MAGNETISM 


1, Vector and Scalar Quantities.—As has already been stated in 
Chapter XIII in General Properties, all physical quantities are 
divided into two main classes, —Vectors and Scalars, each class having 
characteristic properties and operational mathematics. We here 
briefly recapitulate vector characteristics. 


Vector quantities possess magnitudes with units as well as some 
directions in space, Typical examples are displacement, force, 
electric’ force, electrostatic and magnetic induction etc. Hence a 
vector quantity requires for its specification, (i) a unit of some 
kind disregarding direction, (ii) ,a number giving the magnitude of 
of the quantity in terms of this unit, which we often call the size of 
the vector, and (iii) an indication of a direction. Such directed 
quantities, obeying the Parallelogram Law in Geometry, do not 
therefore obey the scalar laws of addition, subtraction etc. 

2. Graphical Representation of „Vectors :—The properties of 
magnitude and direction involved ina vector give it a facility of 
expressing it by a line OA with an arrow-head. The point O is the 
initial and A is the terminal point of the vector (fig 1). The length of 
the line, drawn to some convenient Scale, gives its magnitude, while the 
arrow-head at the top gives its direction. This is called a localised 
vector. Parallel arrows of equal length and having same direction 
are equal like vectors. In fig. 1 B=B’=B, are all equal vectors. They 
are also called Sree vectors. Reversing the arrow-head would change 


the algabraic sign of the 

B^ vector, then B— — B, ——B,. 
It is again mentioned here that 

B, so long as a motion of transla- 

D tion of a body is concerned, 

the effect does not alter if 

a vector is moved parallel to 

itself. If the body is imagined 

B3 P to be absolutely rigid, it 

matters little if the point of 

application of the vector is 


shifted to any other point 
along its line of action such as B or B’. Hence for dynamics of 
rigid bodies and for linear motion, we shall take parallel arrows 
of equal length as equal vectors wherever they lie. D represents a 
like vector but ofa larger magnitude. Similarly P is another like 
vector and when a combination of P and B, or B, produces no 
effect, P is said to be equal in magnitude but opposite to B, or Bs, 
In that case P—B. 


Mathemetical Representation or Symbol for a Vector.—There are 


various notations to represent a vector. In Fig. 1. the vector of 


| 
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length OA can be given a directional effect by putting an arrow-head 


4 
over OA in the form OA. In printed books a vector is often 
expressed by a Clarendon (bold-faced) letter such as B or B’ etc. as 
in Fig. l. The magnitude of this vector is represented by B or B (in 
capital italics type), which is also called the modulus of the vector, 
Hence the magnitude orthe modulus of a vector represents its 
length measured in some units, which is a sca/ar quantity. 


We know that a vector, being multiplied or divided bya scalar 
quantity, remains as a vector main- 
taining the same direction. Multipli- 
cation of a vector by a scalar greater 
than unity simply enlarges the magni- 
tude of the vector in the same propor- 
tion. Suppose now that we have a 
number of localised vectors A, U, E. 
etc. drawn to a suitable scale. Let the 
moduli of respective vectors be A,U,E. 
etc. which are all scalar quantities 
(Fig. 2.) 


Fig.. 2 


AE. i A 
Then 21 or p? the respective unit 


vector along A or E. So unit vectors are vectors of unit length 
along the respective direction of vectors and is generally represented 


>> 
by a, e or by bold faced a ore. Therefore A =A a or E—E e. 


Tt should be remembered that such vectors have fixed magnitudes 
and directions in space and have its own mathematical operations 
shown in Vector Algebra. They do not depend on any Co-ordinate 
system and are self-dependent, But for our convenience we often 
refer such vectors to the Rectangular Cartesian Co-ordinates. 


3. Cartesian Rectangular Co-ordinate System,—As has already 
been stated in Chapter XIII of General Properties, the position ofa 
point P in space can be determined by measuring the perpendicular 
distance of the point from three rectangular planes YOZ, XOZ, 
XOY (fig. 3). If such distances be PD, PF and PB respectively, 
then these distances known as (x, y and z) uniquely define the 
position of the point P in the rectangular co-ordinate system XYZ. 
Since DP=OA=the projection of the line OP on X-coordinate, we 
call this distance OA as the x-coordinate of the point P. Similarly 
the projections OP on Y and Z co-ordinates are the respective co- 
ordinate values y, z of P. The distance of P from the origin O is 
given by, 


OP? — PB?--OB? — PB?--AB?*--OA? = z*- Ly? px? 
Hence if OP be denoted by r, 
Then r2 y/ x? +y? -z? 


150 INTERMEDIATE PHYSICS CHAP, VI 


4 direction of OP, we have to know the angles made 
Lo e Er by the line OP with the axes. If 


ŻPOA=4,/ POC—B and Z POE 
=y, then cos a= » COS B— and 


cos x=% These are respectively 


called the direction-cosines l, m 
and n of OP wiih respect to the 
axes. Thus on knowing the length 
ofthe line OP and its relative posi- 
tion withrespect tothe co-ordinate 
axes, the position of line OP and 
its terminal point P are uniquely 
known. Itcan also been shown 
that cos #x+cos*B+cos 2y—]? 
+m?°+n?=1 HS) 

4. Resolution of a Vector 
along Co-ordinate — Axes.—We 
have already learnt that any number of vectors can be added and their 
resultant can be found by the polygon method. In the reverse way 
any vector may be resolved into any number components in three 
dimensional space, so that the single vector may represent the resul- 
tant of all those component vectors. In order to conform to the 
Cartesian Rectangular axes XYZ, we generally resolve a given vector 
inspace into three component vectors parallel to the co-ordinate 
axes (Fig. 4). 


Fig. 3 


d 

Let OP be a vector to be specified by H. At the origin O of the^ 
vector let us draw three rectangular axes OX, OY and OZ. Let us 
designate i,j and k as three unit vectors parallel respectively to the 
axes OX, OY and OZ. This means that if we have any length J, 
parallel to OX, this length is a scalar quantity. Multiplying i with 
le, We get a vector il parallel to OX. Similar are the cases with 
j and k which will convert lengths 
parallel to OY and OZ into vectors 
parallel to those directions, Let 
the magnitude of H be H which 
is length OP. 


Now from the point P draw 
perpendiculars on OX, OY and OZ 
at points A, Cand E respectively, 
so that the X, Y and Z co-ordi- 
nate values of OP— H are OA=H,, 
OC=H, and OE-BP-H,. Re- 
member that these values are the 

magnitudes of the components and Fig. 4 
So they are all scalars. By the theorem of polygon of vectors, we know 
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> > > > 
that vectors OC, CB and BP will produce the resultant OP=H, 
Again OC=j H,, CB=i H, and BP=k H, 
- H=if,+jH, +kH, (3,1) 
Thus by using the property of unit vectors, we can resolve a 
localised vector into three rectangular vectors. If now we take the 
self product ofthe vector H, We get the scalar or dot product 
H. A=? =i H,--1H,--kH;]? 
SPH? +)? H,*+k?H,? + 2ijH,H, 2jKH, Hz4-2k HH, ME EN 
Butthe modulus or magnitude of H being H, we know from 
preceding Article that H?* — H? =H?,+H,*+H,* 3:3) 
Comparing equations (3,2) and (3,3), we get, since i. i=i? etc, 
jue] «(3.4 


and ij=j.k=k.i=0 
Equatio (3, 4) gives the relation betwen unit vectors along rectan- 
gular axes of Co-ordinates. It is importnt to remember the in equ 
(3,2), in every term we have got the scalar or dot product of the 
unit vectors. 


5. Inverse Square Law in Magnetism.—1n Chapter III Art. 18 of 
Magnetism we find that the amount of magnetism associated with the 
pole of a magnet is called its pole-strength. The pole-strength is a 
scalar quantity simply because a magnetic pole far removed from 
another pole has no motion by itself. This means that unless a magnet 
pole is placed in a magnetic field, no magnetic force acts and it is in 
full stability. This idea is akin to an ordinary mass which shows no 


m m p directional property left to itself. 
(9— —z—— —— —G$-—— —» When a mass is placed in a gra- 
js Er] vitational field, a force acts upon it 

Fig. 5 which we call the gravitational force 


of attraction. This force on a mass in case of earth as the pulling 
body is the weight of the mass, which is a vector quantity. For such 
similarity between the mass of a body and a magnetic pole strength, 
the latter is sometimes called the magnetic mass associated with a pole. 

If there are two poles of strengths m and m' placed at a distance 
rfrom each other, Coulombs’ experiment confirmed that the force 
of attraction or repulsion F, which is a vector quantity, with 


nm mm + 
properly defined unit of m and m' is equal to atone In Fig. 5, 


both are like poles and the quantity expressed in dynes is scalar in 
form, since uo Aud rare bothscalars. Then to express in vectorial 

form, both sides of the equation should be vectors. Thus we write, 
re E G, 1) 

" toe 

Where r represents the unit vector alongr. Therefore F divided 

by r gives a scalar quotient. j : 
Around the polem or m’, there is at every point a force acting 
upon each other. z Since a force having a magnitude and direction 
is a vector, the space around m or m is said to possess a force-field 
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or a vector field. Further the force in space around any pole is, as it 
were, radiating out froma point. So it is called a divergent vector 
field (See Fig. 47 pp. 30). In case of a south magnetic pole, the force 
field is convergent and we can call it a negative divergent vector field 
(vide pp. 157). 

Magnetic field Intensity —In equ (5,1) of the preceding Art, if we 
divide both sides of the expressions by m' which is a scalar quantity, 
we get F gem [r] 

m Mor? 
i Now, F/m is another vector, say H, which is called the magnetic 
ntensity vector. . H_F m 
demi. ees.) 

Where the magnitude of H which is H represents the intensity in 
oersteds due to m at a distance r, having the unit vectorial direction 
r. So H—H [r], Hence the field intensity around a magent pole or a 
bar magnet is also a vector field. The intensity vectors can be added 
or subtracted according to the law of addition or subtraction of 
vectors, as shown below. 

Take a bar magnet of pole strengths m and-m at N and S-poles 
respectively (Fig. 6) Consider a point M in its field at. distances 
r, and n from the poles. Since intensity at any point in a magnetic 


field is the force acting on unit pole placed at that point, 
— : 
Intensity at M due to N-pole of strength ns à 3[r:1]2 MG- A 
0'1 
ee > 
Intensity at M due to S-pole of strength m= rw at: =MU=B 
o'2 


Here A and B are two intensity vectors, which are co-initial and 
r, and rg are two unit vectors along MG and MU respectively. To 
find their vector sum, shift A parallel to itself until it coincides with 


> 
UL-A. 
-> — —— 
Then MU+UL=B+A=ML=C. 
We can arrive at the same result, if 


ee 

MU-B is shifted parallel to itself 
— > => 

to booted when we get MG+GL=A+B 


-. From both the arguments C is 
the resultant intensity at M or the 
vector sum A+B or B-A. It also 
Shows that vector sum obeys Associa- 
tive Law of ordinary Algebra. Vector 
intensity at another point Q is also 
shown where the vector intensity H= Fig. 6 
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D+E. Since every point within the magnetic field has got a 
resultant intensity vector, such a representation of the field is called 
a vector field. It should be remembered that in such a vector field 
the intensity vector is always tangential to a curve in the field, which 
we define as a line of force or a line of induction (ju H). 

6. Uniform Field Intensity and Work done.—In Art 28 
(Magnetism), we have seen that when intensity makes an angle 9 with 
the direction of displacement (equ, 28,3) the work done is F8S cos 9 
which represents the difference of potential—5V. If now F remain 
constant over a definite displacement S, the work done is F S cos 0. 
Since the intensity or force per unit pole and displacement are 
both vectors, the work done may be vectorially expressed as a 
scalar ora dot product of the two 
vectors in the form S.F, We 
take the vector S. first and start to 
measure angle from S towards F 
inthe anticlocwise direction which 
we call positive (Fig. 7). If the 
scalar magnitudes of S and F which 


Fig. 7 are OCand OB be designated by 
S'and F respectively, 
Then S. F=SF cos 0 (in scalar values). ve (6,1) 


If now we get the dot product of the vectors in the form F.S 
then we come from F to S in the anti-clockwise direction, which 
makes the angle 0 negative. » 

Then F. S= FS cos(—0)—SF cos 0 (in scalar values) ... (62) 

Since these two: values are equal, we conclude that S. F =F, S. 
Therefore the scalar or dot product of two vectors is commutative 
obeying ordinary laws of Algebra. It follows then that when either 
of the vectors is zero, the scalar product is zero, which means in 
this case that when either the displacement or the intensity is zero. 
the work done, which is a scalar quantity, vanishes. 

But when the vectors are at right angles to each other F. SERS 
cos 90°=0. For this case vector Algebra differs from scalar Algebra. 


Thus when F is prependicular to S, then F. S=0 EX EE 
and when they are parallel F. S=FS tn (6:4) 
If F—S, the scalar product of a vector with itself, called its self- 
product is F. F - F?— F°? hee (6,5) 


Applying these properties to unit vectors i, j and k along rectan- 
gular co-ordinate axes which are mutually perpendicular, we have 
(Ref Art 3), á 

i.j2j-k—k.j- \ 66 
i.i=i?=j.j=j?=—k.k=k?=1 aed 

If OC denotes the direction of displacement. of a unit pole, then 
the work done, as alre:dy stated is FS cos 6—S . F—V,— Vo where 
V, isthe magnetic potential at C and V, that at O. Since work 
has to be done in displacing the pole from C to O, Vo is greater in 
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magnitude than V,. Thus V,— V, which represents the work done 
by the pole in moving from O to C is a scalar quantity whose value 
depends upon the positions of the points only equal to —S . F where 
F is supposed to be uniform all over the displacement S. In an 
actual vector intensity field, the intensity generally varies from point 
to point, which we shall discuss in the next Article. 
We know from Art 3, along three co-ordinates axes, 
S=S,i+S,j+S,k and F=F,i+F,j+Fk 
so that S . F=(S,i+-S,j+S,k) . (Fajt Fjj 4-F,k) 
By Algebraic process of multiplications. and by putting the values 
of unit vectors from equ. (6.6), we finally get, 
Vo - Vom —8 . F= - (SsF,-- S,F,4- S;F;) ret.) 
7. Tangential Line Integral of a Vector.— When the field intensity 
is not uniform and the displacement of the unit pole is not necessarily 
E along a straight line, we have 
L to find little peices of work in 
displacing it through infinitesi- 
mally small distances over the 
entire path and add up all 
these works to find the total 
work done. Fig. 8 represents 


Fig. 8 a non-uniform ^ intensity : 


(vector) field and the path of motion of the unit pole is arbitrary 
from A to B. Let 8L,, La, 8L, be elements of displacements 
(vectors) over which the force fields (vectors) are F,, F, and F, 
respectively. Such forces although varying from region to region 
are supposed to be constants over respective elements of 
displacements concerned. If the general value of the magnitude 


of the force be F having an angle 6 between them, the work 
donefor such a small displacement is F cos ¢dL. In vector form 
F cos @dL=F. 3L. If F varies in magnitude and direction from 
point to point from A to B along the field, the work done or 
difference of potential Va - Vs is given by, 


A A 
Va—Vna- - fF cos 02L— — ( F. ar, «e (7,1) 
fe ona f 


B 
Equation (7,1) is defined as the line integral of the vector F along 
the line AB, Soa line integral in a magnetic field, where the 
vector F denotes intensity, expresses the potential difference between 
the points A and B. Let the co-ordinates of A be (x,, y,, z,) and 
those of B be (x,, Ya, 22). Then the values of V, and Vs 
depends upon the positions or the 
Co-ordinates of the points only, it is 


immaterial by which path the unit A 
Pole is taken from A to B. In B 
fig. 9, if the unit pole is taken from 


Ato B by the upper path the work Fg. 9 
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done is V4 — Vg. Ifitis taken from B to A, work done is V — V, 
which is opposite in Algebraic sign. If now the unit pole is brought 
from A to B and back from B to A by the same or any other path as 
shown by the arrow-head the work done is nil. So the potential 
difference between two points in a magnetic field is independent of 
the path by which the pole is taken. V4,-— Vy is also called the 
magnetomotive force between B and A, 


8. Magnetic Potential.—We have learnt in Art 28 Magnetism 
that the potential V, at a distance r from a magnet pole of strength 
m is given by m/r or more correctly by m/#,r. Let; be placed at 
the origin of rectangular co-ordinates XYZ in which P is a point of 
co-ordinates (xyz) at a distance r from origin. (Fig. 10) 


The potential V,—"— . 0 — id 
potential V, PU VET IE (8,1) 
The equation shows that V, depends only on the position of P 
whose co-ordinates are (xyz). Since m and r are both scalar quanti- 
ties, the potential V, is also scalar depending upon the co-ordinate 
values (xyz) of a point in co-ordinate space. So V, is called scalar 


point function of co-ordinates. 


It is clear now that if with mas origin andr as radius we draw 
a spherical surface, the quantity m/r or the magnetic potential over 
this surface will remain constant. Over such a spherical surface 
although x, y, z will vary from point to point, x*--y*--z* will 
remain constant, which is the square of the radius of the sphere. 
Such a surface is called an equipotential surface, whose potential 
value at every point is Vp. If we draw another concentric sphere*with 
radius r--8r where àr is small increment of radius, we get another 
equipotential surface whose value is V, —8V, all over it. If E be the 
average magnetic intensity in between the two surfaces and since E is 
is directed from surface of value V, 
to the surface of value V,—V,, 

Eàr-V, -8V, — V,— —8V,, 


whence pas +++(8,2) 
or 


The idea of potential was first 
introduced in Magnetism and Electri- 
city by the great mathematician 
Green and subsequently developed 
by Gauss and Clausius, The 


quantity. of V, is called the 
r 


gradient of the scalar function V,. 
It is to be remembered that the 


Fg. 10 gradient of a scalar field is a vector 
field, the vector at any point having a magnitude equal to the most 
rapid rate of decrease (or in some case increase) of the scalar point 
function and in the direction of this fastest rate of increase which 
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is perpendicular to the equipotential surface (sometimes called 
level surface). 


In vector notation let there be an equipotential or level surface 
of a constant value S in a rectangular co-ordinate space and anothe, 
a very close level surface of a constant value S--dS. Let A be a poin, 
on the lower surface. If r be the 
radius vector from the origin O to 
the point A, any point B on the 
second surface may be represented 
by the radius vector r, such that r+ 
dr—r,. Then AB-dr. The rate of 
increase of S in the direction AB= 
9S/ór when the two surfaces are in- 
finitesimally close together. This rate 
of increase in the direction of unit 
normal n, that is along AC is greatest, 

j 6S 3S 
Since ^6 cos 0 


Fig. 11 
and when 0—o, 8S/8r attains the greatest value of 8SJ8n. 


Hence taking nas the unit normal to the level surface at any point 


in a scalar (potential) fleld, Ld Bives the greatest rate of increase 


of S at a point in magnitude and direction. This vector is called the 
gradient of S at the point and is written as, 


grad S? In] (8,3) 
a 
Hence gradient of a scalar function is a vector. 


The vector rate of increase of S in the directions of the axes of 
X, J, z are respectively i 3S j 9s and k 8s 
ôx ôz 


8y 
vector with the magnitude and direction of the total or most rapid 
rate of increase of S. 


Their sum will be a 


^ ôS | 188, ôS 
3 d Sie EJOS o5 
4 gra Ext ày pk (8,4) 
T 6 TTC TS quote A 
This operator ic lH is called Y (pronounced as del). 
« grad Sz vs 
If an equipotential surface has a value of V then, 


;9V ôV 18V 
rad V= VV aie OV OV ¢ 
grad V s +j » +e E. RR 5) 
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is another vector called the induction B, whose magnitude is defined 
as the number of lines of induction passing per unit area placed at 
right angles to the direction of induction. So B has magnitude 
and direction and can be expressed by a line of a suitable scale with 
an arrow head. The number of induction lines per unit area is also 
called the magnetic flux density. 


Consider a surface S either open or closed (Fig. 12) which is 
cut through by lines of induction B all over 
the surface. Take a small element of area 
ds and draw an outward normal n of unit 
length (unit vector) on the element and let 0 
be the angle between n and B. Then the 
normal component of B perpendicular to ds is 
B cos 0—B.n. So the flux of B through the 
element is is B. n ds. The summation of this 
quantity is its integral taken over a closed 
surface which is given by, 


f» Par cos 8 ds (9,1) 
S 


If B is so directed as to enter the closed surface from outside as 
seen at the lower part of the figure, then the unit normal n and B 
are oppositely directed and the value of the integral over ds, is 
—B.n ds,— —B cos@, ds,. Two cases may arise as the value of the 
integration according as a magnet pole is enclosed within the closed 
surface or outside it. 


(1) Magnet Pole within the 
enclosed surface.—Let S be a closed 
surface within which a magnet pole 
of strength m is placed. Let ds be 
an element of surface through which 
a small elementary flux is passing 
out. Let B be the magnitude of in- 
duction at the centre of ds. If | 
Fig, 13 intensity at this point be H, 


Then H= ani where ris the distance between m and ds. 
r 


Then «H= B=% and the normal component of B=B cos 0 


. Normal component of induction over ds=B cos 0 ds= 
™ cos 0 ds. 
r? 


But ds cos 6/r?=dw=solid angle subtended by ds at m. 
Total normal induction over the whole closed surface which 
subtends an angle 47 at any point within it is given by, 
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4 
f? cos 0 ds= fB r UE am ws (9,2) 
S S o 


] normal induction over a closed surface is 4z 

Wael aie A ww inside the surface. This is known as Gauss 

Theorem. The integrant of equ (9.2) over unit surface is vectorially 
expressed as divergence of B or in short div. B or V. B. 

Magnet pole outside the closed surface— When the pole is outside 


the surface, a small cone having a solid angle do is taken with the 
pole as apex. This cone cuts the 


two ends of the closed surface in 
two small elementary surfaces ds, 
and ds,. The normal N, to ds, 
is inwards and is taken as negative. 
The normal N, to ds, is outwards 
and is taken as positive. The 
Fig. 14 normal induction over ds, is—mdw 
and over ds, it is mdw, Thus the normal induction over the two 
surfaces is zero. It is possible to cover up the whole closed surface 
by such elementary solid cones. By adding up all the normal induc- 
tions over elementary surfaces, it can be shown very easily, that the 
) total normal induction over the entire surface is zero. 


10. Couple as a Vector :— Although illustrated in the last Chapter 
of General properties, let us recapitulate the vectorial form ofa 
torque or moment ofa force. Let AE representa force vector and 
OA the radius vector or arm vector A (Fig. 15). Let the vertical line 
through O represent the axis of rotation of a body such a bar magnet. 
Since a free vector can be displaced parallel to itself, displace AE to 
OB, and call this force vector as B. Then from principle of 
mechanics we know that the torque 
is obtained by the product of the 
force and a line drawn from the 
axis of rotation perpendicular to 
the force. In vectorial form the 
torque is obtained by the cross- 
product or vector product of the « 
two vectors A and B. GA 


Thus vector torque T=AxB= 
Tn where T=magnitude of torque. 
The algebraic sign of T, whose Fig. 15 
direction is perpendicular to the 
plane containing A and B, is positive when A rotated counter clokwise 
towards B makes a right handed screw move upwards from the plane 
AOB. Ifthe rotation is from B to A in the figure the right handed 
Screw moves downwards and vector T is negative. The unit vectors 
n and —n along the axis of rotation. are shown. In a similar 
manner it can be shown that the force vector —D and the arm 
vector — C constitute another torque which shows that the rotation 
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from force to arm vector is a counter-clockwise rotation (seen from 
above) and the torgue is positive. If — Cx —D which is CxD be 
equal to AXB, then these two vector products form a couple, 
whose scalar magnitude is 2AB sin 9. 


11. Couple on a Bar Magnet :—Let NS represent a bar magnet of 
length 2/ and of pole strength m, both being scalar quantities. We 
have seen in Art. 21 (Magnetism). that the moment of the couple 
acting on a magnet of moment M ina uniform field of intensity H 
is given by MH sin 9. We shall 
now derive the vectorial form of qd ü 
Such a couple. un 


dt 
Since H or H is the intensity 


eX---- ul 


Bs 
vector, mH the force vector and the 


uj 
radius vector r or r meet at Nat an 
exterior angle 0. A rotation from r mit 
(extended) to mH is anti-clockwise. 


So the torque vector T,=mH xr. : 
ES Fig. 16 


Fora similar consideration at S, the radius (position) vector is 
> -> 


Ts 
=r or r and force vector is —mH. But the rotation from r to —mH. 


isanticlockwise giving a positive direction of the torque vector T,. 
> > > > 
Therefore T, =(—r)x(—mH)=rx mH. 


The two torques are equal and parallel having same direction. 


E 
Therefore their vector sum is T, +T, —2T, =T say. 


> > > > > > > 
whence T=2(rxmH)=2rxmH=Mx H (lll) 
The magnitude of this vector product is 2rmH sin 0— MH sin 0. 


. > 
Equ (i1,1) shows that the magnetic moment M is a vector 


> > 
quantity, which is equal to T provided His unity. So we get the 
definition of the magnetic moment defined in Art. 21. 


Direction of the Vector M :—To get the direction of the vector, 
we have to refer to the intensity of magnetisation I which is another 


physical vector from which we can also define magnetic moment 
> 


Bd 
(refer Art. 29, Magnetism). There we have seen that M =I V, where 


E > 
V is the volume of the magnet. Hence J and M will have the same 
direction provided the magnetic medium is isotropic. We assume 
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the material of the barmagnet to be isotropic and so the direction 


a 

of M within body of the magnet is from the south to tbe north pole. 
Magnet Elements of the Earth :—Since the declination and the 

dip represent two angles as describe in Art. 46, chapter V. 

Magnetism, these two quantitis are scalars. But the horizotal 

intensity being a component of the earth’s magnetic field, is a 

field vector. 


EXEROISES ON OHAPTER VI 


Reference 

Arts. 1. Distinguish between vector and scalar quantities. How is 

1&2 it possible to represent a vector quantity graphically ? 

Art. 2 2. What is a unit vector? What is the modulus ofa vector ? 
How is a unit vector related with the modulus ? 

Art. 3 3. Represent by a figure in three dimensional rectangular 
Cartesian co-ordinate system a» length OP, having its base at the 
origin of the co-ordinate system, and its terminal point having 
co-ordinates x, y, and z. How is its “length connected with 
co-ordinate values? What are the direction co-sines of this 
line ? 

Art. 4 4. If the unit vectors along a system of rectangular co- 
Ordinates are i, j, and k; how is a vector H related with these 
unit vectors ? 

Art. 5 5. * State the inverse square law of Magnetism and express this 
Jaw in terms of force vector. 

Art. 5 6. Show that in the conception of lines of induction ina 


magnetic field, the law. of vector addition holds good and sueh an 
addition obeys associative law. 


Art. 6 7. What is the dot product of two vectors? Show that in 
measuring the potential difference in a magnetic field, we have to 
use the dot produet of two vectors. 


Art. 7 8. Explain the term.—'Tangential Line Integral of a Vector’. 
Show that the potential difference between two points in a 
magnetic field does not derend on the path by which a unit pole is 
removed from one point to the other. 


Art. 8 ce 9. Show that the intensity vector in a magnetic field is equal 
in magnitude to the gradient of the scalar potential function. 
Art. 9 10. What is meant by the normal flux through a given area ? 


Deduce a vector expression for the normal flux of a vecti 
£ D or B over 
an entire area S which may be closed or open. s 


Art, 9 11. Deduce an expression for the total normali: i 
‘pr induction over 
a Close surface Containing a magnet pole m within it. How is the 
term modified if the pole is situated out side the surface ? 


Art. 10 12. Show that the cross-product of two vecto 
rs produce; 
vector area and the torque produced on a body is Sauce the 
sone PON What indicates the algebraic sign of the cross- 
product. 


Art. 11 13. Express the couple acting ona bar magnet ina uni 
s € p uniform 
field in a vectorial form and find the direction of the ROME 
moment vector. 


VOLTAIC ELECTRICITY 


CHAPTER VI 
VOLTAIC CELLS 


60. Electric Current—It has been already stated that if two 
conductors at different electric potentials are connected together 
by a metal wire, electrons flow through the wire from the con- 
ductor at the lower potential to that at the higher. This flow con- 
tinues so long as the potentials are not equalised. Such a flow of 
electric charge is called an electric current. But if by some arrange- 
ment the difference of potentials between two conductors be kept 
constant, we get a continuous current in the wire. 


When an electric current flows in a liquid, a solution or gas, the 
electric current is due to the simultaneous movement of positive 
and negative charges in opposite directions under the action of an 
electrical field. But in a solid the positive charges are to be found 
associated only with the atomic nuclei which are more firmly held 
together with intra-atomic forces. Hence they cannot change their 
place permanently. On the other hand, the electrons, which cons- 
titute the negative charges, are much free to move ina solid con- 
ductor. So, whenever there is a difference of potentials at any two 
points of a conductor, the electrons beyin to move from the lower 
potential to the higher potential, This continuous drift of the 
electrons through the body of the conductor constitutes the electric 
current. 


61. Galvani's Discovery and Volta's Theory—During the closing 
decade of the eighteenth century, Galvani (1737-1798), a Professor 
of Anatomy at the University of Bologna, had been carrying on 
researches with forgs. lt so happened on a day that some of the 
freshly skinned frogs had been hanging from brass hooks attached 
to an iron bar. He found with astonishment that every time the 
leg of a dead frog swung against the iron rod due to wind, there 
was a sudden jerky movement ofits legs. He ascribed the cause 
of this movement to a vital fluid existing within the nerves and 
musoles of an animal body. This fluid was the source of electricity 
which flowed from one part of the body to another, whenever 
there was a metallic connection between the two, 


Volta, (1745-1827) a contemporary of Galvani, gave a different 
explanation ofthe fact. He held that the source of electricity was 
notinside the animal body but was due to the contact of the two 
dissimilar metals and that the frog merely served as the conduc- 
ting medium for the flow of electricity. Thus according to Volta, 

. whenever two dissimilar matals touch each other, the two become 
\ oppositely charged and a difference of potentials is set up between 
the two metals in contact. This is knowa as Volta’s Contact Theory 


p+11/B 1l 
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of Potential. The contact potential difference at the junction of 
dissimilar metals is so small that a very sensitive apparatus 
is necessary to detect it. 
j^ Voltaic Pile—In order to find the contact 
potential difference at the junction of copper and 
zine rods, Volta used a condensing electroscope. 
He was not successful in detecting the potential 
difference for a single pair, since the effect was 
inappreciably small. Thereupon in order to multi- 
ply the effect he took a large number of pairs 
of discs of copper and zinc;each pair being 
separated by a piece of cloth moistened with 
acidulated water (Fig. 1). With copper below and 
zine above these discs were arranged in a vertical 
column, When the topmost zinc plate and the 
lowermost copper plate were connected by wires to 
B the terminals of the electroscope, au appreciable 
divergence of leaves was obtained, the zine plate 
Fig. 1 being at a potential lower than that of copper. 
62. Simple Voltaic cell—A simple cell consists of two rods, 
one of copper © and the other of zine Z, partly immersed in a 
dilute solution of sulphuric acid contained - 
ina glass vessel (Fig. 2). On connecting 
the rods externally by a metal wire, elec- 
trons flow continuously through the wire 
for anappreciable time from zine to copper 
and thereby establish an electric current. 
As it is customary to identify the flow of 
current with the motion of positive char- 
ges, we may say that this current is also 
equivalent to the motion of positive char- 
ges from the copper plate of the cell at the 
higher potential to the zinc plate at the lower 
potential as is shown by an arrow-head. Fig. 2—Simple cell 


The flow of current in a cell may be explained in the following 
way. When the copper rod is dipped into sulphuric acid, the rod 
is charged positively and the liquid is charged negatively due to 
contact difference of potential. Again, when zinc is dipped into the 
same solution, the zinc is negatively charged and is at a potential 
lower than that of solution. Thereby a potential difference (P.D ) is 
set up between the copper and the zinc in the solution. The 
potential difference between the metals placed in the solution when 
not connected externally by a wire, is called the electromotive 
force (E.M.F.) of the cell. The electromotive force may also be defined 
as the amount of work done on a unit charge when it is completely taken 
round a closed electrical circuit containing the cell in question. The 
unit charge is to be taken from the point C of the cell and made to 
move through-the external circuit AB to the point Z and from 

ZtoO0. The electromotive force is measured in a practical unit, 
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which is called a volt to be defined in Chap. IX. The EMF. ofa 
simple voltaic cell is actually found to be 1-08 volts. 


When the rods are joined externally by a metal wire the 
positive charge* from the copper plate, which is at a higher poten- 
tial, flows to the zine rod, which is at a lower potential. Thereby 
the potential difference between the copper and zine rods tends to 
be lowered. In order to maintain this potential difference constant 
more zine ions each carrying two units of positive charge, go into 
the solution and combine with the acid in accordance with follows 
ing equation ; 

Zn**--H,80, —Za80, --2H*. 

Here 2H* represents two hydrogen ions, each carryiog an 
elementary positive charge. "Thus for each zinc ion going into the 
acid solution two positively charged hydrogen ions are set free, 
which move through the solution, give up their charges to the 
copper plate and evolve in the form of bubbles. The positive 
charge given to the.copper plate flows through theexternal wire to 
the zinc plate, causing thereby a reduction of the potential differ- 
ence. Thus the initial state tends to be attained and new zinc ions 
go into solution, This state of affairs within the cell is repeated in 
this way. Therefore as the current continues to flow through the 
external wire, zinc gradually goes into solution When the cell is 
sending a current in an external circuit, the work done in moving 
a unit charge from its one pole to the other is called the potential 
difference (P. D.) between the electrodes. 


It may be noted thatif the direction of the current is that 
followed by a positive charge the current flows along the external 
direutt from copper to zinc, but inside the cell from zine to copper. 


*63. Source of Energy in a Cell—It is found that outside the 
cell, positive charge flows from the copper plate at a higher 
potential to the zine plate at alower potential and thatin doing so, 
it performs some work. This quantity of work can be found from 
the definition of potential difference for, if the P. D. between the 
copper and zine plates be (V,—V,) aud if Q be the amount of posi- 
tive charge flowing between thetwo, the work done is (V, — V) x Q 
ergs. When current flows steadily, the energy shows itself in the 
form of heat within the cell and in the conducting wire. 


From the principle of conservation of energy some equivalent 
amount of energy must be supplied to the chargesby the chemicals 
within the cell in order that they may do the same amountof work 
outside. Now within the cell an equal amount of charge is trans- 
ferred from the zine plate at a lower potential to the copper plate 
at a higher one and during this process the amount of work 
(Va--V,)xQ is done on the charges so as to raise them through s 
potential difference (V,—V,). In passing through the cell the 


Although the motion of the electrons in a metal conductor coveys the 
current, it has became customary to identify the curren: with the flow of 
Positive charges from a higher potential to a lower one, 
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charge gains in potential energy (P. E) by the amount (V, — Vi) X 
Q, which in turn is given to the circuit in the form of heat during 
the flow of the current. ol ys 

The energy of chemical reaction within the cell is the original 
source which supplies the charge Q with necessary increase 1n 
energy inside the cell, as it moves from the low potential plate to 
the high potential one. When the charge is raised to : the. high 
potential plate by an expenditure of chemical energy, ib gains in 
electrical potential energy to do external work. ! - i 

Tt has been found that when an atom of zine combines with a 
molecule of sulphuric acid so as to forma moleculeof zinc sulphate, 
a certain amount of heat is given out. Again, when a molecule of 
hydrogen acts upon a molecule of copper sulphate to form sulphu- 
ric acid, some amount of heat is absorbed. In such a chemical 
reaction the heat given out is always greater than the heat absorb- 
ed by a definite amount. It is this difference of the heat energy that 
does work in carrying the charges from the lower potential plate 
to the higher. This isan illustration of transformation of chemical 
energy into an equivalent amount of electrical energy. 

The action of the simple cell can be 
best compared with a mechanical 
water pump P which continuously 
raises water from one reservoir R, to 
another R, Placed at a higher level 
being connected toR, witha flow 
pipe C fitted with a stop-cock T (Fig. 
3). The mechanical action of the 
pump producing adifference of hydro- 
static preatugas jer cen the feservoirs 
is analogous to the chemical action m; ; 
within a voltaic cell producing a P. D. Fig 3—Analogy of a Voltaic cell 
between the two plates. So long as 
the stop.cock isclosed, water is not allowed to flow through the connecting 
pipe. Consequently, due tothe working ofthe pump the water level in the 
upper tank gradually rises, while that in the lower one gradually falls, until 
the hydrostatic reaction on the piston of the pump automatically stops the 
working ofthc pump. Ina similar way, so Jong as the electric current is not 
allowed to flow in the external circuit between the plates, the energy of che- 
mical action would gradually go on depositing positive charge on copper and 
negative charge on zinc, till the potential difference between the plates stops 
any further deposit of charge onthem, This corresponds to the cell in the 
equilibrium condition. 

When the stop-cock is opened, the water in falling from a higher level to a 
lower one forces its way through the pipe C. As soon asthe pressure on the 
Piston of the pump is partly released due to the lewering oflevel in the higher 

reservoir,the pump begins to work and producesa continuous flow. Quite 
analogously, when the plates of the cell are joined by a metal wire so as to 
make the current flow thecharges on the platesare partly removed and 
the potential difference between the plates is thereby lowered. The energy 
ofchemical action within the cellis now able to deposit more and more 
charges on the plates, which in turn are now able to produce a continuous 


flow of current through the external circuit, 

64- Defects of a Simple Cell—There are two principal defects 
of a simple voltaic cell which prevent a continuous steady supply of 
electric current, These are ; (i) local action and ( i$ ) polarisation, 
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G) Local Action—The ordinary zinc available in the market 
contains many impurities, e.g., carbon, arsenic, iron, lead, etc. 
Whenever any of these impurities lies on the surface of the zine 
rod used in a cell, it comes in contact with the acid and a minute 
cell is formed consisting of impurities, sulphuric acid and zinc, 
the two dissimilar elements being connected by the zine rod itself 
(Fig. 4). Thus a current, called the local current, flows on the zine 
rod. As there is a large number of particles of impurities present, 
many such tiny cellsare formedon the body of the zinc rod, each one 
sending a local current. There is thus an unnecessary 
wastage of the zinc, which does not contribute to the 
main current. Thisiscalledthelocalaction. Tademons- C"- 
tratethelocalactionanimpurezine rod is immersed in 
dilutesul phuricacid, whereupon duetothelocalcurrent 
bubbling of gas is found to occur from the zine rod, 


To remedy this defect the zinc rod is first washed 
with dilute sulphuric acid and then rubbed with 
mercury. This results in a coating of the outer 
surface. The mercury dissolves zinc which floats on 
surface of the rod, while the undissolved impurities 
remain under the coating. Thus only zinc floats to Fig. 4 
the surface, spreads over the mercury coating and becomes exposed 
to the acid solution. When a layer of zinc is used up, a fresh layer 
comes to the surface and the action goeson. The impurities get 
loose and ultimately drop down to the bottom. The process of for- 
ming a coat of mercury on zinc is called amalgamating the zinc. 


Gi) Polarisation—When a current flows, bubbles of hydrogen 
evolve at the copper plate and a thin film of hydrogen is deposited 
on it. This deposit considerably decreases the strength of the 
current and stops it altogether after a certain time. This is called 
polarisation, which may be explained in the following ways : 

(a) When the plates are connected externally by a wire, hydro- 
gen ions carrying positive charge travel to the copper plate and 
giving up the charge to the plate, escape through the solution in 
the form of bubbles. In the process, a film of neutral hydrogen is 
gradually deposited on the copper plate, which with increasing 
thickness offers greater resistance to the flow of current through the 
cell. This is the stage when the current is diminishing. 

(b) As the action goes on, more and more charged hydrogen ions 
move towards the copper plate and are gradually deposited on the 
non-conducting film. These ions cannot, hoyever, impart their 
positive charge to the copper plate, because there is the noncon- 
ducting film of hydrogen standing between the plate and the 
charge. As hydrogen is electropositive towards zine, an electric 
field from the layer of hydrogen to the zine is set up. This is called 
hack electromotive force. When this fleld is sufficiently high it stops 
the further motion of hydrogen ions towards the copper plate and 
go the current stops altogether. At this stage the cell is said to be 


completely polarised. 
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So to: demonstrate the polarisation, construct a simple cell and 
connect an electrie bell to the two electrodes of the cell. The bell 
rings loudly at first, but after a short interval of time the sound 
grows fainter and fainter, indieating that the current is gradually 
diminishing. Ultimately when the bell ceases to work, the cell gets 
comptetely polarised. The polarisation may also be demonstrated 
with à small flash-light bulb. 


Remedy—The deposit of hydrogen film can be prevented or 
reduced in the following three ways : 

(a) Mechanical means—This consists in brushing of the bubbles 
from time to time or making the surface of the plate rough ( as in 
Smee's cell), so that the bubbles may not stick to the surface. Tho 
method is not satisfactory. 

(b) Chemical means—The hydrogen may be converted into water 

` hy the use of some oxidising agent, such as bichromate of potash, 
nitric acid, manganese dioxide. ete. 

(c) Hlectro-chemical means—1n this case two solutions are used 
such that when the hydrogen comes in contact with the second 
solution, either the atoms of the same metal as those of the positive 
plate are liberated (¢.g., in Daniell’s cell) or some other gas, which 
does not cause polarisation, (e.g., in Bunsen’s cell) is produced. 
This is the most usual process. 


The chemicals, which are used to remove the hydrogen in 
Voltaic cells, are known as depolarisers. 


65. Primary cells—Provided with an excitant liquid and a 
depolariser, any type of cell is called a pri- 
mary cell. The following are the ordinary 
types of primary cells— 


Danieli’s celi—It essentially consists of 
an amalgamated zine rod Z (Fig. 5) fitted 
with a binding screw at the top and partially 
immersed in dilute sulphuric acid contained 
in a porous pot P. The pot is placed in a 
bigger copper vessel O provided with another 
binding serew. The space between the two is 
; filled almost to the top with a saturated solu- 

5 i tion of copper sulphate. There is perforated 
ig. 5—Daniell’s cell shelf S near the top of the copper vessel, 
where crystals of copper sulphate are kept. Thus Temaining in 
contact with the crystals, the solution maintains a constant 
strength. Instead of using a vessel made of copper, a copper plate 
is{sometimes placed within a glass or an earthenware vessel. 

The zinc rod acts as the lower potential plate, and the copper 
vessel as the higher potential plate. The reacting liquid is dilute 
H,S0, and the depolariser is CuSO, solution. The nature of the 
chemical action is as follows : 


The zine ions tend to go into the solution leaving the zine rod 
negatively charged, the ions themselves being positively charged. 
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Since zinc is abivalent element, each ion of zinc carries two unitsof 
positive charge. A zinc ion acts upon a sulphuric acid molecule and 
makes two hydrogen ions free in accordance with the equation ; 
Z,**++H,SO,=2ZnS0,4+2H*, [2H*-H*-L-H*]. 

These two hydrogen ions permeate through the porous pot and 
act upon a copper sulphate molecule, forming a neutral H,SO, 
molecule and a copper ion :— 

2H++CuSO,=H,80,+Cutt. 

This copper ion travels through the CuSO, solution and is depo- 
sited on the copper plate, giving up its charge to it. Hence the 
copper pot becomes positively charged. "The E.M.F. of the cell is 
1] volts. As the cell is free from local action and polarisation and 
as the strength of the CuSO, solution is maintained constant, the 
E.M F. of the cell remains fairly constant. 

The E.M.F. of the cell may be theoretically calculated from energy prine 
ciples of chemical reaction within the cell, It has been found that 1 gm. of zinc 
gives out 1670 calories in forming ZnSO, and that to get 1 gm. of copper from 
CuSO, solution 9009°5 calories are absorbed. It is this difference of the 


energies corresponding to gramme-equivalent of each metal which is responsible 


for the E. M.F. of the cell, For 1 gm-equivalent of Zn to form zinc sulphate, 
the energy equivalent is 2'36 volts, and for 1 gm-equivalment of Cu to come 


out of copper sulphate solution the energy equivalent is 125 volts. Hence the 
E.M.F. of the Daniell cell=(2°36 — 1725) volts=1.1 (nearly). The argument does 
not, howevet, take into consideration the effect of a variation of temperature 
onthe E.M.P, of such a cell. The variation with temperature is,"however, 
very small and may be neglected for general considerations. ' 

66. Bunsen'scell—It was first constructed by Robert Bunsen (1817- 
1899). It consists of a carbon rod C partly immersed in concentrated 
nitric acid N con- «, 
tained in à porous 
pot P. The potis 
again placed in a 
bigger ^ porcelain 
vessel V, the space 
between the two 
being filled with 
dilute sulphuricacid 
(Fig. 7- A zine 
cylinder Z, is placed 
between the porous 
pot and the proce- 


i l The a x 
AA rod. and the Fig. 6 Fig. 7—Bunsen’s cell 


zinc cylinder are each provided with a binding screw (Fig. 6). 

the low potential plate and carbon is the high 
The exciting liquid is dilute H,80, and the 
The perspective view of the 
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Here zinc is 
potential one. ng liqu 
depolariser is concentrated nitric acid. 
cellis shown in figure 6. PEE ie 

tion —Zine acts upon sulphuric acid is given by the equation ; 
sik . Zn**--H,80, —Zn80, -2H*. 


' 168 INTERMEDIATE IHYSIOS CHAP. VI 


The hydrogen ions pass through the porous pot and act upon 
the nitric acid according to the equation 
2H*--2HNO, —2H,0-4-2NO,*. 
carriers of positive charge to the carbon rod are the 
ups Luder eS At first, the nitrogen peroxide gets 
dissolved in nitric acid and after is evolved as dark-brown fumes 
around the carbon rod. The nitrous fumes are unpleasant and 
injurious to health. The E.M F. of the cell 
is 1:95 volts. In such cell another gas in place 
of hydrogen is evolved at the positive [late 
and it is not completely free from polarisa- 
tion. When a large current is required, a group 
of such cells is used. The cell is very cheap. 
When not in use, the parts of the cell are 
kept detached, since the nitric acid slowly 
passes through the porous pot and corrodes 
zine. 


Grove's cell—This cell is similar in principle 
to the Bunsen’s cell except that ip place of 
the carbon rod there is a platinum foil 
(Fig. 8'. The cell consists of a rectangular 
glass vessel, in which dilute H,80, is poured. 
Fig. 8 A zine plate is placed in the. solution. A 

Grove's ceil porous potcontaining strong HNO, , in which a 
platinum foil is immersed, is placed within the glass vessel The 
chemical reactions in this cell are similar to those occurring in 
a Bunsen’s cell. The E.M F. of the cell is about 1:9 volts, The cell 
is very costly and is so less commonly used. 


67.  Leclanche's cell— 
lt consists of a glass bottle 
B containing a strong solution 
of ammonium chloride. An 
amalgamated zine rod Z with 
a binding screw stands at one 
corner partially immersed and 
forms the negative plate (Fig. 
9). At the middle of the 
bottle there is porous pot P 
containing a rod of gas car- 
hon C. . The space between 
tha Ju and the carbon rod is 
closcly packed with a mixture 
of charcoal and powdered HRY don 


Ws Leclanche's cell 
manganese dioxide, The perspective view of the cellis shown in 
figure 10. 


In this cell the zine is the low potential plate, ammonium 
chloride (NH, C) is the reacting liquid, manganese dioxide (MnO,) 
is the depolariser and the carbon rod is the high potential plate. 
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The function cf the charcoal powder is only to make thedepolariser 
electrically conducting. 

The nature of the chemical action is given by : 

Zn** --2NH ,CI—ZnCl, 4-2NH, J-2H*. 

Ammonia gas is liberated through the mixture. The two hydro- 
gen ions thus formed react with MnOs and give up their charges to 
the charcoal according to with equation— 

2H**--2Mn0,—Mn,0,4-H,O (two positive charges being thus 
liberated). This shows how polarisation in this cell is avoided. 
The F.M.F. of thie cell is 1-4 volts. 

Since the depolariser in this case is a solid, its chemical action 
is slow, so that the hydrogen cannot be removed at the same rate 
at which it is generated. Therefore, when the cell is continuouely 
run for some minutes, a considerable number of hydrogen ions 18 
accumulated on the surface of the depolariser. This is « quivalent 
to partial polarisation and the effective E.M.F. of the cell is gradu- 
ally reduced. If the cell is given rest for a while, the accumulated 
hydrogen ions are disposed of and the cell regains its original 
strength. For this reason where an intermittent supply of current 
is required (e.g., in a telephone, telegraph or electric bell), this cell 
may be conveniently used. 

Dry Cells— These are various formsof modified Leclanche's cells 
designed for portable purposes. The sectional diagram of one such 
cell is given in figure- 11. In such cells the c 
solution of NH,Cl is replaced by a paste compos- TT 
ed of sawdust saturated with NH,CI solution. 
These cells can, therefore, be placed in any posi- 
tion without the risk of the liquid flowing out. 
These are largely used in portable machines. 


The central binding screw is fixed to the 
carbon rod ©, round which the mixture of char- 
coal, MnO, and a little gum are packed ina 
muslin bag A Surrounding the bag isa pasty 
‘ayer of sawdust, NH ,Cl solution and a little zinc 
chloride. The lower potential plate is the zinc 
vessel Z which also serves asthe container of Fig. 11 
these substances. In orderto prevent unnecessary leakage of 
electricity, it is covered both at sides and at the top with some 
non-conducting substance D. There isa small outlet G from the 
muslin bag for the escape of the ammonia gas. The E.M F, of such 
cell is nearly 1-4 volts and drops down gradualiy with use. The 
mixture of charcoal and MnO, gets dried up in a short time and 
interferes with the action of the cell. For this reason this mixture 
is moistened with a little NH ,Cl and ZnCl,. 

#68. Bichromate cell—It consists of a glass bottle fitted with 
a non-conducting cap having three openings. Through the two 
side-openings two plates of carbon are attached and are connected 
together at the top by a strip of brass. This forms the high 


G 
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n : 4 : tal 
otential plate (Big. 11). Through the middle opening, a me 
Toà loosely oi AS which carries an amalgamated zine plate at the 
end. Whenever required, the zinc plate can be raised out of the 
liquid. The liquid employed isa mixture of dilute H,SO, and 
potassium bichromate (K,Cr,O,) which fills more than half the 
bottle, The chemical action within the cell is as follows : ; 
Dilute H,SO, acts upon K,Cr,0, producing 
chromic acid (H,CrO,) and potassium sulphate 
(K,80,). The associated chemical equation is : 
K,Cr,0,4H,80,+H,0=2H,Cr0,+K,S0,. 
The chromic acid and potassium sulphate 
remain within the liquid. While the zinc ions 
combine with the sulphuric acid molecules, the 
equation runs thus ; 
Zn**-F-H,80, —Zn80, 4-2H*- 
The hydrogen ions are acted on by chromic 
acid to form chromic oxide (Cr,O,) aud water. 
The chemical equation reads as follows : 


6H++2H,CrO,=Cr,0,+5H,0- position charge, 


Fig, 12 Thus some positive charges are liberated. 
These charges are given over to the carbon electrode, which there- 
fore actsas a high potential plate, The chromic oxide finally 
dissolves in the excess of H,SO, and forms chromium sulphate 
Cr,(80,), and water ; 

Crs0, --3H,S0, —Cr,(S0,); +3H,0. 

The colour of Cr,(SO,), is green and hence with time and use 
the colour of the liquid changes from red to green. Cr,(80,); 
combines with K,SO, and water to form crystals of chrome-alum 
(K,80,), Cr,(SO,),, 24(H,0) which are depositedon the plates and 
interfere with the chemical action of the cell Hence in a modified 
type of the cell potassium bichromate is replaced by chromic acid 
directly. 


For a temporary use, the bicromate cell gives very satisfactory 
work. The internal resistance is low owing to the closeness of the 
plates; the E.M.F. at start is about 2 volts and gradually runs 
down to 1:7 volts with use. 


*69. Standard cells—With a continued use all types of voltaic 
cells described above undergo a more or less fall in E.M.F. For 
this reason two types of cells have been devised, in which the 
E.M.F. remains constant and changes very little with temperature. 
They are not used to geta supply of current, but are kept fora 
comparison of E.M.F. To such types belong the Weston Cadmium 
cell and the Latimar Clarke cell. ` 


Weston Cadmium cell—It is an H.shaped tube closed on all 
sides, The horizontal part of the tube serves as the connecting link 
between the two vertical ones (Fig. 13). At the bottom of one of 


ART. 69 VOLTATO CELLS 171 


the'vertical tubes, some amount of pure mercury is placed, which 
serves as the positive electrode. Above the mercury level there is a 
paste of mercurous sulphate. At the bottom of the other tube there 
isan amalgam of mercury and cadmium acting as the negative elec- 
trode. Both the tubes are then filled 
with a saturated solution of cadmium 
sulphate up to a height little above 
the connecting tube. This solution 
acts at the reacting liquid. In order 
to keep the strength of the solution 
constant, crystals of cadmium sul- 
phate are put within the solution. 
The wires, which are fused to the 
bottom of the tubes, terminate at the 
two binding screws at the top of the 
casing in which the cell is fixed. The 
E.M.F. of the cell is 1.0183 volts at 
20°C and at any temperature ¢°C the 
E.M.F. (expressed in volts) is given 
by the equation— Fig. 13—-Cadmium cell 

Et= 1.0183 —0.0000406 x (1— 20). 

Care must be taken not to give violent jerks to the cell, since 
mercury may then run through the horizontal link and disturb the 
cell considerably. To guard against a heavy consumptionof current, 
a high resistanve is often placed in series, which is kept at one side 
of box containing the cell. This kind of cell is never used for a 
supply of current but it always serves as a source of constant E.M.F. 

Latimar-Clarks Cell—This cell differs in construction fron the Cadmium 
cell inasmuch as cadmium is replaced by pure zinc throughout, This cell 


looks like a big dry cell. 
The E. M.F. of the cell at 15° C is 1.443 volts and the temperature 


coefficient is much larger than that of the Cadmium cell. 

There is another type of cell, called the Secondary cell in which 
electric energy can be stored from the outside source and can be 
utilised whenever required. They act as reservoirs of electricity and 
are often called storage cells or accumulators. (Vide Chap. XI). 


Exciting High Pot, Approx, 
Nome Lovage. Plate | Depolariser| E. M. F. 
Liquid | (in volts) 
Simple Zinc H,SO, dil. Copper none 1'08 
Dill Zinc H,30, dil. Gopper CuSO, sol | 110 
Bunsen Zinc H,SO, dil. Copper HNO, 1:95 
Grove Zinc H,SO, dil. Platinum | HNO, 1:95 
Leclanche | Zinc NH, Cl sol. Carbon MnO, 140 
Dry Zinc NH, Cl paste | Carbon MnO, 
Bichromate| Zinc H, SO, dil. Carbon K,Cr,O, | 2:10 
Weston Cadmium | CdSO, sol. Mercury Hg,SO. 10184 
amalgam at 20°C 
a 
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#70. Contaet Difference of Potential Volta's Theory assoris 
that there existe a difference of potentials at the point of contact 
of any two dissimilar metals. Subsequent investigations goto 
prove that there is a contact potential difference not only between 
a solid and a solid, but also between a solid and a liquid. The 
potential difference always acta across the interface, that is 
through the surface of contact of the materials. 


Solid-Selid Interísec— The. electron theory propounds that there 
ie a certain number of electrons associated with each atom. Within 
a conductor the electrons situated at the furthermost orbit of an 
atom are most loosely bound to the nuclei and so they move about 
within inter.atomie spaces almost freely. Although they fly about 
under ordinary conditions, these electrons cannot leave the surfaco 
of the solid, since the escape of an electron plainly makes the 
conductor positively charged and the mutual attraction immedia- 
ao the electron. Bat when the tpi in raised very 
Mah, the kinetic energy of an electron may be sufficiently large to 
allow it to escape The emission of electrons from a substance due 
to heat is called thermionic emission of electrons. 


Different solid materials possess different numbers of free eleo- 
irons per unit volume, Bo in different materials the internal 
pressure exerted by electrons js different. Now when two dissimilar 
metals are in contact, different electron pressures of the 
two metsis sot through the interface and tend to equalise, Elec- 
trons, therefore, from the one at the higher presaure pasa into the 
other until there is an equilibriun. The former is thus left positive. 
ly charged, while the latter becomes negatively charged, This 
acoounte for the contact potential difference between wo conduc- 
ting solids, The potential difference existing between two motala 

upon the difference of the electronic pressures and hence 
- the natare of the metals and the difference of temperatures 
y 


When a metal rod is immersed in a solution, there is a tendency 
of the solid to go into solution and thereby to increase the number 
of ions in it, Tf it netually dissolves the rod, the metal gradully 
loses positive charge in proportion to thenumber of atoms given up. 
Thus the rod becomes negatively charged and thesolution gets posi- 
tively charged. After a time an equilibrium is set up, when tho 
difference of potentials between the solution and the rod stopa any 
further detachment of the positive ions from the metal into thesolu- 
tion. This accounts for the contact potential difference between the 
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charge to it, Henee 
rod js ata —À than the liquid. This happens when a 
rod of copper in dipped in dilute sulphuric acid (Pig, 140]. 


Tn both cases, however, two la of o te ob are 
formod at the surface of o ge Scr pi the (quid. 
double layer, 


This waa termed by Lord Kelvin as the electrical la 
Tho following table contact potential difference beween 
the a red s rere of the acid in the equilibrium 
tion, 


EXERCISES ON CHAPTER VI 


Arte. L Distinguish clearly between the electromotive fores and 
67 G61 the potential difference se applied to » cell (Del. H. B14, 
CPU mil, UPD 1905, Uds UIT) l Mog, Ureta 

Art, 64 1, Hwplue the meaning of the term and the crum of 
poleriestion of » volaic call. Oire two Inetences of Che wee of 

dn a cell, One being sn isstonce of n coll of siegle 


vnd the other of + call of two electrolytes 
electrolyte * two a a 


Arts. 3$ Wher ore the defects of + simple volisie cell? ispila 
4 & OS defects sre temediod in + Dialeto call. 
rcm UR. 0,193 | Ove, U-I9 1901 RPU = 
4. Describe s Daniell cell and expleie the sors of ite vertows 
Phat, chemlesl 


an @ chemges take pistein + coli when 


, components. What 
current la takon fom E 1i g insg; C.U-—1988 , Dae, UDIN 
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5, Describe a simple voltaic cell and its main defects. Art. 65 
Describe also two other primary cells in which these defects are 
d,giving full explanation, 
jo. en (Anna. U.—1970 ; Del. H,S,—1972) 
6. Describe a Bunsen's cell and explain itsaction, Art, 66 
(Del, U —1964) 


7, Describe a Leclanche's cell. What are the means to Art. 96 
obviate the effects of polarisation in this cell? How far is this 
Object attained? What properties make this cell a suitable one 
for electric bells? (C.U.—1954; U.P,B.—1972 ; Gau.—1971) 


8. Describe a Leclanche's cell and explain its action. Art. 67 
(Utk. U.—1959 ; C. U.—1961) 

9. Describe how dry cell is constructed and explain its Art, 67 
action, (Cf. Gau, U.—1971; And. U,—1961, '72) 

10. Describe the construction of any simple nonepolarisable Art, 65 
voltaic cell. (Dac, U,—1961) 

11. What is a standard cell and why is it socalled ? Art, 60 
(C. U.—1956) 

12, What is meant by electromotive force ? Distinguish Arts. 


between a storage cell, and a primary cell. Describe the 62 & 69 
elements, 


CHAPTER VII 
MAGNETIC EFFECT OF CURRENT 


7L. Oersted's Experiments—In 1819 H. C. Oersted (1777—1851) 
carried out an experiment, in course of which he observed the 
following fact. He stretched a wire 


parallel to a freely Suspended mag- 
netic needle(Fig. 15). On sending a 
- current through the wire the needle 


got deflected. The direction of 
Fig. 15—Oersted’s experiment current being reversed, theneedle 
2 j deflected in the opposite direc- 
tion. On stopping the current the needle came back to its original 
position. Thus he arrived at the conclusion that there must 
be an priate relation between a magnet and an electric current. 
The b nch of of Physics dealing with the magnetic effects ofa 
current is called electro-magnetism. The subject owes its origin 
to Oersted’s experiments. 


Ampere’s Swimming Rule—Soon after Oersted's discover 
A. M. Ampere (1775—1836) published a Paper giving actin? 
method of finding the direction of deflection of the magnetic needle 
due to a current, 
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Ampere's rule may be summed up in the following lines : 


Imagine a man swimming along 
the wire in the direction of the 
current with his face (in normal 
position with respect to his body) 
always turned. towards the magnetic 
needle. Then the north pole of the 
needle will be deflected towards his 
left hand (Fig 16). Evidently the south pole of the magnet would 
turn in the direction of the right hand. 


72. Magnetic Field due to a Straight Current—The deflection of 
a magnetic needle by electric current indicates the presence of a 
magnetic field surrounding a wire carrying an electric current. 
This can be demonstrated by the following experiment : 


A smooth card-board having a small hole at its centre is placed 
horizontally on a suitable stand. A thick copper wire is made to 
pass through this hole in a vertical position, and iron-filings are 
sprinkled on the board. A current is then passed through the wire. 
On now gently tapping the board the iron-filings are found to 
arrange themselves in concentric circles round the wire (Fig. 17). 
On placing a small compass needle anywhere on the board nearthe 
wire, the direction of the axis of the needle gives the direction of 
the line of force through the point. If the direction of the current 
be reversed the direction of the lines of force also is found to be 
opposite. 

It is worthy of note that the magnetic field at any point near 
the wire as traced out by the iron- 
filing is due to the combined effect of 
the magnetic field due to the current 
and that of the earth. At a point very 
close to the wire the field due to the 
current is predominant, while at a 
considerable distance the earth’s field 
becomes more pronounced. At some 
point, therefore, these two fields 
would be equal and opposite, giving 
rise to the neutral point, (Vide J. 
Chatterjee’s Intermediate Practical 
Physics, All-India Edition.) Fig. 17 

The direction of the magnetic lines of force round a conductor 
catrying an electric current was given by the English Physicist 
Maxwell (1831—1879) in the following lines : 

Maxwell's Cork-screw Rule—Imagine a right-handed cork-screw 
lying with its avis coincident with the wire carrying a current and 
screwed in the direction of the current. Then the direction, along 
which the thumb rotates, gives the direction of the lines of force 
(Fig. 18) 
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It isto be borne in mind that Ampere’s rule and Maxwell's 
rule are slightly different interpretations of the 
effects between a magnet and a current. 


73. Motion of a Magnet round a Current—It 
follows from the nature ofthe magnetic lines of 
force due to a straight current that ifa single 
magnetic pole be availabie, it would actuallyrotate 
round a straight wire conveying a current. But as 
a single pole cannot be obtained, it appears there- 
fore, that the above fact cannot be demons- 
trated. Michael Faraday (1791 - 1867) devised an 
apparatus whereby it was possible to exhibit the 
motion of a magnetic pole round a current. His 
apparatus is illustratedin Fig. 19. It consists of 
a magnet NS bent twice at right angles, which can 
be accurately pivoted on a stout wire P so as to 

Fig. 18 remain vertical. Connected at the base with a bind- 
ing screw, a stout bent metal rod serves as the inlet for the 
current, A vertical wire, fixed to it at the top, is dipped ina 
small trough F containing mercury, A bent metal rod, serves 
as the inlet for the current. A vertical wire, fixed to it at the 
top, is dipped in asmall trough F containing mercury. A bent 
metal rod p soldered to this trough aud dipped into a shallow 
dish is provided with another binding screw which serves as the 
outlet for the current. 


When the two binding screws are connected to the terminals of 
a Voltaic cell, so that current flows through the apparatus as shown 
by the arrow-heads, the magnet is found to rotate in a clockwise 
direction when seen from the top. The explanation is simple, Since 
current enters through the top and leaves the apparatus from the 
dish, one-half of the magnet is affected by the magnetic fieldofthe 
current. As this half contains the N-pole, it would tend to move 
in the direction of the lines of force generated by the vertical 
current, Following Maxwell’s Cork-screw Rule the direction of 
the lines of force would be clockwise when seen from the top. 
Hence the N-pole of the magnet, if free to rotate, would move in 
the clockwise direction. If, however, the direction of the current 
be reversed or ifthe magnet is turned upside down, the motion 
also is reversed. s 


To demonstrate the same effect a more sensitive type of 
apparatus is shown in Fig. 20. A large ebonite disc B is supported 
on three levelling screws at the base- The vertical brass pillars 
standing near its circumference support another ebonite disc A 
which has got a large hole at the centre. Around this hole there 
is an annular cup C containing mercury, which is in metallic con- 
nection with the binding screw T' through the pillar U. At the centre 
of the lower disc stands a vertical brass tube D, which is connected 
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with the binding screw T; the upper end of D projects through the 


Fig. 20 


hole in A. For convenience of demonstrating other experiments 
with the same base A, the uppor parts of the apparatus are detach- 
able. The stand E with a horizontal frame R is screwed to the 
cover AÀ. On the top D there is a small cup containing mercury. 
F isa brass frame which carries two cylindrical magnets ns and 
n's’ ; the lower point of the frame touches the mercury in 
the cup. The frame is suspended from R by unspun silk thread 
and is in metallic contact by a bent wire p with the annular 
cup. 


When the terminals ofa battery are connected to the two 
binding screws T and T’, current flows through the tube D, through 
the bent wire pand finally through U as shown in the figure. 
The two n-poles of the magnets are actedon by the vertical current 
andso they begin to rotate in the direction given by Maxwell’s 
Cork-screw Rule. Two magnets are employed both as a counter- 
poise as well as for increasing the force of rotation. 


74. Magnetic Field due to a Current ia a Circular Coil—The 
magnetic lines of force due toa circular coil of wire can be 
demonstrated thus ; A piece of wire bent into the shape of a ring 
passes through a horizontal card-boardat two points at the opposite 
ends of a diameter (Fig. 21). Iron filings are spread over the card- 
board. A strong current is passed through the wire by connecting 
the two terminals toa battery of cells. Oa gently tapping. the 


Pt. 11/E—12 
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board the iron filings arrange themselves in a definite pattern as 
shown in Fig. 21. 

It is found that the lines of 
force very close to the wire are 
nearly circular,so that there are 
two series ofcircles, one round each 
limb. Curvature of the lines of 
force becomes less, as they recede 
from each limb. Over a small 
region at the centre of the ring the 
lines of force are nearly parallel to 
each other and perpendicular to 
the plane of the ring. So the mag- 
netic field at this region is nearly Fig. 21—Field due to a.Ring- 
uniform. 


The direction of the line of force at any point can be determin- 
ed by placing a small compass needle at that point. The 
distribution of the lines of force outside 


Z the ring suggests its similarity with that 
ofa magnetic shell ; in other words it 
5 N is similar in effect to a thin magnetised 


sheet, with one face north and the other 

south. Hence if the coil be held before 

the eyes, the face on which the current 

Fig. 22 appears to flow anti-clockwise, behaves 

as the north pole and the face, where 

it flows clockwise behaves as the south pole (Fig. 22). Thus a ring 
carrying a current is equivalent to a magnetic shell. 


75. Unit of Current—The motion of an electric charge through 
a wire is equivalent to an electric current. Ifan amount Q of 
electric charge passes through a conductor in ¢ seconds, the 
average current C during this interval is given by, 


C=Q/t, whence Q=Ci. wee (75,1) 


When t=] second, C=Qper second. Hence the strength of 
the current is equal to the amount of charge passing across a 
section of a conductor in one second. If Q be expressed in electro- 
static wnit (the unit used in Statical Electricity and commonly 
abbreviated as e.s.u.), the current also is expressed in e.s.u. 
Further, when Q1 e.s.u. of charge which is called a stat-coulomb, 
C also is equal to 1 e.s.u. of current which is called a stat-ampere. 
This unit is extremely small and is seldom used. For praotical 
measurements other convenient units are used ; these will 
now be discussed. 


*Laplace’s Theorem,—Pierre Simon Laplace (1749-1827), a 
French mathematician evolved a theorem givinga relation of 
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force exerted by a magnetic pole on a conductor carrying an 
electric current. To explain this theorem, imagine a magnet pole 
of strength m C.G.S. units placed at any point p in space. For 
convenience of locating its position, take a rectangular system of 
co-ordinates OX, OY and OZ, and suppose that the pole is situated 
Some where on the plane YOX ata distance r om. from the origin 
O. (Fig. 23) Let a small length 8l of a conductor carrying a current 


C be placed parallel to OY at the origin and let r make an angle 6 
with 81, 


Let ôF be the force acting 
on the pole m by ôl carrying current 
C. Then it is found by experiment 
that F is directly proportional to m, 
C, 8l aud sin 8 and inversely propor- 
tional to r3, 


een ce mOÔI sin 6 


7 
m(Càl sin 0 

re A. 

where K, is a constant of Fig. 23 
proportionality. The force acts parallel to OZ, the direction being 
perpendicular to the plane YOX containing the element 81 and the 
magnet pole m. Ifany one of the quantities m, C, èl or sin 6 
increases in value, the force F increases while if r decreases, the 
force increases. 


or 6F=K, 


++(75,1) 


The force ôF on ôl by the magnet pole, may be supposed to be 
due to the magnetic field at O. The magnetic field intensity at O 
in vacuum is m/r* and in a medium of permeability p, the intensity 
reduces to m/ur*, But experiment shows that the force F does not 
depend on the mediumin which measurement is taken. Thus, if 


$ m ] d te] 
for.any medium, ae then Ti yp HB magnetic in- 


duction or, 5F=K,", C 81 sin 6=K, BC 8/ sin 6 (15,2) 


for which B represents the magnetic induction at O due to the 
pole m. The magnetic field at O acting on the current element 87 
may be due to asingle pole ofa magnet or due to two poles of a 
bar magnet or due to a combination of magnets. In all cases equ 
(75,2) will hold good. In C. G. S. system, when ôF=1 dyne, C—1 
e.muof current, à|-1em, 6—90? Bis defined as 1 gauss. Thus 
Kı=1 and equ (75.2) reduces to 5F =BO61 sin 6...............(75,3) 


76. .Ampere’s Theorem and Electro-magnetic unit of current— 
Ampere and later on Biot studied the nature and distribution of 
magnetic field around a conductor carrying a current. It is 
just the reverse cffect of Laplace’s observation, the action of 
a current on a magnet pole due to the production of a magnetic 
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i i ld at 
field by the current, If we can determine the magnetio feld. 
Eon. due to a current element, we can atonce find force acting 
ona magnet pole placed at that point. As before let a small 


Fig, 24 Fig. 25 


length ôl of a conductor, placed parallel to the axis OY, carry a 
a current C. Imagine a point P on the plane YOX at a distance 
rfrom the centre of the current element, The magnetic field 
through P due to the current element is along PQ which is perpen- 
dicular to OP and also to 37. Therefore PQ is parallel to OZ. 


If the magnetic field strength at P due to ôl be ôF, then 


Ampere showed that apex Zin? (76,1) 

where K is a constant depending upon the units in which the 
quantities in the equation are expressed, The nature of the 
magnetic field due to ôl is shown in the fig. 25. Here the axis of 
the conductor of length ôl is shown by the line OY and a plano 
ABDE is taken perpendicular to OY. A line OP, of length r is 
taken at an angle 0 with OY. The magnetic field ôF given by 
equ (76,1) at this plane acts along P,Q, which is perpendicular 
to the plane containing P,O and OY. Another magnetic intensity 
on the plane ABDE is shown by P,Q, (=8F) which is perpendi- 
cular to the plane containing OY and OP,. So that taken over the 
plane ABDE, the intensity every where is tangential to a circle 
whose radius subtends an angle 6 at O. 


Electromagnetic unit of current.—As a particular case of the 
theorem we can say that if a current passes through a wire bent 
into an are ofa circle, the force F, experienced by a unit mag- 
netic pole placed at the centre of the circle, is directly proportional 
to the length Jof the current carrying wire and to the strength 
of the current C and is inversely proportional to the square of the 
radius r of the circle. Since @ is every where 90°, sin 01. 


Hence Peake, where £ is a constant. . (76-2) 
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We may thus define a unit current from the above principle 
For, when /=1 cm., the current strength can be so chosen that 
Fzldyne. If we denote this current 


E — by unity, then k=1. Hence an electro- 
faM magnetic unit of current may be defined 
31 48 — —4 to be the current, which flowing through 


emei 14 | an arc of length 1 cm. of a circle of 
MI radius 1 cm. exerts a force of one dyne 
iu ona unit magnetic pole placed at its 
J centre (Fig. 26). 
Since this unit is defined in terms 
Fig. 26 of force on a magnetic pole, it iscalled 


an electro-magnetic (Or absolute) unit 
or in short, ¢.m.u. It is also called absolute ampere or ab-ampere. 
This unit of current is found to be 3x 10*° times the correspon- 
ding e.s. unit of current. 


Practical Unit of Current and Charge—The e.m.u. of current, 
as defined above, being too large, a practical unit of current, 
called an ampere has been arbitrarily chosen such that its magnitude 
is one tenth of that of an e.m.u. of current. Thus, by definition, 


lamperez10-* e,m.u. of current or ab-ampere 
=3 x 10? e,s.u. of current (A) 


Since current is merely the rate of flow of electrical charge, it 
is evident that a similar relation should exist betweenthe different 
charge units. The practical unit of charge is called a coulomb 
which is the amount of charge flowing through aconductorcarrying 
a current of one ampere per second. As all the charge units are 
related to the corresponding current units in a similar manner, we 
can write 


1 coulomb « 107* e.m. u of charge (ab-coulomb) 
23x10? es.u. of charge (stat-coulomb) (B) 


To illustrate the conversion relations (A) and (B), we can take 
the numerical cases of conversion of 4 amperes and 6 coulombs to 
the other system of units. Thus, for example, 

4 amps.» 0:4 e.m.u. of current=1-2x10'° e,s.u. of current and 
6 coulombs.—0-6 e.m.u. of charge—1-8 x 101° e.8,u, of charge. 


76. Field at the Centre of a Circular Coil—If a circular 
coil of a single turn of radius rcm- carries C e,m.u. of current, 
the intensity f at the centre of the coil is, by the preceding article. 
given by 


fe 870 PhD orsteds 1163) 


a 
%Note: Inthe language of trigonometry, such an arc of the circle, 
it might bo borne in mind, subtends an angle of 1 radian at the centre, $ 


182 INTERMEDIATE PHYSIOS OHAP. VII 


If the coil consists of n turnsof wire, theintensity is multiplied 
n times and is given by 


nf pa AM oersteds ., (16:2) 


If C is given in amperes, it is equivalent to Cx 1071e.m.u. of 
eurrent, Therefore 


Ed oersteds (76:3) 
Example : 


A compass needle suspendedat thecentre of a circular coil of wire with its 
axis in the magnetic meridian makes 10 oscillations per minute in the earth’s 
field alone and 16 oscillations per minute when a current passes through the 
coil, Find the magnetic field due to the current in the coil, when the horizonl 
tal component of the earth’s field is 02 gauss. 


Ans, Inconnection with the magnetic forces (Art. 37) itis known the 
the square of the frequency of oscillation of a magnet is directly proportional 
to the field strength in whichit oscillates, In the earths field H which is 
0.2 gauss, the frequency of oscillation is 10 per minute. In the combined 
field (H-E) of the earth and the coil, the frequency is 16 per minute, 


Hence K X10*=0,2 and Kx 16? -F4-2, 


n e. where F=0'312 expressed in gauss, 


77. Field due to a Solenoid—A solenoid is a piece of wire 
bent into the form of a spiral of many turns so as to be of the Shape 
ofa cylinder (Fig.27). When a current 
is sent through a solenoid, each turn 
of the spiral, which is like a ring, 
behaves asa magnetic shell having 
equaland opposite polarities of the 
two faces. Thus a solenoid may be 
supposed tobe composed of a num- 
ber of magnetic shells of equal 
strength with opposite faces in con- 1 
tact, Therefore, a solenoid behaves Fig. 27 
like a cylindrical magnet with fixed polarities at the two ends only. 
To determine the nature ofpolarity developed at either end, obser- 
vation must be made againstthat end and the direction of the flow 
of current over the solenoid must be traced, If the direction of 
the current be found anti-clockwise, the end must be the north 


poig: If, on the other hand, it is clockwise, the end is the south 
pole. 


Place a uniform spiral of wire through two parallel slits cut in a 
card-board such that the planeof the board passesthrough the axis of 
the spiral, If a strong current is passed through it and iron-filings 
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are sprinkled over the board, then on tappingthe boardthe lines of 
force appear almost like those of a 
bar-magnet (Fig. 28): 
The behaviour of a solenoid as a 
magnet can be further illustrated by 
the floating battery originally due to 
De la Rive. It isasimple cell fitted 
within a glass beaker which is made 
to float on water ina big tray. The 
copper and the zinc plates are con- 
nected externally through along wire 
coiled into a spiral of a few turns 
(Fig. 28). On floating the combina- 
tion it is found to lie in such s way 
that its axis coincides with the 
magnetie meridian. Further, on pre- 
senting a pole of a bar-magnet the 
coil is found to be attracted or 
repelled ,according to the laws of 
magnetic attraction or repulsion The 
nature of the polarity associated with any face of the coilcan be 
determined by knowing the direction ofthe current on this face 
according to the clock-face rule. 
The intensity along the amis of a long solenoid is given by 
Fo4snC 2 ^ (T1) 
Here F is expressed in dynes per unit pole (or simply in oers- 
teds), n is the number of turns of wire per cm- length of the spiral, 
and C is the current in e,m-u. If C is expressed in amperes, 
F=0.4nn0=0-4nNO/L (712) 
where N is the total number of turns in the solenoid, and L is 
total length of the solenoid. The quantity NC is called ampere- 
turns which is the amount of current in amperes (that flows through 
the solenoid) multiplied by the total number of turns in it. ‘The 
value of ampere turns indicates the intensity of magnetisation of 
the solenoid provided each turn of the coil is fully effective in 
producing intensity within the hollow space of the solenoid. 
78. Electro-magnets—1f a rod of soft iron is introduced within 
a solenoid carry- 
ing a current, 
the magnetic 
field within the 
solenoid magne- 
ties the soft 
iron (Fig. 29), 
Since the sus- 
ceptibility of 
soft iron is very 


Fig. 28—Floating battery 


Fig, 29—Straight Blectro-Magnet j ] i 
high, themagnetisation cquired by the specimen attains aconside- 
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rable value and consequently it becomes a magnet. But since the 
retentivity of soft iron is very small, the magnetiration of the 
specimen is retained so long as current passes round it. As soon 
as the current is stopped, there is practically no magnetism left 
with in the soft iron. This sort of a magnet is called an electro-mag- 
net and the specimen introduced within the helix or coil is called 
the core. The polarity generated at either end is the same as that 
on the solenoid towards that end. The strength of the induced 
magnetism in the core is proportional to the current (sent through 
the charging coil) as also to the number of turns of the coil per 
unit length. 


Electro-magnets are used, whenever a strong field is requi- 
red. For this reason an electro-magnet of the horse-shoe 
type is almost universally used. The two limbs of the mag- 
net are wound with wire in opposite 
directions and finally the two terminals 
are connected to two binding screws 
as the base ( Fig. 30). They larger is 
the current that passes through the 
coil, the stronger is the intensity of the 
magnetic field. In order to ensure a 
further strengthening of the field, two 
detachable conical pole pieces of soft 
iron are sometimes placed upon the 
polar faces having a short air gap bet- 
ween them. Dne tothe pole pieces the 
lines of force starting from the north 
pole move towardsthe south pole almost 
straight and the intensity of the field between the pole pieces 
is fairly uniform. 


There are various uses of electro-magnets. Electric bells, tele- 
phone receivers, loud-speakers, telegraphic relays, induction coils 
and transformers are all operated by electro-magnets, Lumps of 
iron ores, several tons in weight, are often removed from one part 
to another of an Iron and Steel Factory by means of large electro- 
magnets moving over trolleys- Chips of iron, lodged in the body 
of a person struck by bullet, are sometimes collected during surgi- 
cal operation by electro-magnets. 


Fig. 31 represents one type of a very high-power electro-mag- 
net. The core Cof the magnet, about 2:5 inches in diameter, is 
made of special soft magnet steel. Each core C is firmly screwed 
down to the base F made of iron and is held symmetrically at a 
small inclination towards each other, so that the pole pieces P, P 
are close together and ensure a strong field within the air gap. 
The coils of copper wire, one represented sectionally on the right 
arm by C, and the other in perspective on the left by C,, are 
wound in several layers on the cores and have their terminals 
attached io the four binding screws B in a manner as shown in 
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the diagram: When the termirals ofa battery of cells are con- 
neoted to the two extreme binding screws of the electro-magnet, a 
current flows in opposite directions in the two coils, and therefore, 
the two cores are magnetised oppositely. The wire composing 
each coil is very thick, and consequently, it can carry a large 
current, which produces an intense magnetisation. The field 
strength between the 
pole pieces of such 
form of a magnet is 
several thousand oer- 
teds. It is found that 
when the semi-angle 
between the polepieces 
is about  55?, the 
Strength of the field 
is a maximum for a 
given current. Very 
high-power electro- 


magnetsrequiring very 

large magnetising curr- 

i ent are provided with 

^ à water-cooled copper 
USN 


tubes coiled round the 
Wf pole-pieces serving as 
À the charging coil, A 

AN current of as high as 

r as 100 amperes can be 

Fig. 31—A modern electro-magnet e aT through 


S System of Electromagnetic Measurements—According 
to e. cas, pn a magnetio field strength is measured by 
observing the force between this field and unit magnet pole. Then 
a magnetic field as produced by an electric current is also studied 
by force on a magnetic pole from which the electro-magnetic unit 
of current is defined. And finally the practical unit of current 
an ampere, is fixed up. But according to MKS system, the magnot 
pole in determining a magnetic field strength is not brought 
in. A magnetic field, either by a magnet or by a conductor 
carrying current, is supposed to exist and its effect on current 
carrying conductor is examined in the following way (Fig. 32) 


ine a plane PQRS one square metre in area placed parallel 

to verd YOZ of Av: of rectangular co-ordinates XYZ and 
let a uniform magnetic field cross this plane _perpendicularly. 
Evidently the magnetic field is parallel to X-axis and is directed 
to the plane along XO. Even if the field be in vacuum, the MKS 
system, assumes some sort of permeability p, of vacuum and 
Toposes to call the magnetic flux through PQRS as lines of 


induction. Further suppose that AD is a straight conductor 
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one metre long parallel to OY. If this conductor carries some 
current then according to Laplace’s theorem 
or more simply due to Fleming’s left Hand 
Tule the conductor would experience a force 
along OZ. Now the magnetic flux density 
in MKS system is defined in the following + 
way. If the conductor, 1 metre long and “aj 
carrying a current of 1 ampere, experiences 
a force of l newton ina magnetic field then < 
that magnetic flux density is defined as 

weber per square metre, thus we have. . Fig, 32 


1 weber l newton 
metre? — 1 ampxl metre 


which relation follows from equ. 
(75,2) 


Sores diee Reihe 


We return to the equation 3F—Bz K 3 
f 


unit of current in electromagnetic system has been previously 
defined by making 3/—1em., sin ¢=1, r=lom, and B=one unit of 
magnetic flux per unit area, so that all the quantites involved are 
unity which makes K=1, But in MKS system an ampere is one 
coulomb per second and so also a newton and metre have all been 
defined independently. As we are restricted by those definitions K 
cannot be made equal to unity in this case and as such we have to 
evaluate its value in the MKS system, in the following way :—We 
note that, $ 

Unit of Magnetic Induction in MKS is defined as ,— 9 _ 
l ampx 1 metre 

1 wober 
ox 


metre? 
Unit of Magnetic Induction is C. G, S is defined as 


1 dyne 1 maxwell 1 m 
L ab-ampx lom ^ Iom? ^ 89" 
. unit of B in MKS lnewton  . 1 dyne 


unit of B in C.G:S^ I amp x I meire ` lab-ampx lom 
lnxl ab-ampx1 cm 
= TampxImx ld 
unit of B in MKS 10°dx | ab.amp x 1 em 
unit of Bin CGS ^ 0-lab-amp x 10"cmx 1 d 


— 104 d. ab-amp. om 
AUE aanp qnit is 


, 


weber | 104 maxwell 


sq. m 8q. cm 


ri 


eo 


=10* gausses 
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,,1 maxwell 1 dyne lab. ampx 1 in ¢= 
Agan ie A m. . ampx 1 em [sin 6=1] 
8 sq. cm 16.G.S poems. 1 sq. em 
y ` weasel 1D 2) 
here K—1 in C. G. S. units. But in transformi b 
(79, 2) in MKS, we get, Mer 
1 OPEM 1044.1 weber K. 10 amp x 10725, 
cm m? 10-4 m? 


=K. 103 9TP 
m 


mor x10-7~ ™ 
m amp 
eb 


te 10-0 ePi 
amp. m 


whence K=unit of B in MKSx10-: ." _ 
j amp 


Cél sin 8 


In equation B=K z » the quantity B represents the 


magnetic induction which is defined as the number of tubes of force 
(induction) passing per square metre placed normally across the 
direction of induction. Since 1 tube contains 47 lines of force 
the number of lines of force for induction B is 4zB. These lines 
of force are sometimes called Maxwell tubes quite different from 
Faraday tubes. 

Now these 47B lines thread a unit area to produce a force 
of uae UE newton. 

r 

In rationalised MKS system 47B is taken proportional to the 
force and the constant of proportionatety is taken as p, for 
vacuum. 

C81 sin 8 


ja _#o CBlsin6 
4nB=p, papery whence Bar tee on (19, 3) 


Lo is called the permeability of free space. Eqn (19, 3) in MKS 
is known as Biot-Savarts law. 
` Comparing the orginal equation with (79,3) we find that 
web p, A .. Web 
amp.m 4m t C T iaat amp.m 
using Biot—Savart’s law, we obtain 


K-10-* 


O web 
red 

C web 
(b) Magnetic field due to straight conductor Bape za x 


m r 
4 NC 
(c) Magnetic field on the axis inside a long solenoid B=p eT 


(a) Field at the centre of a circular coil, Bats. 


Vies where N=total number of turns of the of the solenoid and 


m?’ 


1 is the length of the solenoid. 
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(d) Force between parallel conductors Fæ E go where C 


and C' represent currents in ampers flowing along two long con- 
ductors set parallel to each other at a distance of one metre from 
each other. From this observation an ampere in MKS system is 
defined as follows,— 

One ampere is that unvarying current, which if present in two 
parallel conductors of infinite length and one metre apart in 
empty space causes each conductor to experience a force of exactly 
2x 10-7 newton per metre of length. 


Afew cases of intensity in MKS are given above, in order to 
introduce this system, to the readers, if they are interested. We 
shall however be using C,G.8. system in this book. 


EXERCISES ON CHAPTER VII 


Reference 1. Describe the magnetic field in the neighbourhood of 
a straight conductor carrying a current, and show how you 
would verify your description. (Pat, U.—1972) 
Art, 72 2. How would you investigate the magnstic field in the 


negihbourhood of a long straight wire carrying current ? 

Enunciate rule giving the relation between the direction 

of current and the direction of the magnetic lines of force 

due to it, (Del, H. S,—1969) 

Art, 73 3. Desctibe and explain the construction of an 
apparatus, by means of which the rotation ofa magnetic 

pole round a straight upright current can be demonstrated, 

(C. U,—1955) 


Arts, 74 & 75 4. State the law of intensity of a magnetic field due to 
acircular current, Show clearly how it enables usto define 
the electro-magnetic unit of current. (Bom, U.—1971) 
Art, 15 5, What factors determine the magnetic field at the 
centre ofacircular coilcarrying current? — (Del. U.—1971) 
Arte, 75 & 76 6. Find an expression for the magnetic field at the 


centre ofa circular coil catrying a current and thence define 
the electro-magnetic unit of current. (Nag. N—1961, '63) 
Art, 76 7. Calculate the strength of the magnetic field at the 
centre of a coil of 10turns and 16 cm. rrdins, when a current 
of 4 amqeres circulates within the coil, 
Ans, 1,57 oersteds. 


Art, 77 8. Avery long so enoid is wound with a single layer of 
insulated copper wire of diameter 0,1 mm, Calculate the 
magnetic field along the axis of the solenoid, when a current 
of 0,5 ampere is passed through it. 


Ans 62°8 oersteds, 


Art, 78 9. Explain the construction of an electromagnet, 
(C, U.—1963) 
Art, 19 10. Define an ampere according to M,K.S. system. 


Fine a relation between gauss and weber/sq. metre, 


CHAPTER VIII 
EFFECTS BETWEEN CURRENTS AND MAGNETS 


80. Electrodynamics—The branch of Physics dealing with the 
motion ofa magnet due to an electric current or the motion of a 
current element due to either a magnet oranother current is called 
electrodynamics. The motion ofa magnetic pole round a Straight 
current has already been discussed in Art. 73. 


Action of Current on Magnet—It has already been explained 
that a magnet, if brought near a straight current, gets deflected in 
a direction indicated by the Swimming Rule, If the wire be bent 
into the shape of a rectangle or a circle, the effect upon the magnet 
is increased, since the currentelement ineach part of such a circuit 
in this case tends to deflect the magnet along the same direction. 
If, further, instead of one turn of the coil many turns are used, the 
intensity of the field near its centre. is greatly increased. This 
effect has been utilised in the construction of the suspended magnet 
type of galvanoscope and galvanometer designed to detect and 
measure electric current. 


Galvanoscopes are instruments used to defect electric current in 
a conductor, while galvanometers are used to detect as well as to 
measure the strength of the current. 
A simple galvanoscope consists of a 
magnetic needle freely suspended or 
pivoted at the centre of a frame carry- 
ing several turns of insulated wire 
(Fig. 33). To make a measurement 
the plane of the coil is kept in the 
magnetic meridian. When a current is 
passed through the coil, the magnetic 
fleld due to the current tends to set 
the magnet qi right angles to the plane g 
ofthe coil: This is called the deflect- ds noscope 
ing couple, But, at the same time, the M muris f 
earth’s field tends to keep the magnet along the magnetio meri- 
dian. This is called the controlling couple. Under the simultaneous 
action of the two couples the needle takes up a deflected position. 
Any deflection of the magnetic needle, therefore, indicates a flow 
of current in the coil- 


Galyanometers are usally of two types—(i) Suspended Magnet 
type, in which the coil is fixed and the magnet is free to rotate 
as in a Tangent galvanometer, Sine galvanometer or Astatic 
galvanometer) ; and (ii) Suspended Coil type, in which the magnet 
is fixed and the coil is free to rotate, 
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81. Tangent Galvanometer—It consists of a circular coil of 
insulated wire of several turns wound on a vertical wooden frame 
W.Thetwo ends of the 
wire are connected to 
two binding screws 
attached to the base 
of the instrument 
(Fig. 34). The frame 
can revolve about a 
vertical axis overa 
circular scale B at 
the base and is 
usually provided 
with a light pointer 
P which moves over 
this scale. There is 
another circular 
disc D graduated 
(in degrees) from 0° 

Fig. 34 Fig. 35 to 90° in four qua- 
Tangent Galvanometer drants and is fixed 


horizontally at the central region of the frame. A small magent is 
pivoted or suspended from a vertical support V at the centre of the 
coil so as to move freely in a horizontal plane. There isa long 
aluminium pointer A attached to the centre of the needle at right 
angles to its lonzth, whose ends move over the circular scale gradua- 
ted in degrees. The needle and the scale are enclosed in a shallow 
box with a glass cover. In order to avoid parallax error in the 
reading there is at th» base of this box a stripof circular mirror, in 
which the reflection of the pointer is observed. There are three 
levelling screws at the base of the instrument: Instead of one coil 
there are, in some form of the instrument, two or three coils of wire 
of different diameters, each having separate binding screws, 


Adjustment—Put a spirit level on the glass cover and level the 
instrument with the help of screws at the base. This ensures a 
free movement of the needle and makes the axis of rotation of the 
coil vertical. Then rotate the coil until its plane comes in the 
magnetic meridian. At this position the magnet, if freely suppor- 
ted, should bein the plane of the coil and the pointer should 
indicate 0°-0° on the scale. If a current is now passed through the 
coil, the needle makes a certain deflection which is read directly 
from the position of the ends of the pointer. 


Theory—It has been stated that for a small region near the 
centre of a circular coil the magnetic field is nearly uniform and 
perpendicular to the plane of the coil. If the magnet is small, its 
movement takes place in this uniform field. 

Figure 35 shows the section of the circular coil by a horizontal 
plane passing through the points R and Tof Figure 34, Theline HH. 
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represents the magnetic meridian, and @ the deflection of the 
needle of length 27. Ifthe intensity at the centre of the coil due 
to the current in it be F, the force on each pole of the magnetic 
needle is mF, where m is its pole strength. The two poles of the 
magnet would, therefore, be urged in opposite directions perpen- 
dicular to the plane of the coil, each with a force mF. This is 
equivalent toa couple and is called the deflecting couple Again, 
when the magnet is actually deflected from the magnetic meridian 
through an angle 6°, another pair of unlike parallel forces, each 
equal to mH due to the horizontal intensity of the earth, act on 
the magnet and tend to bring it back to the meridian. This is 
equivalent to another couple and is called the controlling couple, 
So for equilibrium the moments of these two couples must be 
equal and opposite. 
Hence mE x 21 cos 0 — mH x21 sin 6, 
or F=H tan 6. e (81,1) 


But from Art. 76, ge eno 

H rH 
° j^ cas -— 81,2 
UN pret 6 oe tan @. ... "D (81,2) 


The quantity = is constant for the same galvanometer and is 


therefore, called the galvanometer constant ; it is usually denoted 
by G. 

Thus Gen tan 6. (81,3) 

Again, H is constant for a particular locality. Hence with the 
same galvanometer (G being constant) at a particular locality, the 
quantity H/G is a constant and is equal to K (say). 

Hence C=K tan 6. s+ (814) 

K is called the reduction factor of the tangent galvanometer, 
since the current can be directly obtained by multiplying the 
tangent of the angle of deflection by this factor, Thus the current 
is proportional to the tangent of the angle of deflection ; hence is the 
name tangent galvanometer. It may be noted that although the 
galvanometer constant is the same for any particular instrument, 
its reduction factor varies from place to place. The reduction factor 
is equalin magnitude to the amount of current which passing 
through a galvanometer deflects its needle through an angle of 45°, 
since when 0=45°, tan ¢=1 and therefore O=K. 

In all the above equations the current C is expressed in electro» 
magnetic units, If C is given in amperes, then since C amperes are 
equal to C/10 electro-magnetic units, 

9 Pts tan 6, 
J0— 2nn 4 
where r, H and n are all expressed in C. G. S. units: 


Hence cH tan 6 (in amperes). 


192 INTERMEDIATE PHYSIOS OHAP, VIII 


y C105 tan 82-10 K tan 6. Ee (ELD) 


The following are the directions for the adjustment and working 
of a tangent galvanometer:-— 3 

(1) The coil should be placed in the magnetic meridian, since at 
this position the deflection of the needle obeys the simple meridian 
law. If the coil is placed at right angles to the magnetic meridian, 
there would be no deflection of the needle for any current. 

(2) The magnetic needle should be a very short, so that it may 
always be moving ina fairly uniform magnetic field due to the 
current in the coil. 

(3) The equation (81,8) shows that current of any strength 
from zero toinfinity can bemeasured witha tangent galvanometer. 
In practice, however, such current is usually passed as can deflect 
the needle to near about 45°, for in that case a slight probable 
error in reading the angle of deflection would introduce minimum 
error in determining the value of the current. 

(4) The intensity of the field at the centre of the galvanometer 
coil is directly proportional to the number of turns of the coil and 
inversely as the radius of the coil. Hence, to make the arrangement 
sensitive, the coil should be of many turns and also of small radius. 

(5) While taking the reading, the eye should be placed verti- 
cally above the pointer, so that the pointer and its image in the 
mirror appear to lie in the same vertical place. Readings for both 
ends of the pointer are to be noted and the mean value is to be 
found. 


(6) When the needle is suspended, it should be carefully 
ensured that it initially lies along the magnetic meridian. Other- 
wise there is a torsion in the suspension, which must be avoided, 

82. Sine Galyanometer—This instrument is similar in construc- 
tion to atangent galvanometer; in fact, the same apparatus is some 

NA times used as a tangent galvanometer and 
sometime asa sine galvanometer, the pointer 


' 

i i m at the base being used in the later case. 
i pi A Adjustment—Level the instrument by 
Ue a 


means of screws at the base and then place 
the coil in the magnetic meridian when the 
pointer reads 0°-0° on the scale. On now 
mf passing the current through the coil, a 
deflection of the needle is observed, Then 
! by means of the pointer at the base read 
i the position of the coil. Rotate the coil in 
BA mH 1 the direction of the deflection of the needle. 
4$ ! ] It is found that as the coil is rotated, it 
í gradually overtakes the needle, till at the 
Si particular position the needle is again in the 
Fig. 36 plane of thecoil(Fig36), Read off the position 
Ofthe pointer at the base. The difference 

of the two readings gives the amount of rotation of the coil. 


2s 


T 
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Theory—In Fig. 95, NS representsthe magnetic meridian, A and 
B are the sections of the coil by a horizontal plane through the 
centre and ns represents the deflected position of the needle, In 
the position of equilibrium two couples act on the needle, viz., one 
(mF, mE) perpendicular to the plane of thecoil and hence perpendi- 
cular to the axis of the needle constituting the deflecting couple and 
the other (mH, mH) parallel to the meridian which constitutes the 
controlling couple. For equilibrium the moments of the two couples 
must be equal and opposite. 

Now the moment of the deflecting couple =mF x 21, where 21 is 
the length ofthe needle. Also the moment of the controlling 
couple=mF x PS =mH x 2l sin 6. 

When the needle is in equilibrium, mF x 21=mH x 21 sin 6. 

or F=H sin 6. (81,1) 


"^ 22nC rF rH sin 
Since Fa On m ^ by (81,1) 


=K sin 0, where Ke! . ponat +++ (81,2) 
2an 


Hence C is proportional to the sine of the angle of def lection, 
This is why the instrument is called a sine galvanometer, 

As before, C210 K sin 6 (in amperes). 

82. Advantages of Sine Galvanometer over a Tangent Galvano- 
meter —A sine galvanometer has the following advantages over a 
tangent galvanometer.—(1) As the needle of the sine galvanometer 
is always kept in the plane of the coil, the needle moves in a more 
uniform field than iu the case of tangent galvanometer. (2) For the 
same reason the suspension fibre is not at all twisted and 80 there 
is no'error dae to torsion. (3) The sine galvanometer ts more sen- 
sitive than a tangent galvanomeler.—lf for a given value O of the 
current the deflection be à, when the instrument is used as & 
tangent galvanometer, and @, when the same instrument is used 
as a sine galvanometer, then K tan @,=0 =K sin?,, whence tan 6, 
sin 8,. Therefore, unless the angle are very small, 6, is greater 
than 9,. Hence a sine galvanometer is more sensitive than a 
tangens galvanometer and is thus more suitable for a weak current, 
while the tangent galvanometer is to be used for a larger current. 

Bat a sine galyanometer has tha following disadvantages -() A 
preliminary adjustment is to be made in every case. (ii) It cannot 
be use} for’a heavy current. Since the maximum possible deflec- 
tion of the needle is 90", the highest measurable carrent with a 
sine galvanometer js K sin 90^—K, which is equal to the reduction 
factor. Buta current of the value of K gives a deflection of 45* 


in the tangent form. 
Examples : 


1, Calculate the cuffentstrength in amperes passing through a tangent 


galvanometer in which there are 50 turns of the coil having a mean diameter 


pt. 11/8—13 
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of 22 cm, when the needle is deflected through angle of 30° against the eatth’s 
horizontal intensity of 0'3 oersted. 


Ans, Here r=11 cm,, r—50, H=0°3 and 6—30, 


11x03 10x11x03 - 
From (60,5), C=l0x > eq. ten 30°= 3c y paco / ame 
=0:06 amp, 


2. A tangent galvanometer having a coil of one turn of radius of 34 cm, 
gives a deflection of 45? with a current of 10 smperes. Calculate the strength 
of the horizontal component of the earth's magnetic field at the centre of the 
coil. [Utk. U.—1952] 

Ans, C=10 amp., r—34 cm., n=1 and 0—45? whence tan 0—1, 

. 5x34xH 
We IMXI 

3. Two tangent galvanometers A and B differ only in the matter of the 
number of the turns of the coil. They are connected in seires, On passing a 
current through them, the deflections in A and B are 45° and 35°, Calculate 
the ratio of the number of turns, given tan 459 —1 and tan35°="7 

j [U. P. B.—1950] 

Ans, When two galvanometers ate connected one after the other so as to 
be in series in an electrical circuit, the current flowing through each oneis the 
same, Let the current be C amperes, Let the radius of the coil of each be r 
cm,,n, and n, the number of turns of A and B, and H the horizontal intensity 
of the earth’s field, PUT from the DUROS gb the problem, 

ERR UR » 

c E tan45?, and also C as tan 35^, 
tan 45° tan 359 nm tan45? 1 
CD aba CTNE n, tan 35°° '7 

4, Calculate the reduction factor of a sine galvanometer having given the 
following data: r=8 cm., n=40, H=0'314 C, G, S. and 7—3'14, 

Ans. We know that when 0—90», K=C (numerically), Hence 


5 5x3x0°314 
c= sin 90°= “FAXOT amp.=0'] amp, Thus K—0'1. 


=10 or H=0 18 oersted, 


Hence 


=10: 7, 


83. Lamp and Scale Arrangement—For accurately measuring 


Fig. 96 —Lamp anà Scale arrangement 
small -deflection of a galvanometer needle, a lamp and scale 
arrangement is sometimes used. A small mirror is attached to the 
suspended needle. A narrow beam of light fromasource is projected 
on the mirror and the reflocted beam is received on a scale placed 
suitably (Fig: 96). By adjusting a convex lens a sharp image of the 
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slit can be thrown on the scale. Some manufacturers attach a 
concave mirror to the needle which throws the light in focus 
upon the scale without the use of a lens, 

If the needle rotates through an angle 6, the mirror also rotates 
through an equal amount ; but the spot of light reflected from the 
mirror rotates through 29. If D be the perpendicular distance 
between the mirror and the scale, and d be the shift of the spot of 
light on the scale, then tan 26=d/D. 

If D is very large in comparison to d, 20 is à very small angle, 

So tan 206—260, whence i EAA A (83,1) 

Thus the deflection is proportional to the shift produced. 

84. Astatic Galvanometer—It is a combination of two magnets 
NS and N'S rigidly fixed together in a frame as shown in Fig. 97. 
The magnets are placed paralled with 


opposite poles facing each other. They Ó 

are of equal length and of almost equal x M " 

pole-strength. Such a combination is pg eet pte S: 
known as an astatic pair, The combina- ei 

tion is suspended freely with an unspun © _<> 

silk fibre from a screw head at the top ie e 
the instrument (Fig. 97). The lower 

magnet NS is enclosed within a flat Fig.97 


rectangular coil of serveral turns in which it is free to oscillate. 
Sometimes there are two coils, one for each needle. A circular 
graduated horizontal scale is fixed underneath the upper magnet 
to record its deflection. The pair of magnets carries a long 
aluminium pointer which moves over the graduated scale ; or 
sometimes a small mirror is attached to the system to read its 
deflection witha lamp and scale arrangement. The instrument 
has got three levelling screws at the base. . 
To work the instrument, it is first levelled when the magnet 
swingsfreely in the meridian. If the magnetic 
moment of the magnet NS be slightly greater 
than that of N’S’, the combination would 
behave asa weak magnet and would lie inthe 
magnetic meridian with its N-pole pointing 
north. Taking an ideal case in which the 
moments are equally equal, they may point in 
any direction whatsoever, depending upon the 
torsion of the suspension thread. The pair is 
then called truely astatic. On now passing a 
current through the coil in the directionof the 
arrow (Fig. 97) the N-pole tendsto be deflected 
perpendicular to the plane of the coil. In this 
case the north pole would go down the plane 
of the paper, and S up. Fora similar reason 
Fig, 98 S' of the upper magnet is deflected down the 
plane of paper, and N, upwards. Therefore, the direction of 
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deflection of both the magnets is the same and the strength of the 
defiecting couple is increased. Thus, by a suitable choice of 8 pair 
of magnets an astatic galvanometer can be made very sensitive. 

‘As in this type of instrument no theoretical relation is found 
between the current and the deflection, it is to be previously cali- 
brated, which means the deflection for various known currents are 
to be graphically plotted. When a deflection for a current is obtain- 
ed, the latter is found on reference to the calibration curve. 

85. Action of Magnet on Current—This deals with the motion 
ofa current element ina magnetic field. It is known that ifa 
magnetic pole be placed near a 


current in such a way that itis free w 

to move, it would rotate round the M MAT M ETS 
latter in a direction given by Max- ^ ms ^ 
well’s Corkscrew Rule. Thus if N / ` N 
denotes the original position of the / W i hi 
north pole ofa magnet (Fig. 99) and i DARN ak + i 
W represents the section of a vertical ^ Y t 
wire in which the current is flowing , rti A Jf 


downwards, itis evident that the N- M (NIIS a $ "et 
pole would be urged along the direc- Riker ein 
tion of the arrow towards N', provid- Fig. 99 

ed W remains fixed.. If now N is kept fixed, then since actions 
and reactions are equal and opposite, W would move in the oppo- 
site directions towards W’ with the same force and rotate ina 
circle. The motion of W relative to N at any position is tangen- 
tial to the circle in which the former moves, This means that W 
moves always at right angles to the line joining the successive 
positions of N and W. 


. 86. Fleming’s Left-hand Rule—Fleming gives a very simple 

mothod of determining the direction of motion of a current element 
placed in a magnetic field. 

Stretch out the thumb the forefinger and middle finger of the left 
hand at right angles to each other (Fig. 100). If the forefinger points 
to the direction of the field at the position of the conductor carrying the 
current and if the middle finger indicates the direction of the current, 
the thumb gives the direction of motion of the conductor. 


Fleming's Left-hand Rule may be experimentally verified with 
an apparatus shown in Fig. 
101, It consists of a vertical 
wire suspended from a ring 
MS on & horizontal metal rod. 
Yor. e The other end of the wire is 

w. : ore 2 mergary placed Wh 
a long trough. An electrica 

Fig. 100—Left-hand Rule eise iiy be sent ibroigh 

: the wire by connecting the 
terminals of a cell to the trough and the horizontal metal rod- The 
trough is placed between the pole-pieces of the two magnets as 


LINES -> 
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shown, On passing a current, the vertical wire is found to move 
within the magnetic field in a direction at right angles to it. 

The direction of motion is known from the Left-hand Rule. 
The direction of the lines of force due to the pole-pieces NS is, as 
shown by the arrow-head, horizontal. The forefinger of the left- 
hand is placed along this direction. If the current in the vertical 
wire is flowing upwards, the middle finger now points upwards. 
Then the direction of the thumb indicates the direetion of motion 
of the lower end of the wire as shown by the arrow-head with the 
letter m. à 

This rule may also be verified with an apparatus shown in Fig. 
102, The actual rotation of current round a magnetic pole may be 
demonstratedby the following appa- 
ratus due to Faraday. G is a wide 
glass cylinder closed at both ends 
by two cork stoppers Aand B. The 
upper stopper A is 
bored by a thick 
copper wire which 
has a binding 
screw at the upper 
end and a hook at 
theother. Through 
the lower cork B 

Fig. 101 passes the N-pole 
of a cylindrical magnet. Some quantity of mercury 
is poured into the cylinder so that the end of the 
magnet projects alittle abovethe mercury surface. 
A straight piece of wire W is suspended from the 
hook, such that its lower end is dipped alittle into 
mercury. The mercury is connected by a thick 
wire to another binding screw. On passing a 
strong current between the two terminals, the wire | 
W is found to rotate around the pole N in a direc- Fig, 102 
tion given by the Left-hand Rule. k 

To understand how the Left-hand Rule is applied, a represen- 
tative diagram of the same apparatus is given in Fig. 103. The 
lines of force due to the north pole of the magnet are all radial as 
shown. The wire W carrying the current C upwards cuts a line of 
force at any position almost at right angles. Place the forefinger 
of the left-hand along the line of force which meets the wire at 
some position. Now place the middle finger vertically upwards to 
represent the direction ofthe current in the wire. Then thethumb 
gives the direction of motion of the wire. Evidently the wire 
moves in a circle as shown by the arrow-head. The tangent to the 
circle at any position represents the direction of the resultant 
motion at that position of the wire. 

87- Barlow's Wheel—It is another instrument to demonstrate 
the continuous rotation of a conductor carrying currentin a magne- 
tic field. It consists of star-shaped metal dise W (Fig. 104) which 
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can revolve about the horizontal axis with a very small friction. 
There is a groove at the base containing mercury, into which eac. 

spoke of the wheel at the lowermost position just dips. There au 
binding screws A and B connected respectively to the mercury an 

the wheel. A horseshoe electro-magnet or sometimes a permanent 
horseshoe- magnet is placed on the base, so that the two poles mo 
on the opposite sides ofa spoke. While touching mercury, the 
spoke cuts the lines of force at right angles. Ifa current is now 
passed through the spoke and the mercury cup by joining the 
terminals of a battery to the binding screws, the wheel is found 
to rotate in a particular direction. On reversing the direction 


Fig, 103 Pig. 104— Barlow's Wheel 
of the current, the direction of motion of the wheel gets reversed. 


The direction of rotation of the wheel may be easily understood 
from the representative diagram (Fig. 105), in which W is the star- 


cutting the spoke dipping into the mereury is given by the arrow- 
head parallel to the mercury surface, 
Place the forefinger parallel to this line, 
The direction of current is vertically 
downwards, since it entera the wheel at 
the centre and leayes it at the mercury 
surface. Place the middle finger pointing 
vertically downwards, Then the spoke 
would move in the plane along the direc- 
tion of the thumb. As 800n a8 one 
spoke passes out of the mercury surface, 
the next one comes in contact with it 
and is similarly affected, Thus a con- 
tinuous rotation takes Place. 

88. Force on a Linear Conductor— 
If a straight wire of length Jem. be placed 
normally to the lines of force in a field of Fig. 105 
uniform intensity of II oersteds and if it carries a current C (in 
electro-magnetic units), then by Fleming’s Left-hand Rule the con- 
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ductor would be urged ina direction at right angles both to the 
field and to the direction of the current. “The magnitudë of the 
force F (in dynes) is equal to the product of the current strength, 
the length of the the conductor and the intensity of the field, where 
C, H and l are all expressed in C. G. S. electro-magnetic units 
Thus F=CHI, expressed in dynes ... (88,1) 


Rectangular Coil in a Uniform Field—Let AB C D bea rect- 
angular coil of wire cepable of rotation about a vertical axis and 
carrying a current C e. m. u. in the 
direction of the arrow (Fig. 106). Let 
the plane of the coil make an angle 0 
with the direction of the field H, when 
both the top part AD and the bottom 
part BC of the coil would be inclined to 
the lines of force at an angle 0. The 
arms AB and OD, each of length /, are 
perpendicular tothe field and, therefore, 
the force F exerted on each one ofthem 
is CHI dynes. This force acts at right 
angles to each of the arms AB and CD 
and to the field. So the forces are 
parallel. Moreover, since the directions 
of the current in AB and CD are oppo- 
site, the forces are oppositely directed. 
The forces, therefore, consitute a couple 
which acting on two vertical limbs 
tend to set the plane of the coil normal 
to the lines of force. 

Fig. 106 The horizontal parts AD and BC also 
E are subject to equal and opposite forces 

which act parallel to the plane of the coil and prependicular to 
utralise each other and 


these parts. These forces, therefore, ne 
need not be taken into consideration. Ifthe breadth AD of the 


coil be b, the arm of the couple is equal to b cos 6. 
The moment of the couple=CHI6 cos @=CHA cos 6, where A is 
the area of the coil. 
When 6=0°, the mo 


largest value. 
When 9=90°, the moment of th 


ment of the couple CHA and has the 
e couple=0, being the least 


value. 
Tf the coil has n turns, all other things remaining in ee vs 


force in n times as great an 1 
Thus when a coil is placed in à uniform magnetic 

a couple acting on the coil tending to se 

which position it embraces th 
rp si of 30 milliamperes flows in a rectangular coil of effective area 

500 sq. cm. aud if the coil is in equilibrium when the normal to its plane make 

an angle of 30? with the horizontal magnetic field of 40 gauss, calculate the 


deflecting couple, 
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Ans. When the normal to the plane of tha cet makes an angle of 30°, the 
5 i f 60° to the magnetic field. j 
eae Wok CU ES sq. cm, and the current=20 milliamp- 02 
amp.—'002 e.m,u. 


t 
ipe eec Faros :002x40x cos 60°) dyne-cm, —20 dyne-cm. 


89. Moving coil Galyanometer—The rotation ofa coil carrying 


Fig. 107—Suspended coil Galvanometer Fig. 108 
current in a magnetio field is utilised in the principle of action a 
moving-coil galvanometer. Thecomplete pictureofa moving coil gal- 
vanometer withits detached coverisshown in Fig. 107 and ita inner 
parts are shown separately in Fig. 108- The apparatus consists of a 
small rectangular coil A containing many.turnsof fine insulated cop- 
per wire (Fig. 108), which is suspended from a metal beam by a fine 
strip of phosphor-bronze F which is soldered to one terminal of the 
coil. The lower terminal of the coil is connected to a fine metallic 
Sprial ‘Sp’, The upper beam and the lower metallic rod are connec- 
ted to two binding sorews at the base of the instrument (Fig.107) 


The coil hangs in a space withinthe poles of a strong horseshoe- 
magnet NS. the pole-pieces of which are cutintoaconcavecylindrical 
shape. A soft iron cylindrical rod C is placed symmetrically within 
the coil without touching it and is kept in position by a frame at 
the back of the instrument, In order to protect the coil from the 
disturbing effect of wind the whole thing can be enclosed in a 
cylindrical metal cover, The metal 
casing has got around Opening 
covered with a glass plate, which 
is placed opposite to the mirror M. f 
Any deflection of the coilis read ATO 
by a lamp and scale arrangement, YW \ 

The base is provided with three os 
levelling screws. Fig. 109 

In order to work theinstrument it 

is at first levelled, so that thecoil hangsfreely within the pole pieces 
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of the horseshoe-magnet without touchingthesoft ironrod, A lamp 
and a cale are adjusted such thata beam of light from the lamp 
after being reflected from the mirror Misfocussed on the zero mark 
of the scale. The circuit, whose current is to be measured, is 
connected to the binding screws. As soonasthe current flows 
through the coil, there is a deflection which is indicated by the 
movement of the spot of light of the scale. If C be the strength of 
the current and d be the deflection on the scale, then C « d. 

Principle of Action—Placed within the rectangular coil, the soft 
iron cylinder concentrates the lines of force of the magnet. The 
distribution of the lines of force betweenthe concave pole-pieces is 
represented in Fig. 109 The feld having such a distribution of 
lines of force is called a radial feld- The two small circles lying 
within the air space of the con- 
cave pole-pieces represents the 
section of vertical limbs of the 
rectangular coil, It is evident 
from Fig. 109 that whatever be 
the position of the coil, the effec- 
tive line of force is nearly para- 
lle] to its plane and so @=0° 
(approximately). Hence, by (88.2) 
the moment of the deflecting 
couple= CAH cos 0°= nCAH. 
This shows that the movement of 
the deflectingcouple ispractically 
uniform. 


The deflecting couple rotates 
the coil from its position of ig, 110 
rest, Consequently the suspension strip and the lower spiral are 
gradually twisted. This twist sets up a controlling torsional couple 
which acts in the opposite direction andata particular deflected 
position an equilibrium is reached at an angle 6, say. Ifd be the 
deflection onthe scale, thenforasmall deflection, 0ocd and so Cau d. 

The amount of current generally measured with such a galvano- 
meter is very small, being of the order of 107" of an ampere or 
even less. The current passing through an ordinary electric bulb 
is too high for it. An attempt to measure the current through such 
a lamp with a galvanometer causes a damage to the whole instru- 
ment, for the heat produced due to the passage of the current is 
sufficient to burn the suspension strip andthe spiral. (Another type 
of suspended-coil galvanometer is shown in Wig. 110). 

90. Comparison of Calvanometers—The following paragraph 
explains the advantages of a suspended-coil galvanometer over a 
suspended magneb type. 1 j 

Suspended Magnet Sype—(1) The moving system being a perma- 
nent magnet, the controlling field is that of the earth’ which is not 
very large. Morever, it is not affected by external magnetic fields. 
(2) Before using the galvanometer the ocoilisto be placed in the 
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magnetic meridian. (3) The constant H/G being dependent on Hit 
changes from place to place: Therefore for any particular locality 
this constant is to be found before measuring a current. (4) The 
minimum current measurable with thistype may be of the order 107* 
ampere. (5) Once deflected, the magnet continues to oscillate for 
some time before it comes to rest. 

Suspended coil Type— (1) The field within the cylindrical gap of 
the magnet is very intense. Moreover, this gap almostcompletely 
covers the coil and therefore shields it from the influence of exter- 
nal field. (2) The galvanometer in this case may be placed in any 
position whatsoever. (3) The constant here does not change, so long 
asthe controlling couple and the strength of the magnet remain 
unchanged: So the constant, once found at any place, holds for 
every locality: (4) The minimum current measurable with this type 
may be of the order of 10-? to 10-*° ampere, (5) There is some 
arrangement within the galvanometer which rapidly stops the 
oscillations of the coil. This is known as the damping arrange- 
ment. The only disadvantage of the suspended-coil type of 
galvanometer is that the current cannot be directly found from 
the dimensions of the instrument. 

91. Action of Current on Current—Each conductor carrying 

a current generatesa magnetic field around it. When two such 
conductors are brought near each other, two magnetic fields react 
on each other and there isa mutual force between them. The 
direction of the force can be known by the following two laws. 
(1) Law ef Parallel Current—T'wo parallel currents attract 
each olher, when flowing in the same direction, but repel each other 
when flowing in opposite directions. Fig. 111A represents two wires 
kept parallel to each other 

a and carrying current in the 

same direction. The two wires 

would then attract each other. 

When currents in the two 

wires flow in opposite direc- 


5 B e tions ( Fig. 111B), they repel 
Attraction Repulsion Attraction each other Even when the 
Fig. 111—Parallel current wires are nof parallel, but the 


currents in them appear to come out from, or unite at a junction, 
there would be an attraction (Fig. 1110 & Fig, 112D). 
(2) Law of Qblique 


Currents—T'wo oblique 
currents attract each other Det. ood b 
tated both are flowing to- 
wards (or away from) the a a ~— 
E 


point of intersection of 

their directions(Figs. 1110 

& 112); but they repel s 
each other when the current Atttaction Repulsion, Repulsion & Attraction 
in one flows towards, while Fig, 112—Mutual action of currents 

that im the other flows away the point. (Fig, 112E). 
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" The laws are true whether the curreet elements are parts of 
different circuits or of the same circuit. The laws can be verified 
ina simple manner by the follwing apparatus. On a vertical 
stand are clamped two horizontal non-conducting rods holding two 
mercury cups. With its ends bent downwards so as to dip in the 
mercury cups, a rectangular wire frame ABCD is suspended ina 
manner shown in Fig. 113. 


Suppose the arrow-heads indicate the direction of the current in 
the frame. On bringing near the part CD another straight wire GH 
in which a strong current is flowing in the opposite direction, it is 
found that CC isrepelled, while AB is attracted. This is equally true 
if GH is inclined to CD. The direction of rotation of the frame is 
reversed, if thecurrent GH flows in the same direction as in CD. 


Roget’s Vibrating Spiral—The attaction of parallel currents 
running in the same direction can be demonstrated by means of the 
vibrating spiral, It consists of a loose spring copper (or brass) 
hanging from a metalcap A (Fig.114) To keep it slightly stretched 
the lower end of the spring carries a small weight M. A fine metal 
pointer is attached to M, which just touches the surface of mercury 
in the trough. There are two binding screws attached to the stand 
and the mercury cup. On passing a strong current through the 
spring, it begins to vibrate up and down. Each turn of the coil 
carries a current in the same direction and so there is a mutual 
attraction of each turn upon the other. Due to this, the spring 
contracts and M is raised higher up. This breaks the circuit and 
the spring due 
to its weight 
drops down so as 
to make a fresh 
contact. Thus 
current is started 
and stopped alter- 
nately. Thereby 
the spiral contin- 
ues to vibrate. 


92. Rotation 
of Current —T he 
action of two 
current elements 
nearly at right 
angles to each 
other is illustrated 
in Fig 112F. Produce b to the right of this point so as to meet the 
horizonal current at some point. Then between band the element 
there would be an attraction to the right and repulsion to the left. 
In consequence there acts a force on b tending to move it to 
the right. This can be verified by the following experiment ; 


Figs 113 Fig. 114 
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A coil K of insulated copper wire is wound round a copper 
vessel V (Fig. 115). One end of the wire is connected to a binding 
screw at A and the other end is joined with a metal stem standing 
vertically at the centre of 
the vessel. Both the stem 
and the copper wire are 
insulated from the vessel. 
At the top of the stem there 
isasmall cup @ containing 
mercury. A light wireframe 
bb is supported horizon- 
tally by means ofa pivot 
which is dipped in the Fig. 115 
mercury, The ends of the : 
wire are soldered to a light copper ring which hangs freely within 
mercury. A thick copper wire C leading from the binding screw B 
is connected to the inside surface of the vessel V, Concentrated 
copper sulphate solution is poured in the vessel so as to ensure 
electrical communication betweenthe bindingscrew B andthe vessel. 
If the terminals of a battery be con. 
nected to the binding screws, the 
wire frame is found to rotate. Let 
the current circulate round the coil 
in the direction of the arrow. The 
current comes tothe base of thestem 
and rises up to the cup. Here it 
divides into two branches, gets down 
through b b into the solution and 
finally combines together in G to 
find its way out through B. 

It is evident from the direction 
of current in the figure that the 
current ineither ofthe vertical wires 
b,b is at right angles to the direction 
of current in the adjacent portion of 
the coil. Due tothe mutual action 

Fig. 116 of current the wire frame thus rota- 

tes. Fig. 116 represents a modified 

apparatus to show the rotation ofa current round a magnet or 

round a current. Tho base of the apparatus isthe same as that 

shown in Fig. 83. An extra attachment of a hollow pipe D' may 

be screwed down to D. The top of D' carries a small eup eontain- 

ing mercery. A U.shaded brass frame is pivoted at the cup, so 
that it is balanced horizontally with its two arma f; p. dipping into 
annular mercury cup C. To show the rotation of the current round 
a magnet, a cylindrical magnet isenclosed within the pipe DD’ and 
a source of E, M, F. is connected to the binding screws. If the 
north pole of the magnet faces upwards and if the current flows 
in a direction as indicated, the brass frame would by the clock- 
face rule rotate clockwise, A large coil of wire carrying current 
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may be put upon the platform instead of upon the magnet, when 
it becomes an equivalent apparatus as shown in Fig. 115, 


Exeénoisns on CnmapTER VIII ^ 


Art, 80 l. Describe the essential parts of a tangent galvanometer 
and explain its action, (U P.B.—1962, '65 ; Utk. U,—1971 ; C. U. 
E. P, U.-1962; Dac, U.-1967 Cf. Del. H. S.— 1961 ; Del. 
U. -1953 ; 1970] 


Art. 80 2. Explain the construction, action and mode of use of a 
tangent galvanometer, Why is the instrument most sensitive 
when the deflection is 45°? Why should the magnet, pivoted at 
the centre of the coi], be small? (Cf. C.U. - 1957 ; Dac. — 1963) 

Ar}. 80 3, What is meant by the reduction factor of a tangent galva» 
meter? How will you calculate itfor a given gaivanometea? 

(U. P. B.—1964, Dac. er cA C, U.—1961 , 
Cf, Raj. U.—1965) 


Art, 80 4. Calculate themoment of the couple which would act on 
small magnet whose magnetic moment is 20 is c.g.s, units when 
situated at centre ofa circular coil of 20 turns ofa radius 10 
cm.anda current of25 c.g. units flowsinthe coll, the magnet 
lying in the ín the plane of the coil, 

Ans, 928 dyne-cm. 

Art, 80 5. A tangent galvanometer with a coil of 50 turns and mean 
radius 50 cm. is used at a place where the horizonatal component 
of the earth'sfield is 0.5gauss , When a currentis passed through 
the galvanometer, the deflection is 45". calculite the current 


in amperes. [Del, H. S|'—1962 
Ans, 048, 
Art 8) 6 If a tangent galvanometer has 100 tutns, the mean 


radius being 10cm, calculate the current in amperes when the 
deflection is 50 degrees. (H=0.37 oersted and tan 60 — 1.721) 


Ans, 0.102 amp, 
Art 80 7. A current of 2amp. flowing through a coil of a tangent 
galvanometer produces a deflection of 60°, Calculate the reduce 
tion factor in electro«magnetic units 


Ans. 0,115. 
Art, 80 8. A current of 07 amp produces a deflection of 30° in a 
tangent galvanometer ata place where H=0.35 oerated. What 
current will produce the same deflection where H «0,30 oersted? 


Ans, 0.6 amp. 


Art. 80 9. A tangent galvanometer shows a deflection of 30° when a 
current of a amperes flows through it. What will be the strength 
of the current required to produce a deflection of 60° in the 
same galvanometer ? (C.U,—1957) 


Ans 15 amp» 


10. The circular coil tangent galvanometer is 10 cm. in 
uec radius, HON many turns of wire must be wound on it,if a 
current of 0.01 ampere is to produce a deflection of 45^ ? Given 

H=0,18 C.G.S, unit, 


Ans, 287. 
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11. Explain clearly how a tangent gilvanometer can b> con- Arts. 
verted to a sine galvanometer. Enumerate some of the advan- 80 & 81 
tages of a sine galvanometer over a tangent galvanometer. 

12. What is meant by the astatic system of two needles? Art. 80 

" (Bom, U.—1951 ; Pat. U.—1971) 

13, Describe a piece of apparatus in which practical use is Art. 86 
made of a force between a magnetic field and current carrying 
conductors at right angles to the field. (C. U,—1951) 

14, Describe the principle of Barlow’ wheel with a diagram. Art, 85 

( E. P. U.—1953 . Utk. U.—1952 ; C, U.—1960) 

15, Describe an experiment to show the action of a magnet Art, 86 
on a current, Indicate briefly how the principle has been utili- 
sed for iadustrial purposes- (C. U,—1959 ; Dic. U,.—1969) 


16, What experiment would you arrenge to find how a. con- 
ductor carrying an electric current tends to move ina magnetic 


field? (Pat. U.—1969) 
17. Describe simple experiments to show the action of a Atte, 
magnetic field on current and ofa current on current. 86 & 91 


18, Write a note on moving coil galvanometer. 
(Utk. U.—1952 ; Del U.—1971 ; Cf Del, H.S,—1956) 


19. Describe the construction of a moving coil and a moving Arts. 

magnet galvanometer. Discuss their merits. (Del, H. S.—1953) 88 & 89 
(Pat. U.—1952 ; U, P. B.—1963 ; And, U.—1970) 

20, Describe suspended coil type of galvanometer and ex- Arts, 
plain its action. — (U.P.B.—1970; Raj, U.—1959 ; 80 & 89 
C,U.—1952 ; V.U:—1953 ; Del U.—1969 ; Cf Gau. U,—1950 : 

Dac, U.—1941 ; E,P.U.—1970 ; Mys, U.—1972 ; And, U.—1971) 


21. Write a note on Roget's vibrating spiral. Art, 91 
(Utk. U,—1963 ; E.P.U.—1972) 


22, Describe suitable experiments to demonstrate the action Art. 91 
of current on current, (C.U.—1959) 


CHAPTER IX 
RESISTANCE 


93. Resistance: Ohm’s Law—Resistance is the property of a 
substance impeding the flow of current through it. It was observed 
by G. S. Ohm ( 1787-1854) that the current flowing through a 
conductor at a uniform temperature is proportional to the 


potential difference at the ends of the conductor- This is known as 
Ohm’s Law. 


Thus if V, and V, be the potentials at the end of a conductor, 


Va being higher than V,, and if C be the current flowing t h 
the conductor, then Ohm's Law states; a. 


(Va-Ve)cC, or Leaks ev (93.1) 


where R is a constant depending upon the size, material aud 
temperature of the conductor. This constant is called the resistance 
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the conductor and is thus equal to the ralio of the polential difference 
between the ends of a conductor and the current flowing through 
it. The reciprocal of the resistance of a conductor is called ite 
conductance. Hence it directly follows from equation (93.1) that 
the current flowing through a conductor is directly proportional to ils 
conductance so long as the potential difference remains uniform. 


Verification of Ohm's Law—Ohm's Law can be experimentally 
verified in the following ways ; 

(1) The terminals ofa battery of cells B are connected through 
a key K, an ammeter A, a fixed ressistance r and a variable resis- 
tance §, all in series (Fig. 118). A voltmeter V of very high resistance 
is joined across the resistanceratCand D. For a certain value of 8, 
the voltmeter records the potential difference Vo — Vp between the 
points C and D, whereas the ammeter A gives the current C flowing 
through the resistance r. The ratio of (Vo— Vp) and C is calculated 
The value of S is then altered and various values for the. potential 
differences and the corresponding current strengths for different 
values of S are tabulated. 1t is found that so long as the tempera- 
ture is uniform, the ratio of the potential difference and the corres- 
ponding current is constant. 


That is, ey, or Vo—Vp=rC, where ris the resistance 


of the wire. On taking different lengths, diameters and materia) of 
the wire, it is found that the resistance differs in each case. Tt 
may be mentioned that in most cases the resistance of a particular 
length of a wire increases continuously with the rise of temperature. 
(2 Ohm’s Law can as well be verified experimentally by 
substituting a tangent galvanometer by 
an ammeter and procending as before. 
The current flowing through the circuit 
at any stage is given by K x tan@, where 
Kis the reduction factor of the gal- 
vanometer and @ is the deflection of the 
needle. For different values of S it is 
found that 
Vo= ND . onstont, bs ODE Toe: 
Fig. 118 K tan o tan 6 


[For details vide J. Chatterjee's Intermediate Practical Puysics.] 


b ws of Resistance : Specifie Resistance — The resistance R 
of eit is found to be—(a) dircelly proportional to the 
length 7 of the conductor, when its cross-section and material 
remain the same, and (b) inversely proportional to the cross-section 
S when the length and the material remain the same. 

Hence R occi, when 8 remains constant 


and Ree when / remains constant 


5' 
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Therefore Rap when both [and S vary, p being a constant 


and S=1 sq. cm., the value of p becomes equal to R. Hence the 
spocifie resistance is equal in magnitude to the resistance offered 
by a volume of that material of 1 om- in the length and of 1 sq. om. 
in cross-section, In other words, the specific resistance is equal to 
the resistance of a centimetre cube of that material, whenthe current 
flows normally to one of its faces The reciprocal of specific resis- 
tance is called the specific conductivity of the material. 


Verification of Laws of Resistance—Enunciated above, the laws 
of Resistance can be verified in the following ways : 


(a) Law of Length—A long wire of uniform cross-section is 
joined to the terminals of a battery of cella. One terminal of a 
voltmeter is connected to one end of the wire, and the other ter- 
minal to a jockey which can slide over the wire. On bringing the 
jockey to different parts ofthe wire and measuring the length / 
between the fixed end and the jockey, it is the always found that 
(Va—Vz) ol, where VA and Vs are the potentials at the fixed end 
and jockey point respectively. 


But as the ourrent remains the same, we have from Ohm’s Law 
(VA—VB)ccR, where R measures the resistance of the wire be- 
tween these two points. Hence Rel. 


(b) Law of Cross section—This is verified in the following way : 

A number of wires of the same length and material but of different 

cross-sectionsare connectedone afterthe other by means of mercury 

cups L, M, N, etc. (Fig. P 

119). A battery is con- FS V 
| 


PUN FON 
T V er poet Vi bens, 
rire Vi YTI V 

vee Mort's 


nected to A and B to 
send a ourrent through 
them. A voltmeter may 


be a at the b M 
terminals of any wire. | 

On taking the .volt- A Reo 
meter reading at the i 
ends of each wire and Fig. 119 
measuring the corresponding area ofoross-section of the wire it 
would be found that for each wire (Va—Vx)ccl/S. 


f 


ke 
E 
95. Units of Potential Difference and Resistance—We know 
from the definition of potential difference that 1 e.s.u. of potential 


difference is said to exist between two points when, intransferring 
1 e.s.u. of charge fromone point to the other, Lerg of work in done. 


But since C is constant, (Va—VB)ocR, Hence Raz 
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1 erg. 
le.s.u. of charge ` 
Similarly, 1.e.m.u. of P. D.—1 erg./1 e.m.u. of charge, 
zl erg./(3 x 101?) e.s.u. of charge- 

& 038x101? 6.m.u. of P.D.—1 esu. of P. D. 

The practical unit of potential difference is one volt which is 
the P. D. between two points, such that in transferring a practical 
unit of charge (1 coulomb) from one point to the other one practi- 
cal unit of work (1 joule) is expended. 
ʻe l volt=1 joule/1 coulomb=10" ergs/10-* e,m.u. of charge 

=10° e.m.u. of P. D- 


“. le-s.u. of potential difference = 


8 
Asin e-8.u. of P. Dd e.8,u. of P, D. 

The definition of unit resistance, both in electro-magnetic and 
in practical units, are derived directly from Ohm’s Law. 

The electro-magnetic unit of resistance is the resistance offered 
by a conductor, when one electro-magnetic unit of current flows 
through it for a potential difference of one electro-magnetic unit at 
its terminals- Similarly, the practical unit of resistance is the resis- 
tance offered by a conductor when a current of one ampere is found 
to flow through it, a potential difference of one volt being main- 
tained at its ends, This unit is called an chm, 

1 volt 10* e.m.u, of P, D. 
coat sus say I ampere 10-* e.m.u. of current 
=10° e.m.u. of resistance, 

For example, R ohms-R x 10° e.m,u. of resistance. 

It has been found experimentally that the resistance offered by 
a uniform column of mercury of height 100:3 cms. and of mass 
14:4521 grams at zero degree centigrade is very nearly one ohm and 
that this resistance has been found to be the most convenient unit 
for all practical purposes and has beea accepted as the internntio- 
nal unit of resistance. So this is called an International Ohm. Very 
high resistances are sometimes expressed in terms of a megohm 
which is one million ohms (10° ohms). 


It is found from eqn. (94.1) that pare : Now if S=1aq. om. 
and i—1 om., clearly p—R om. Thus if R be given in ohms, the 
specific resistance is to be expressed in terms of ohm-centimetre. 
But it is often expressed in a unit of ohm per centimetre cube- 


Examples : 
1, The resistance of a uniform wire of length 80 ohms, and of diameter 


0'4 mm. is found to be 1'34 ohms. Calculate the specific resistance of the 


material, 
Ans. Here R=1'34, l=80 cms, and S=7 x (02)* sq, cm, 


SOR CEN M 5 
So P. coop 134 oF P 21x107* ohm. cm, 


pt.11/B—14 
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2, What length of wire of diameter 0'024 cm. and of specific resistance 43 
microhms per cm, cube would be required to construct an l ohm coil? 3 

Ans, Since the diameter of wire=3'14 x (012)? sq. cm. the specific resis- 
tance =48 microhms or 48x 10-*ohm. cm. The given resistance R of the wire 
=l ohm. If the length of the wire bel cm, we get 


l è 
Peg =R, or 48x10-*x Fx: 


3. One kilogram of copper is drawn into a wire (a) 1 cm. thick and (b) 2 
cm. thick, Compare thelr resistances, 

Ans, Let the density of copper be à. then the volume of copper, whose 
mass is 1 kilogram, is—1000/8 c, c. ? ee 

Now the cross-section of the wire of thickness 1 cm, is=7x(0'5) 8q« cm, 

and ,, » rav 12 a4 2 cma, is=7 X1? sq. cm, 


I 
Hence the length of the first wire= eon cm,, 


3'14x (012)? o. 
1, whence l X 292 cm. 


and ,, » „Second R0 cm. 


If the respective resistances be Ri and Ra, we get 1 ‘ 
1 


1000 . Pet EN- 

RSPAS kj ra Rae XS a OF R= OEE 7 909 
4, Awire,1 metre long and 0:31 mm. in diameter, has a resistance of 42 
ohms. Calculate the resistance of another wire of the same material whose 
length is 1*5 metres and diameter is 0155 mm, [Andhra U.—1950] 


Ans. Let the specific resistance of the material of the wire be P. Then for 
the first wire of length 100 cms,, radias*0155 cm, and resistance 4'2 ohms, 


we have " mes 
> Y - 42x (0155)? xr 
PX xUC COI) =42, whence 2 ^^ ^00 ohm. cm, 


Let the resistance of the second wire of length 150 cms. and radius 00775 
41x (0155)* x a 150 


cm, be R, Then R=p x (00775)? ohms= 100 —  "-x(00775j 
ohms=25'2 ohms. 


96. Application Of Ohm's Law—Ohm's Law is always applica- 
cable to a part as well as the whole of an electric circuit. 

The following three are the various applications of the law— 

(a) Any part of the circuit not con- 
taining a source of E. M. F.—This has 
already been explained in Art. 93, 
Suppose an electrical circuit consists 
of a cell of E.M.F. E and of internal 
resistance r connected through a key 
K to an external resistance R. Let 
the potential difference of the ends of 
the external resistance be VA—Vz 
having a steady current C (Fig. 120). 


Vers ate MB 


Then the resistance between those Fig. 120 
two points can be found from TAY? ig, or VA—VB «RC. 
Example : 


1, If an incandescent lamp of resistance 80 ohms takes current of 0°75 
ampere, what voltage is required to work it? 


Ans, Here R=80, C=0°75, So nos, or V=60 volts, 
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(a) The whole of the circuit including a soure: 

g a source of E. M.F.—If E 
be the EMP. of the cell and r. be its ie fut T the 
current C flowing through the wire of resistance r is given by 


22 JE E. M. F. in the circuit 
* . Rr total resistanceof the AT eae ee 
But OR-—Va-—Vs-the potential difference at the terminals of 
the wire, Ifthe connecting wires have negligible resistance, then 
Va—Va is also the potential difference between the plates of the 
cell in the closed circuit. Hence E=(Va—Vs)-+OCr. «..(86.2) 
Thus when a current flows through a cell, the potential difference 
between the plates ofthe cell is smaller than its E.M.F. by the 
amount Or. In the limiting case when the internal resistance is 0, 
E=Va—Vs. But, as a matter of fact, the internal resistance can 
never be 0, sincè the current. within the cell has to traverse a cer- 
tain thickness of liquid, which offers some resistance, however 
small it may be. So by making C approaching a zero value (ù. e., 
by increasing R to an infinitely large value), Va -Vs can be made 
to approach a value equal to the E.M F. of the cell Thus a galva 
nometer, which has gota very high resitanc» and is designed to 
read potential diffarenes, (sse Voltmeters) can indicate the E.M.F* 
of the cell to a very close approximation. 


Examples: 

1. The’poles of a Daniell's cell of E,M.F. 1,08 volts and internal resistance 
0*2 ohm, are joined by a wire having resistance of 5'2 ohms. Find the strength 
of the current. 

Ans. Here B=1.08, R52 and r=0'2, Hence the current C (in amepers) is 
given by C-kgxr7540702 

2. A cell having an E. M. F. of 2 volts, has a potentia) difference of only 
1.8 volts, when a current of 5 amperes is drawn from it, What is the internal 
resistance of the cell ? (Utk, U,--1953) 

Ans. We know B=(Va-Va)+Cr, where E. M. F. of the cell, VA- Vs 
potential differsnce between the poles and 7 ohm is the internal resistance 
of the cell, [See equation (96.2 ]. 

"Thus 1:84-5r—2, whence r—0'01 ohm, 

3. A cell of voltage 2'2 delivers 0'5 ampere through a resistance 4:3 ohms. 
Calculate the internal resistance of cell and the the potential difference at the 
terminals of the external resistance. (And, U.--1962) 

‘Ans, Evidently, the E.M.F. (E) of the cell is 22 yolts, 

Let the internal resistance of the cell be ohm, 


2A E MS 
Then TS C 5, whence r=0'l ohm. 


Now the P.D. at the terminals of the resistance isthe product of the 
current flowing and resistance, 

Hence the P. D, across the external resistance—(5 x43) volts=2'15 volts 
d to a tangent galvanometer of resistance 9 ohms 


of 60°. An extera resistance of 7 ohms is then 
deflection falls to 45°, Calculate the internal 


4, A battery is connecte 
and produces a deflection 
placed in the circuit and the 
resistance of the battery. 


Ans. Letr be the internal resistance, Then the first condition leads to 
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c= =K tan 60°=Ky/3, so that P=(rt9V3-- e s (D 
Also from the second condition it follows pt 
B 
= 16 .. s tL. 2 
C, 9347 K tan 45°=K, so that kr Q) 


From eqution (1) and (2) we get 


3(r+-9)°=(r+16)?, whence 1—0'55 or -115. Since the negative value of r 
is untenable, being not possible in practice, the internal resistanceis 0°55 ohm. 

5. The E.M.F. of a cell is 2 volts and the P.D. between its plates becomes 
1°6 volts when it is connected in series with a resistance of 10 ohms. Find the 
internal resistance of the cell, 

Ans, Here E—2 volts and the external resistance R=10 ohms. Let the 
internal resistance of the cell ber ohms, Then the current C flowing through 


the circuit is given by Cog E gr amperes. 


The P.D. between the plates is evidently the P.D., between the ends of the 
external resistance of 10 WIE By reason of the relation VA - VB—CR we get 
2x 
r--10 
(c) A part of the circuit containing a source of E.M.F.—Two 
cases may arise when there is a source of E. M.F, somewhere in the 
circuit, where Ohm's Law is to be applied— 


(i) The direction of the current is such that it passes within 
the cell from the higher potential plate to the lower one, i-e., the 
applied P.D. acts in opposition to the direction in which the cell 
tends to produce a current, 


—1'6, whence the required resistance r—2:5 ohms. 


A Gaya ands 


Fig. 121 Fig. 122 

Figure 121 represents a circuit containing a cell of E. M.F. —E 
and of an internal resistance r. The cell is connected through an 
external resistance R to a battery of cells MN, such that a current 
C is driven through the cell in a direction from A to B. The total 
fall of potential Va— Vs between the points A and B is the sum of 
the ohmic fall of potential 0 (R--r) and the electromotive force E 
of the cell, where C is the current flowing, E is the total exterrial 


os a ge between A and B and r is the internal resistance of the 
cell. 


Then C(R--z--E—VA— Va, or, om Ca PE a. (96.3) 

.. £ 
. it) The current passes fromthe lower potential plate to thehigher; 
i'e. the applied P.D. acts in the direction in which the cell tends to 
send a current. Figure 122 represents a circuit containing a cell of 
E-M.F =E and internal resistance r which is connected through an 
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exec resistance R toa battery ofcells MN. The current is 

ae through the cell E from the lower potential plate to the 

igher. Let the potentials of A and B be Va and be Vz respectively. 
Then C(R+-r)—E=Va—Vs, 


whence casa VOTE (96:4) 
Ec x 

Examples : 

1, A Grove's cell of E.M.F. 1'8 volts and internal resistance 0'6 ohm is 
connected in opposition toa Daniell’s cell of E. M.F. 1°08 volts and internal 
resistance '5 ohm by two wires of resistance 8 ohms and 5 ohms respectively. 
Calculate the difference of potential at the midpoints of the connecting wires, 


Ans, Note that whole circuits contains two E,M.*.'s itely directed, 
Hence the resultant B.M.F. is the difference of the two, eee eae 108)=0°72 
volt, which acts in the direction of the greater E.M.F. 
072 

The resultant current C= 654815 amp.=0'05 amp. 

H Bum considering VA - VB through the circuit of the Daniel's cell, we have 
y (96:8). 
Va~-VB=[0'05 x ($--8--078)-- 108] volts.= 1'445 volts. 
Again when the P, D. through Grove cell is considered, we have by (96 3), 
V8 - VA- [065 x ($+ 5-076) - L8] volts— -~ 1445 volts 

2, A Daniel cell is connected up in series with a tangent galvanometer of 
1 ohm resistance and a box of resistance coils, When a resistance of 2 ohms 
is taken out of the box, the deflection of the galvanometer is 60° and when 
the resistance is increased to 20 ohms, the deflection falls to 30°, bind the 
resistance of the cell. 

Ans. Let the resistance of the cell=x ohms and the E, M, F. of the cell=E 
volts. Then SES the first condition, " 

iim É tan 60°, or 2 tan 60°. 
; I P E 
Also from the second condition, Pirna tan 30°, or ZF =K tan30°,(2 


So as to fnd x regardless of E or K, division of (1) by (2) gives 
x+21 tan 60° 
"C3 7 tun 30°” whence x «6. 

Thus the required resistance is 6 ohms, 

97. Combination of Resistances—For practical purposes it 
becomes sometimes necessary to connect several resistances ina 
circuit. This can be done essentially in two ways—(a) in series 
and (b) in parallel. A circuit may consist of resistances both in 
series and in parallel. In either case the combination is called a 
mixed one. In all cases, however, it is possible to find a single 
resistance of a certain magnitude which, when put into the circuit 
in place of the intervening resistances, would alter noither the 
total current nor the potentials difference between those two 
points. Such a resistance is called the equivalent resistance of the 
combination. 

1) In series—When several resistaces are connected one after 
the other end to end such that the same current flowa through each 
one of them, the combination is said to be in series. 
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In Fig. 123 let r, r, rg be the resistances carrying a current C 
and let Va, Vs, and Vp and Vz be the potentials at the terminals 
A, B, D and E respectively. 

c c 


5 i 


zi 
Lr] 


A B D E 
Fig. 123 


Now Va—Vr= Va—Vz)+(VB—Vp)-++(Vo— Vx) 

By Ohm's Law, 

Va-- Vnzs0ri, Va—Vo=Cr,, Vn — Vr-Cr,. 

Hence VA — Vx —O(r, +r, +75) « (97:1) 

Now if R be the equivalent resistauce between the points A 
and E, then by definition, VA - Vz—- RC. 

Hence from equation (97-1), RO-(r, 4-744 rg) C. 

Or R=er,+rotr, ...(97.2) 


Thus if there be a number of resistances connected in series, the 
equivalent resistance is the algebraic sum of the individual resistances. 
So in a series circuit the effective resistance is much increased. 

(2) In parallel. (Divided Circuit) — When several resistances are 
arranged in such a way that one end of each is joined to one point 
and the other ends 
are connected to a 
different point, the 
combination is said 
to be parallel. In Fig. 
124 three wireshaving 
resistance r,,r, and 
fa, respectively aro 
all joined betweenthe Fig, 124 
two points E and F. It is evident that on arriving at E the current 
C would divide itself into three parts C,, Co, Ops passing through 
the three resistances and again combine at E. 

pas “ C=C,+0,406, * (97.3) 

et the potentials at E and F be Va nd Ver ti 
by Ohm's Law a espectively, Then 
o —vA-vs 


17 


TASA c VaA—Vna 


AS 


Ts 


If R be the equivalent resistance, then on Ya Ya 


~”. from equation (97,3), um Mec ys Ware ii paas 


Ti Ta Tg 
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If there be n quado joined in parallel between two points, 
1 1 1 
Then B= +, ty, t+ ty, TA) 
n 


] , Thus the reciprocal of the equivalent of any number of resistances 
joined. im parallel is equal to the sum of the reciprocals of the 
individual resistances. 

Since the reciprocal of resistance is called the conductance, the 
theorem may also be stated as follows—If there be any number of 
conductors joined in parallel, the equivalent conductance is equal to 
the sum of the individual conductances. The unit of conductance is 
called a Mho and may be defined as the conductance of a conductor 
having a resistance of 1 ohm. It may be stated here that the equi- 
valent resistance ofa number of resistances in parallel is lower 
than thelowestofthe group of resistances forming the combination. 


Examples : 

1. A battery of 6 volts having a negligible Internal resistance is joined to 
a number of wires of resistances 4 ohms , 6 ohms and 9 ohms, all connected in 
series, Calculate the current through the circuit. 


Ans, Here R=(4-+-6-++9) ohms, —19 ohms, Hence C= $ amp.=0'316 amp. 


2, A moving coil galyanometer of resistance 200 ohms is connected in 
series with a resistance box and an accumulator of E.M.F. of 2 volts. When 
the resistance in the box is 1800 ohms, the deflection is equal to 10 divisions 
of the galvanometer scale, Calculate ths value of the current indicated by 
each division. (Del. H. $.—1953) 

resistance 200 ohms and 1800 ohms are in 


Ans. Here B=2volts, Two 
series, Hence the equivalent resistance (200-- 1800) ohms=2000 ohms. 


4 the current C= Fagg emp. 0001 amp.=1 milliampere. 

Since deflection is proportional to current and as this current produces a 
deflection of 10 divisions, the current required to produce a deflection of 1 
division is evidently (0001+10) amp., ie; 00001 amp.="! milliamp. 

3. A coilof wire has a resistance of 1'02 ohms. What length of a wire of 
resistance 60 ohms per metre should be connected in parallel to reduce the 
effective resistance of the combination to 1 ohm? 

Ans, Let the resistance of the wire be R ohms, 

Then inte =1, whence the required resistance R51 ohms. 

Now 60 ohms- resistance of the wire per metre. So 51 ohms would require 
a length of 85 cms. 

4, Any two points of a circle of uniform wireare connectedto thete rminals 
of a cell. Show that the field at the centre of the circle is zero. 

‘Ans. Let the points A and B of a circle of uniform wire be connected to a 
cell and the direction of the current flowing 
through the circle be as shown in Figure 125. 
Leta be the radius of the circle, and P the 
resistance per unit length of the wires 

Let the length of wire of the part ABC be 
L; then its resistance is IP. The length of wire 
of part AEB=27a-1 and its resistance is 
(27a - p. It C; and C, be the currents in the 
two parts, end VA and Vp the potentials of 
A and B respectively, Ohm's Law leads to 
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eC, — VA - VB- (27a -1)PC, or C,—(za -])C,, --(1) 
From Laplace's theorem, the intensity F, at the centre of the circle due to 
the part AGB i=, acting vertically upwards with reference to the plane to 


27a-UC, 
the paper. The intensity F, at the centre due to the part AEBis= T7 UC h 


which acts vertically downwards. Now from (1), F,=F,. Hence the field at 
the centre is zero, 

98- Current Control in a Cireuit— The current can be regulated 
in a circuit by introducing a resistance or a combination of resis- 
tances either in series or in paralled with it. 


(a) Series Resistance Control—Wherever we need a current of 
a desired value from a circuit havin g a constant difference of poten- 
tial, a suitable resistances is to be placed into the circuit in series, 
so that it carries the required current. The value of the resistance 
is calculated from Ohm's Law. 
Examples : 


l. Find the resistance that must be put in serles with a resistance of 20 


ohms, so that a current of 0'5 ampere will pass through the circuit from a 
source of 220 volts. 


Ans. Let the required resistance be x ohms. 


Then from Ohm's Law 2705. whence the requisite resistance—420 
ohms. 


2. Find the resistance that must be placed in series with a galvanometer 
of 200 ohms, so that a current o£ 3 1075 ampere should flow through the 
galvanometer direcely from the city mains (220 volts ). 

Ans. Let that required resistance be x ohms, 


Then from Ohm's Law, E a) x 10-5 


(b) Parallel Resistance Control— Whenever a certain fraction of 
a current is to be obtained from a circuit carryi ij 


Assuming that any alteration of resistance in parallel to r» does 
not affect the main current C, we find that as ri Carries a current 
C: the branch ra carries C—0:, or Cs, say. 


The since the voltage acro 
from Ohm’s Law Cırı=Csra. 
Then MONS s Os Or rita = Cun Tra, 

Ci ra 1 T2 1 DEI 


88 parallel circuit is the Same, weget 


a Mt ra s gs Ti 
nO eO, Ls Similarly, C20, fno 1008) 


x - 
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For actual calculation of the resistance to be putin parallel with 
the resistance between the two points, the equations in (98.1) are 
often used. Suppose that a certain part ofan electrical circuit of 
resistance 5 ohms (say r,) carries a current of 2 amps. (=0). 1t 
required to take in 0.5 amp(=Cs) out of it. we proceed to find 
the value of r,(in ohms): 


From equation (98.1) it follows 2x gin =0-5rwhence T3477 15. 
2 
Again, since C=2 and C2=-5, 
0; —0-0,—1-5. 
en = 19 x 521. 


(6) 


(c) Shunt—The use of the parallel resistance is often made for 
the safety of galvanometer coils against too heavy a current passing 
through it. Joined in parallel with a galvanomeier such a resistance 


So from equation (98-1) also we have re= 


G is called a shunt (Fig. 126). Let the 
EXS c resistance of the galvanometer be G 
and that ofthe shunt be S. Let O be 
Pare the main current and let C, and ©, 
be the currents through the galvano- 
S meter and tke shunt respectively. K is 
a key which when closed allows the 
Fig, 126—Shunt current to flow through the shunt. 
Since the resistances are in parallel, Cc. se — (982) 
8 
hlao C, = Sond Ope oe 0 
go C, = Sign "sig V (98:3) 
Suppose that only =e th of the total current isto be diverted 
through the galvanomenter. Then 
5 d eid whence 8 "m G. 


5+6 " 0 ~100 
So the shunt resistance would have to be made-icth of the galva- 


nometer resistance. By this process of shunting, a golvanometer 
can be put in acircuit carrying a large current. Suppose the main 
circuit carries a current of 2 amperes, out of which 3x10-" amp. 
is to be passed through a galvanometer of 200 ohms resistance so 
a8 to get a measurable deflection. lf the shunt resistance be S, we 
find 2x spurs X10-5 whence S=3 10-3 ohm (nearly). 

Thusit is possible to insert safely a properly shunted galvanometer 
in a circuit carrying a considerable amount of current. Designed to 
read the total current, a dial may be attached to the galvanometer. 
Such a modified galvanometer is called an ammeter. 
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Examples : 


1. A tangent galvanometer of 45 ohms resistance is shunted by a shunt of 
5 ohms. Find the equivalent resistance and the current flowing through 
galvanometer, when a P.D, of 22'5 volts is maintained between its terminals, 


Ans. Let the combined resistance be R ohms. 


GS: 225-4, 
Then R= C457 507? 5 ohms. 
Also cg VAS Vo Ma amp,=0'5 amp. 


2. Itis required to construct a shunt for a moving coil galvanometer of 
resistance 50 ohms, such that 1/1500 of the total current will pass through the 
galvanometer, Find the resistance of the shunt. 


Ans: .Here|Ges50 ohms and UM 


29 6g 
$450 C 

3. A cell of E. M.F. 108 volts and of internal resistancel ohm is connected 

in series with agalvanometer of resistance of 1000 ohms, which is shunted 
with a resistance of 10 ohms, Calculate the current passing through the 


galvanometer, 
Ans. IfR be the equivalent resistance ofthe galvanometer andthe shunt, 


I XQ T. 101 1000 ,. 
then R i6co* 10 1000" whence R= 101 ?? ohms, 


, whence the required resistance S=0'03335 ohm. 


1°08 
Also the main current C=T F9 amp.='099 amp. 


Hence the required ce-( 099 ipic EAE NE EN 
4. Agalvanometer of resistance g ohms is shunted with a resistance of s 
ohms. Find the value of the compensating resistance to be put in the circuit, 


so that the current in the main circuit remains unaffected. (Nag. U.—1952) 


Ans. If the equivalent resistance of the galvanometer and its shunt be R, 
then R=gXs/(g+s). Since s is less than (s+g), Ris less than g. This proves 
that the circuit resistance decreases owing tothe application of the shunt. 
This results in the incresse of the main current. 


Now to maintain the main current constant, a series resistance must be 
introduced along with Rin order to raise the equivalent resistance to g. 
Hence the resistance to be put into series is-g-R —g - gs/(g--s)—g?/(g-- s), in 
ohms, 

5. A tangent galvanometer of resistance 10 ohms is shunted with a resis- 
tance of 2 ohmsand the current through the golvanometer isO'lamp. What 
additional shunt must be applied tothe instrument, so thatthe current through 
it may be 0'01 ampere, the main current remaining constant? [Pat. U —1952] 

Ans. The current Cg through the galvanometer is O'i amp, while its resis- 
tance is 10 ohms with a shunt of 2 ohms. Hence for the first part. 

"OH whence the main current c-IXH amp.=0'6 amp. 

Let S, be the shunt resistance for the galvanometer current to be 001 amp. 

and main currentto be 0'6. Then likewise 


S, 01 S,+10 1 
§,+i07 “et 5 = 00; whence S, =p ohm. 


10 
Now this shunt resistancezg ohm is less than the original shunt resistance 


of 2 ohms. Thus it proves thatthe shunt value must be decreased to fulfil the 
latter condition, Thisis only possible by a second shunt of resistance of say, 


te. 


E 
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y ohms put in parallel with the first shunt, th i 
Shunt cipia 10/590bm. i ete Be eavivelent Sra uer tbe 
1 


UT 591951. 127 
Hence; += Sg whence the required resistanec 


E 10/59" 9* 1710 2^ 10 
t= j;9hms. 


99. Kirchhoff's Laws— In simple electrical circuits Ohm's Law is 
sufficient to giveus a thorough knowledge regarding thedistribution 
of current and E,M.F's in thecircuit. But, for cemplicated circuits 
this law is not applied usually. For such circuits the following two 
laws enunciated by Kirchhoff are found to be very helpful. 

LAW I. The algebraic sum of the currents ata junction of an 
electrical circuit ts zero. 

To illustrate the law let us take a junction (Fig. 127) of an 
electric circuit, when a number of wires, which convey currents 


H 
pe C; 3 
e cy 
Có 
Cy A 3 
B 
Es 
€, 
‘ Cy 4 
E; 
Rig 127 Fig 128 Fig 129 


0, 0, 0, O, flowing in different directions meet as shown in 
the figure. If we take the current flowing towards the junction as 
positive in sign, the current flowing away from the point is to be 
taken negatively, Then the law lays down that 
0,—0,4-0,—0, —0 
or 0,0520, C, vz (99.1) 

Even if we take the incoming currents as negative and the out- 
going currents as positive with reference to the junction, tho rela- 
tion (99.1) would still hold good. This law is a mathematical state- 
mont of the fact that there cannot be any accumulation of electric 
charge at any junction of an electrical circuit. 

LAW IL The algebraic sum of the products of currents and 
corresponding resistances in a closed circuit is equal to the electromo- 
tive force in that circuit. 

This law applies to any closed circuit as shown in Figure 128. 
Consider a closed circuit ABDA containing a cell of E.M.F. =E. 
The direction of the current in any individual part is shown by 
arrow-head. Then on going round the circuit, multiplying each 
arm resistance with the corresponding current and finally adding 
them together, we get the value equal to E. In other words, 

Car, +C2r,+0,7.= wee (99.2) 
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If the closed circuit such as (ABDFA) does not contain the cell 
in any of its arms, then going round the circuit in the direction of 
the arrow, we get Cir, --Csr,— Csrz—C,r,=0. Here also tho sign 
convention is arbitrary. Once we choose a particular direction of 
current flow, the E, M.F.'s sending currentin thesame sense should 
be taken positive, and those sending current in the opposite sense 
negative. In dealing with a number of closed circuits or meshes in 
a complicated circuit, the sense of currents in all the meshes 
should be taken the same. This simplifies the necessary complica- 
tion in calculations, specially with respect to signs. If there are 
two or more E.M F.s ina closed mesh, the total E.M F. in that 
mesh is the algebraic sumof theindividual E.M. F.'s with due regard 
totheirdirections, as would be evident from the following example. 

Example: 

Three cells areconnected in parallel with like poles connected together 
with wires of negligible resistance. If the E. M.F.'s of the cells be 2 volts, L volt 


and 4 volts respectively and their resistances 4 ohms, 3 ohms and 2 ohms 
respectively, find the current through each cell. 


Ans. Thearrangement ofthe cellsis show in Figure 129. Taking E, as 
having the greatest E.M.F. equalto 4 volts, we take the current through it asthe 
positivedirectionofthe current. LetE, and E, be 2volts and | volt respectively. 
Now consideringthe meshesE, AE,BE, and E,AE, BE, and remembering that 
the sense ofthe current in both must be the same, we get the direction of 
C, C, as shown in the figure, 


Applying Law 1 to the junction A, we get C,=C,+C, ... er (1) 
Applying Law 2 the mesh E, AE, BE,, we get 2C,+4C,=4-2, 
or 3C,-+C,=1, by (1) 
Applying Law 2 to the mesh E, AE, BE,, we find 2C,+-3C,=4- Bow 0) 
or 2C,+5C, -3, by (1) s. $5. "A (3) 


Solving (2) and (3), we get C, = E amp. and C. amp, HenceC,— B 

100. Direct Current Ammeter and Voltmeter—These are 
specially designed galvanometers used to measure directly the 
currents and potential differences in a circuit. As there arc various 
types of galvanometers, there are various types of ammeters and 


voltmeters. The most common form isthe moving coil type which 
is described below, 


Moving Coil Ammeter—It isa low resistance moving coil gal- 
vanometer having a pre-determined shunt resistance. The apparatus 
consists of coil C of a few turns of insulated copper wire wound on 
a rectangular frame of a aluminium which rests vertically on two 
jewelled pivots J.J, about which it can rotate freely (Fig. 130), 

A magnified section of the coil C with shunt Sh is shown in 
Figure 131. The two terminalsof the coilare connected tothe pivots, 
to which two very light metallic Springs are coiled in opposite 
directions (Fig. 131). The other ends of the Springs are permanently 
connected to the two binding screws B and B. the springs control 
the motion of the coil, when the latter tends to rotate. The coil is 

placed within cylindrical pole-pieces N.S or a horse-shoe magnet 
and is provided witha pointer P which moves over the graduated scale 


amp. 


ART: 100 RESISTANCE 221 


Se. There is also a soft iron cylindrical core (I) placed coaxially 
within the coil but not touching it. 

Theviewin perspectiveis shownin Figure 130, givingthe relative 
position of the cylindrical pole-pieces N,S, core J coil © pointer P 
andsprings H,H, When the instrument is used as an ammeter, a 
shunt of a suitable value depending upon the range of the scale is 
connected in parallel with the coil C. The scale Sc is calibrated in 
amperes, the zero of which generally starts from the extreme left, 
The two terminals of the coil are permanently shunted by a thick 
wire Sh at Band B, the resistance of which is exceedingly low in 
comparison to that of the coil, The instrument is used always in 
series with the circuit, the current of which is to be measured. 


"a 130 Fig 131 Fig 132 

The object of shunting the coil with a very low resistance is two 
fold—first, to divert though the coil a very small fraction of the 
total current received, so that such a combination may be used ina 
circuit carrying a fairly large current, and’ secondly, to reduce the 
equivalent resistance of the coil and the shunt to very small values, 
so that the combination can be putin series in a circuit without 
having tha main current appreciably altered, a 

ing of an Ammeter—The ammeter is always connect: 

ia aud with Ko circuit, so that on entering at one of the binding 
screws, the main current divides itself through the shunt and the 
coil and finally reunites at the other binding screw before passing 
out. Although the coil takes in a small fraction of total current 
the scale is graduated in such a way asto record the whole current, 
Theprocessof graduating the scale in amperesis done by comparison 
with a standard ammeter kept for that purpose. The scale is ordi« 
narily graduated in one direction, along whichthe reading increases, 
Therefore, it is necessary to passthe current through the coil 
always is one direction, so that the pointer may indicate a true 
reading. For this purpose one of the terminal binding screws is 
marked (+) and other (—), To these the higher and lower 
potential points of the circuit are respectively to be joined: An 
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ammeter designed to read a thousandth part of an ampere 18 called P 
milliammeter. Similarly, an ammeter reading up toa millionth wd 
an ampere is called à micro-ammeter. The principle and design o 
such instrument are similarto those of an ammeter; the only differ- 
ence lies jn the choice of the galvanometer and the shunt resistance. 
The following examples offer a relation between the coil and the 
shunt resistance in order that a galvanometer may be converted 
into an ammeter having a desired scale, 


Examples : 

1, An ammeter of range | ampere as a resistence of 6'9 ohms. What shunt 
must be used to measure 10 amperes with it ? (U.P.B.—1961) 

Ans. Letthe value of the shunt be S ohm, Then by the condition of the 
problem, while the current drawn in by the combined resistance is 10 amperes, 
only 1 ampere flows through the ammeter fora full-scale deflection, Therefore 
through the shunt 9 amperes would flow. ome 

Since ammeter resistance shunt current we find2=—whenceS=0'l 

shunt resistance ammeter current S 1 

2. A sensitive galvanometer of resistance 75 ohms can measure a current 
upto '005 amp, How will you convert it into an ammeter reading upto 
3amp.? (Raj. U.—1953) 

Ans. The galvanometer would be so shunted that the main cutrent is 
3amp. the galvanometer cutrent is '005amp. Let theresistance of the shunt 


be S ohm, 
Then 3X g ors (05, whence the resistance S=0,13 ohm (nearly), 


3. A galvanometer having a resistance of 30 ohms is proviled wich a pointer 
anda scale having 100 divisions. The pointer is found to be deflected through 
one division when a current of 2X l0- * ampere flows through ic. Find the 
shunt resistance which may convert the galvanometer into an ammeter 
reading upto 5 amperes. 

Ans. Since 102 divisions are to be equivalent to 5 amperes, l div, will 
indicate 0,05amp. In order that the coil is deflected through | div., the current 
passing through itshould be 00002amp Therefore the problem is to select 
sucha shunt that makes the galvanometer current Cg—0.0002 amp. when the 
main current is =0,05 amp. Hence by eqn. (98.5) 


S » S 
Cg=C $TG' or 9.03 x 6 £39 0.0002, whence S=0,12 ohm. 

Hence a shunt ofresistance0'12 ohm put across A and P(Fig 131)will convert 

the galvanometer into an ammeter reading upto 5 amperes, 

The equivalent resistance R (in ohm ) of the combination is given by 

3X0'*12 A. 
R= 3I =0°119 

Thus the combined resistance of the ammeter is so small that it can be put 
inseries in a circuit without appreciably altering its current strength. An ideal 
ammeter in this sense is one which has a zero shunt resistance, in which case 
the equivalent resistance is zero and the current is not at all affected. 

4. A.milliammeter reading from 0 to 50 milliamperes has a resistance of 
396 ohms. How willyouchange it,so that itcan be used as ammeter to measure 
a maximum current of 5 amperes? (Bom U—1955) 

Ans, The problem is to be find the valus of a shunt resistance to be used 
with the instrument, so that while the total current through the combination 
is 5 amps the current through the milliameter only is 50 milliamps. 

Now 50 milliamps, —0'5 amp. Let the shunt resistance be of magnitude S 
ohms, Then we have 
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; SN s 1 396 
5Xgisgu- or Spee apport + 726 100 
whence the repuired resistance=4 ohms, 

1t is to be remembered carefully that the approximate order of 
Magnitude of current in a circuit must be pre-sensed before 
using an ammeter to measure the current in that circuit. If the 
current to be measured far exceeds the limit given by the scale, it 
causes damage to the coil and the Springs. 

101. Moving Coil Yoltmeter—It is a galvanometer of fairly 
high resistance having a pre- 
determined series resistance and 
is designedto measure directly 
the potential difference between 
two points in a circuit.In cons- 
truction it is identical with a 
moving coil pointer type galva- 
nometer except that it carries 
high resistance coil in series 
with the galvanometer coil, 
Within the space between the 
cylindrical pole pieces N and 8 
of the horse-shoe magnet (Fig. 
133) there is an insulated rec- 

Fig.133 tangular copper coil so pivoted 

as to turn freely, The ends of 

the coil are connected to two hair springs. The coil in this instru- 

ment has got a greater number of turns and a higher resistance than 
that of an ammeter: 

One hair spring is connected to the terminal screw marked(+), 
while the other one is connected to the other terminal marked(—) 
through a high resistance coil R. The scale is graduated usually 
in one direction in volts, so that the current is to be passed thr- 
ough the instrument always in one direction. Just as we have milli- 
ammeters and micro-ammeters,sofor reading of small voltages 
we use milli-voltmeters and micro-votmeters- 

The first object of using resistance in series with the coil is two» 
fold. The first is to guard the coil againsbany damages,when the 
voltmeter is to be used across two points having considerable 
difference of potentials. Secondly, when it is used any cirouit,it 
takes a negligible fraction of the total current so as not to disturb 
sensibly the distribution of current and hence the potential differ- 
ence, To satisfy the latter condition an ideal voltmeter should have 
an infinite resistance. This is attained practically in an electrostatic 
voltmeter(eg., a Quadrant Electrometer). The following is an ex- 
ample of how with a proper choice of a series resistance a galvan - 
ometer may be converted into a voltmeter having a desired scale. 

Examples: 


1. Acertainvoltmeter has a range of 15 volts and aresistance of 1000 ohms. 
How would you use it to measure voltage upto 150 volts? (U,P,B.—1953) 
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Ans. The current taken by the voltmeter, when a P.D. of 15 volts is 
applied at its terminals, is given by : 
C- = 0 ampere, 


For an equal deflection ofthe instrument, it would have to read 150 volts. 
Let the series resistance employed be R ohms. 


Qo Sa 3 LS 
Then 004R" 015, whence the required resistance 9000 ohms, 


2. A galvanometer provided with a pointer anda scale of 100 divisionsô has 
got a resistance of 30 ohms. The pointer is deflected through one division for 
$ current of 2X 107^ ampere, Calculate the series resistance necessaty to 
convert it to a voltmeter reading upto 50 volts. 

Ans, Since 100 divisions correspond to 50 volts, 1 division is equivalent 
to 0'5 volt, 4 

In order that a P. D. of 0'5 volt may deflect the pointer through 1 division, 
galvanometer carrying 2x 107* amp, with a resistance R, say, we have 


22x 107*, whence the resistance R=7470 ohms. 


30+R 


3. A battery has an E M.F. of 150 volts. When it is connected in scries 
witha voltmeter and resistance of 450,000. ohms, the voltmeter reads 375 
volts. Find the internal resistance of the voltmeter, (Poo- U.—1952) 


Ans, Let the resistance of the voltmeter be R ohms, Assuming that the 
battery has a negligible resistance, the current C that flows throughthe circuit, 
when the internal resistance and the voltmeter are connected in series is given 


br 150 
C= F500 FR ampere, 
The potential drop CR at the terminals of the voltmeter leads to the 
equation : 


wom 1. 315 xA500004R x37'5=150R. 
or, 1125 x R—37:5 x 450,000, whence required resistance R= 150,000 ohms, 
Ammeter and Voltmeter in a Cireuit—To measure the current 

ina cirouit the direction of the current in the circuit is to be 
known beforehand. Then or 
opening the circuit at any B 

point the ammeter A is to be E 
introduced in series, care H H H 
being taken that the binding 
screw marked (+) is joined 
with the higher potential 
terminal. 

On the other hand, when- 
ever the P-D. between any 
two points E and F in the 
circuitisrequired, thedirection Fig, 134 

of the current flowing in the bad 

cireuit is to be known beforehand. Thus of the two points, the 
one having a higher potential is to be connected to the binding 
screw marked ( + ) of the voltmeter V, and the other point to the 
other binding screw. The voltmeter is thus connected in parallel 
with respect to that part of the circuit, the P.D. of which is to be 


- 
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measured. Figure 134 represents the manner of connecting a volt- 
meter and an ammeter simultaneously in a circuit. The ammeter 
A measures the current passing through the circuit, whereas the 
voltmeter V records the P.D, between the points E and F. 


102. Grouping of Cells—A single voltaic cell has got a small 
E. M. F. as well as some appreciable internal resistance. For this 
reason it cannot send a large current through the circuit having a 
fairly high resistance, For practical purposes, a number of cells, 
called a battery of cells, is joined together and is then put into 
the circuit. The grouping may be done primarily in two ways— 
(i) In Series—In a series combination the cells are successively 
connected in sucha way that the low 


potential plate of the first is joined to 
- M5 |t | + the high potential plate of the second, 
sss] oo the low potential plate of the second is 


joined to the high potential plate of the 
Fig. 135—Cells in series third, and so on. Thus the high potential 
plate of the first cell and the low poten- 
tial plate of the last form the two effective plates of the battery 
of cells, In Figure 135 three cells have been connected in series. 
To find. the current—Let there be n similar cells connected in 
series each having an internal resistance of r ohms and an E.M.F. 
of E volts. Let the two poles of the battery be joined with an 
external resistance of R ohms, Take the current flowing through 
the circuit to be ©. 
Since the E.M.F. between the poles of the ba'tery increases in 
equal steps, the resultant E.M,F. of n cells E. 


+, The total internal resistance=nr and the external resistance 


=R. Therefore the total resistance=nr+R. 


nE 
Then by Ohm’s Law, DEOR. ^. (102.1) 


Case I—When r is very large as compared with R, nr+R=nr 


E 
and eqn. (102.1) reduces to C=, ..[102.1(a)) 
is explains that the arrangement is equivalent to that of a 
single ai Pad that efficiency of the battery is not increased. 
Case Il—When R is very large as compared to nr, nr+R 


E 
=R and eqn. (102.1) reduces to C=n E ...[102.1(5)] 


i.e., the current in the circuit is n times that of a single cell. 
iy i i fair external 
hen using a battery of cells having a fai 
m — the cells aait be joined in series to get a stronger current, 


Examples: 


A battery of 10¢ 
external resistance 18 


pt. 1r[n—15 


i series yields a current of 1 amp, when the 
P d Md a current of O'6amp, whea the external 
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esistance is20 ohms, Find the E, M.F. and the internal resistance of the cells 


i ill). (Gau. U—1951) 
fekete Being, (ae eame CA d cell be E volts, and its internal resistance T 
ohms, In this case n=10, Hence by the first condition, external resistance 


being 10 ohms, 
10) 


Bre sek © e) 
ToT” or sib whence E -r 
The second condition leads to 
108 B i) JEU enden SEE debs) rid) 
io-p lé or Ej 0*6, or xps whence r6. ( 


=1'5 volts, and the resistance 0:5 ohms. 
EOM dun in ANN 1:3 volts and the internal resistance 0'5 ohms, 
(i) In Parallel—In parallel combination the high potential 
plates of allthe cells are connected to one point, and the low poten- 
tial plates to another point. The two __ 
points finally form the high and the low 
otential poles of the battery. In 1 E S 
Vigure 136 three cells are shown to the 
conneoted in parallel, 


To find the current—Let there be n + 
similar cells connected in parallel, each — pi, 136 Cells in parallel 
having an internal resistance of r ohms r 
and an E M.F. of E volts, Since all the high potential plates are 
connected to one point and the low potential plates to another, 
the E.M.F. between these two points is simply E. 

But as the internal resistance of the cells are in parallel, the 
equivalent resistance of all the cells is r/n. 

-. the total resistance of the circuit=R-+ r/n. 


' LE nE 
Then from Ohm's Law, Om T ua" E 


Case I—When R is very large as compared with r, equation (102.2) 


(102.2) 


E 
leads to Cae. ++ [102.2(a)] 
i.e., the current is equivalent to that of a single cell. 
Case II—When r is very large as compared with nR, we derive 
from tho samo equation (102.2) that C=" [102.200] 


i.e., the current is n times that of a single cell. Thus when using 
a battery of cells having a high interaal | resistance as compared 
with the external one, the cells must be joined in parallel to get a 
stronger current. 


Examples : 


l. Three wireseach of30 ohms resistance, arearranged in parall d 
connected to a battery of 10 Leclanche cells, each TERA and ME ot Ts 
volts andinternal resistance of 3 ohms. Calculate the P.D. across the battery 
terminals and the current in wire and also that in the battery (B.H.U.— 1950) 

Ans. Assuming the battery consists of 10 cells connected in series, the 


total E.M.F, ofthe battery=(1 5x 10) = 2 
daristancer O10) jeudi o ) volts=15 volts and the total internal 
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The equivalent reaistance R of the three wires, each of 30 ohms resistance, 
connected in parallel, ís given by the relation : 


SAT b 
R0 30* 3071 when R—10 ohms, 
the main current, DH is the current through the battery, is given by 
= 410 amp. = amp.—0'375 amp, 


The main current is equally distributed in the three wires and hence the 
current tn each wire is 0'125 amp. The P.D, across the battery terminals= 
(current in any branch)xX(resistance of that branch ) «0125 x 30 volts=3°75 
volts, 


2. Determine the number of cells required to send a current of half an 
ampere through a circuit whose resistance is 30 ohms, if each cell has an E, M-F, 
of 125 volts and a resistance of 2 ohms. 

Ans. Let the number ofcells be n, Here the external resistance is much 
greater chin the internal resistance. So the cells, that would produce the 
required current, would be connected in series. Then C=0'5 amp. R=30 ohm, 
E—1*25 volts and r=2 ohms. 


Hence wo =95 whence the required number is 60. 
(i) Mixed Cireuit—In practice, a combination of a few cells 
ia parallel and a few in series is sometimes found useful. This is 
called a mixed circuit, Figure 137 


Za EI IA n represents a mixed circuit of 16 


cells, in which there are 4 rows 


9f 4 cells in each. For example, 

ES FP + NB let m rows of cells be joined in 

Hi parallel, such row containing n 

= M cells. So the total number of 
HHH cells in the combination is mn. 

"A V. To find the current—Since n 

R. cells are connected in series, the 

m effective electromotive force in 

Fig. 137—Mixed circuit each row, and so the resultant 


E.M.F. of the battery 2E. 


Also the total internal fresistance of the cella". 


If the external resistance is R, the total resistano="" +R. 
nE mE 


mp rim (102,3) 


Grouping for maximum Current—We are now to find the 
arrangement, so that the battery can give the maximum current, 
Let there be m xn cells arranged in m rows. with noells in each. 
MERRE eii —- by virtue 
mR VmR-(Vmr FV mR 7 
of the elementary algebraicidentity : a*b* tod? — (ab — cd)? --2abcd. 


* Ohm's Law gives C= 


From (102.3), C= 
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Evidently the current C is the greatest, when the denominator 

is the least. Now m» m rand Rare all positive quantities. Hence 

mnrR haa always a positive value. The expression within the 

brackets occurs a8 asquared quantity. Thus the denominator has 
a minimum value, 


if /mR—Var=0, or if R= (102.4) 


Thus the current in a mixed circuit is maximum when the cells are 
arranged in such a way that the total external resistance is equal to 
the total internal resistance of the combination. Further the ratio of 
n and m is proportional to that of R and r. Hence the value of the 
maximum current Cm in a mixed circuit is given by 


mnE nE mE 
SSR OR 2r ...[102.5(a)] 
Examples : 


1. How would you arrange 30 cells, each of which has an internal resistance 
of 5 ohms, so as to send the maximum current through an external resisance 
of 6 ohms? 


Ans. Let the cells be arranged in a mixed grouping of n cells in series and 
of m such rows. Then m Xn would be the total number of cells, which is 30 in 
this case. Again, for the maximum current to pass, the external resistance R 
ohms would be equal to nr/m. So we obtaln the pair of simultaneous equations 


mn=30 and Be, whence n=6 and m=5, 


This shows that there would be 6 cells in each row connected in series and 


that 5 such rows are to be connected in parallel so as to obtain the maximum 
current. 


2. Find the best arrangement of 24 cells having an external resistance of 3 
ohms, each cell having an internal resistance of 2 ohms. [C. U.—1930] 


Ans, From eqn, (102.4) sX1-3 and mXn=24, whence m=4 and n=6. 
^ the desired number of rows of cells is 6 and that of rows is 4, 

3. Two cells anda tangent galvanometer áre connected i i 
galvanometer needle is deflected through 60? from the Peil Bikes the 
connections to one of the cells ate reversed so that cells are in opposition, the 
deflection is 30°, What is the ratio of the E. M. E/s of the the cells? 


[Utk. U.—1951] 


a, the former being higher. 
nd the cells be R, r, and r4, 


Ans, Let the E.M,F.'s of the cells be E, and E 
Further, ES C M a of the galvanometer a 
respectively. en all are connected in series with cells in the same direc- 
tion, the E,M,F. is E,--E, end the total resi: i 
Ohm'a Law the current flowing (C. is given Bes uu Hoe by 

GERE. o5 A 
Rin Tu eM K tan 60°, i,e., C, —Kv/3. ZA) 


When the cells are in opposition, other thi: i 
Sse dowing be GA Kamat e ngs remaining thesame let the 
EE, 

Rẹritra 

Dividing (1) by (2). we retin EE 


BE EG D whence Bx. 


ax 


=C,=K tan SORS Td: (2) 
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N.B.—Although a problem of such a nature i 
D & set for solution, the student: 
RE yanad guna geer to a such IRES with cells in chai 
" e primary cells, h 
polarised and would be damaged AGGER ee the v'enkerak vens be 


4, A battery of 12 equal cells in series j 

, Screwed up in a box and suspec- 
ted GH having some of the cells wrongly connected is put into a circuit with 
a gs lvanometer and 2 cells similar to each others. Currentis found to be in 
um t of 3 to2 according as the introduced cells are arranged so as to work 
with or against the battery, What is the state of battery?  [Pat. U.—1931] 


Ans. Let the E.M.F, of each cell—e, and the E.M.F, of the batter 

ns F. , M.F, y of 12 

x EM: Joint feeletance of a number ofcells in series irrespective of 
connections, either direct i 

pbenka Mr e EN are ier in opposition, is always the same. 


Therefore when the pair of cells is connected to work with the battery, 


the current C, flowing through it is given citt, 


Again, when the pair works against the battery, Chak x 


€, E*2e p (Ciz 2 E426 3 
So C, E-2e Puto. Thus ECT whence E=10e, 

Thus out of 12cells, 10.are effectlve and the remaining two cancel the 
effect of each other. Thus one cell is wrongly connected, 

103. Accessories for Electrical Experimets—Some useful 
apparatus used is connection with elec- 
trical experiments are described below : 


(a) Binding Screws and Connectors— 
These are made of brass or copper and 
areof various shapes and types. They 
are used for different purposes, ¢.g-, for 
Fig, 138—Pl connecting one or two wires at a single 

etam RICE Whey. point, for joining two separate wires and 
for clamping plates in voltaic cells. 


(b) Keys—A key is a devise by which an electrical circuit may 
be opened or closed. There are various form of keys. 

Plug key—It consists of an ebonite base, on which two thick 
metal plates with a binding screw in each are fixed (Fig. 138). The 
two plates are separated from each 
other by a small gap, in which a 
cylindrical brass piece with an 
ebonite cap is inserted so as to fit 
init and make a metallic contact 
between the two plates. 


Tapping key—It is used for 
making an instantaneous electrical 
contact. It consists of an ebonite 
base, in which two binding screws 
are fixed (Fig. 139). A metallic Fig. 139 -Tapping key 

. strip having a non-conducting button at the other end is connected 
to a binding screw. A metal strip is fixed with the other binding 
Screw extending to such a length that when the button is pressed, 
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the binding screws are in metallic connection. When the pressure 
on the strip is released, it springs back to the original position and 
the screws are disconnected. 


(c) Commutators—This is an arrangement for sending a current 
through any portion of an electrical circuit or for reversing the 
current whenever required. A plug commutator consists of four 
metallic pieces fixed on an ebonite base and separated from each 
other by air gaps. Hach one of these metallic pieces is provided 
with a binding screw attached to it. There are two plugs, by which 

. connections may be established between any two pieces. The nature 
of connection of a commutator in a circuit is shown in Figure 140, 
(i & ii). The battery is connected to the binding screws at A and 
C, and the galvanometer to B and 
D. On connecting by plugs the sec- 
tors À and B and the sectors C and 
D [Figure 140, (i) } the current is 
madeto flow through the galvanome- 
terfrom Dto B. But if the plugs are 
put between A and D and between 
B and C, as in Fig. 140 (ii), the 
current will flow through the gal- 
vanometer from B toD. In this 
way the current is reversed. 


Fig. 140 
(d) Rheostats and Resistance Use of commutator 


Boxes—There are used to regulate the Supply of current in a cir- 
cuit. There are various forms of rheostats and resistance coils. 


Sliding Rheostat—It consists of along wire wound uniformly 
over a non-conducting cylinder ( Figure 141 ) Each terminal of 
wire is joined to one of the binding screws at the base. A metal rod 
is fixed, along which a jockey S slides and makes contact at vari- 
ous parts of the coil. When connection is made between any one 
binding screw atthe base and the binding screw attached to the rod, 
the current circulates through a part of the coil depending on the 
postion of the jockey. Hence by moving the jockey to different 
parts of the coil, the effective resistance of the rheostat is altered. 


Resistance Coils and Boxes— 
In electrical measurements, 
coils of fixed resistance are 
sometimes used. For this 
purpose a single coil (or, some- 
times a number of coils of 
rr known resistances) is put in 
Series in a proper casing. 
These are called resistance coils 


Fig, 141 
as shown in Figure 142. The resistances are multiples or 


submultiples of an ohm. The wire is made of certain alloys, e.g., 
manganin, german silver, etc., which have high specific resistances 


OHAP, IX RESISTANOB 231 
and small temperature coefficient of resistance. Except at the ends 
the wire is silk-covered all over. It is first folded so as to be 
doubled up and is then wound on a non-conducting cylinder 
well-soaked in paraffin. This method of coiling the wire elimina- 
tes the effect of self-induction (Vide Chap. II) and windings are 
technically known as non-inductive windings. The ends of the wire 
are soldered to the metal pieces. The value of the resistance of 
each wire inside the casing is marked on the top of the instrument, 


Fig. 142—Resistance coils Fig, 143 

In a resistance box there is a number of resistances in series, 
the terminals of each resistance coil being soldered to two metal 
strips having an air gap between them. A metallic plug just fits 
inside each gap: There is a series of coils of various resistances, 
the value!of each being indicated (Fig. 143). The two ends of the 
series{are connected to two binding screw, through which current 
enters and leaves. When any such coil is required to be put 
into the circuit, the intervening plug is taken out. (For a detailed 
description of various types of connectors and resistance boxes ref- 
erence isto be made to J. Chatterjee’s Intermediate Practical Physics). 

104. Measurement of Resistance—The resistance of a con- 
ductor can be measured by applying the principles of Wheatstone’s 
Bridge as enunciated below. 

Wheatstone’s Bridge—It consists of four resistances of magni- 
tudes r,, rg, 73, and r, put ros- 
pectively along AB, AE, BD 
and ED, so as to form a closed 
network (Fig. 144). The points A 
and D are joined to the termi- 
nals of a cell through a key K. 
The points B and E are joined 
to the terminals of a galvano- 
meter through another key. 


On closing the keys current 
passes through different parts 
of the circuit. Let the resistances 
Fig. 144—Wheatstone’s Bridge be so adjusted that there is no 
current through the galvanometer. This state is attained only 
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. x h 
when the points Band Eare at the same potential. Any suc 
atrangemont, in which no current passes through the puo 
when joined between two points ina circuit, is called the nu 
ipt d D of th twork 

Let the potentials at the points A, B, E an of the netw 
be Va, Vs, Ve and Vp respectively. Whena balance is obtained 
with a galvanometer, Vn Vz. Let the current in the branches AB 
and AE be O, and C, respectively. Since no current passes 
through the galvanometer, it is obvious that the current in the 
arms BD, ED also are C, and C, respectively. 


Va-Vs Vu—Vp 


; V d 
From Ohm's Law, C= Ee (1) 
3 -Y 
and Ci —Va-Ve_Vs > TOY 
ra T4 
Now Vn—Vz, So dividing (1) by (2), we find 
Aou, orit. ufa (104.1) 
falsi, [DTI 


Therefore, if any three of the resistances are known, the fourth 
one can be determined. 


Further, both forms (1041) show that the same relation 
can be arrived at by interchanging the positions the cell and the 
galvanometer, The pair points A and D, B and E are said to be 
conjugate to each other. The principle of the Wheatstone's Bridge 
is applied in the measurement of resistance in laboratory with a 
Metre Bridge or a Post-Office Box. 


Example : 


A,B, C and D are four coils of wire of 2, 3,2 and 3 ohma respectively 
arranged to forma Wheatstone’s Birdge network. Calculate the value of the 
resistance; with which the coil D must be shunted in order that the bridge 
may be balanced, [U.P.B,—1953] 


Ans, Let the resistances 7, and 7,, as in Figure 144, represent the two coils 
A and B of resistance 2 ohms end 3 ohms respectively. Now ifr, and 7, be 
the coils C and D, the bridge is automatically balanced and requires no fur- 
ther adjustment, Hence the possible arrangement is r,=3 ohms being used 
as the coil D and r, —2 Ohms, Let atesistance of x ohms in place of the 
coil D produce balance, 


EEOAE SE F af 
Then Rina 3 + whence X—3. 
Let the resistance placed parallel with the coil D of 3 ohms resistance so 
as to bring down the equivalent resistance to 4/3 ohms be r ohms, 


EI WE 
Then tre whence rod opa ohms, 


board. A, B, C, D, E, F and G represent the binding screws fixed 
at the edge of the board. Screws A and B, 


nently connected with two short copper strips. Another long 
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copper strip extends from C through D to E, leaving two gaps 
between the pairs of plugs B and C, E and F. Two short 
copper strips permanently connect A and W, Gand W. There 
18 à metre scale fixed parallel to the wire and a slider which 
can move in the groove over the board called the jockey J. For 
this reason the apparatus is sometimes called a slide wire. 


Use of Metre Bridge in measuring an Unknown Resistance— The 
terminals of a cell F are connected through a key K to binding 
screws at C and D (Fig. 146). A resistance box K is put in the left 
gap, and the unknown resistance S in the right one, A galvano- 


CM A E rg 


Fig. 145—Metre Bridge 


meter G with shunts SL is joined to the binding screws at the 
middle of B and at the jockey. When the key K is closed, the 
current from the cell enters (say, through the point C), branches out 
into CB and CA and finally goes back to cell through D. The metal 


Fig. 146— Working of a Metre Bridge 


strips have negligible resistance. Hence the resistances of R and S 
and of the two segments of the wire on both sides of the jockey, 
together with the cell andthe galvanometer, essentially form a 
Wheatstone’s Bridge. On sliding the jockey on the wire, a point 
A is obtained where there is no deflection of the galvanometer. On 
sliding the jockey to either side of the null point, deflections of the 
galvanometer in opposite directions are obtained. 


Let the length of the bridge wire upto A be=/ 

and the resistance per unit length of the wire be—p 

Then the length of the other segment of the wire—100—7 

* the resistance of the two segments are lp and (100—1)p 


D 


respectively. 
Therefore, when the null point is obtained, we get 
8 A007 Dp. where S=R. Xo ...(108, 1) 
R lp l 
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Thus either the ratio of S and R may be accurately compared 
or if R be known, S can be found. (For further details vide 
J. Chatterjee's Intermediate Practical Physics.) 


106. Post-Office Box—1t is a modified form of a Wheatstone's 
Bridge, in which the resistance is directly found by the Null Method. 
Eachofthe arms rı and r, contains in group of resitances 10,100,1000 
ohms, arranged in series in a box (Fig. 147). These are called 
ratio arms; The third arm r, contains a number of resistances with 
coils usually ranging between 1 and 5000 ohms, in such steps that 
any integral value of a resistance from 1 to 10,000 can be introduced 
in this arm, A demonstrative diagram 
of a Post-Office Box is given in Figure 
148. There are two tapping keys K and 
k which on being depressed complete 
the circuits containing the cell and the 
galvanometer respectively. 


The resistance R to be measured 
is connected between rs and f3 at 
points D and F. A galvanometer G, 
shunted if necessary and provided with 
a lamp and scale arrangement, is 
connected to Band F. The terminals 
of a cell are joined to Dand A. On 
being depressed, the two keys at the 
base put the galvanometer and the Fig, 147—Post-Office Box 
battery in circuit. ] 


Working Principle—To measure R, take out from the ratio arms 
the resistances 10, 10 and find by trial a resistance ( say, rg) in the 
third arm, such thnt there is no deflection in the galvanometer 
when the circuits are closed, Then the resistance R is given by d 


R-D i.o., R=r;. 


, lf the exact null point is not obtained at this stage with any 
integral value of 5, the resistance of B is not wholly integral and 


ee K there must then be two 


consecutive integral values 
of resistance in the third 
arm, between which the 
resistance R lies, By trial 
find these two consecutive 
resistances in' this arm, 
which individually deflect 
the galvanometer in oppo- 
site directions. Let these 
Fig, 148—-Working of a Post-Office Box. Tesistances be X and X+1, 
Now insert in the arm 
point is now to be 
8 somewhere between 


IIP DER IM. 
i0 20 20 SO 
EQ SUV MET SHUT TOR NER EZ. 
F \ 5000 20002000 (900 so 209 200 (00 


Te. 


7, a resistance 100 instead of 10, The null 
expected when the resistance in the arm T3 d 
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10X and 10 (X+1). If now a null point is obtained with a resist- 
ance X;, the resistance R is given by 


10 P if 
R= i00 Xi, 1.0., R= Xi. 


The resistance is thus found correct to the first place of decimals. 
(Vide J. Chatterjee's Intermediate Practical Physics.) 


If the exact null point is not obtained, even then, as before, two 
consecutive resistances (say, Xə and Xs--1) are to be found, for 
which the galvanometer will be deflected in opposite direotions. 
Having obtained this condition, change rı from 100 to 1000. The 
null point is now to be expected between 10X» and 10(X»--1) in 
the third arm. If balance is obtained with any resistance Xs in 
this arm, then 


Re Xs, whence R=—. 


*107. Determination of the Resistance of a Galvanometer— 
The resistance of a galvanometer was first determined by Lord 
5 Kelvin by means of Wheastone's Bridge 
arrangement. For actual determination 
a P.O, Box is to be taken. The electrical 
connection are represented in Figure149. 
The galvanometer of resistance G is 
placed in the fourth arm of the bridge. 
Let 71,72 and rs represent the other 
three resistances of the bridge. One end 
of a key K is connected to the junction 
B of the ratio arms and its other end is 
connected to the junction of the third 
arm rs and the galvanometer. The 
battery L is connected in its usual place to a key Ke in series, It is 
usual to place a rheostat (not shown in this diagram) in the battery 
circuit. This rheostat prevents high current from being sent through 
the galvanometer during the actual adjustment of the bridge. 


We know that the current in the branch BE of the circuit is 
zero, when B and E are equipotential points. This will be the case 
when 71, re, 73 and G satisfy the relation : 


Fig, 149 


Ti CR ETE 
ra G 
When 71, r2 and rs have been so adjusted that the above relation 
holds good, the galvanometer would show a steady deflection, both 
when the key Kı isclosed and when open. This is so, because Band 
E being equipotential points, the opening or closing of Kı does not 
alter the distribution of currents in the different arms of the bridge. 
So, when after adjusting rı, rs and rs, we get the same deflection 
in the galvanometer, irrespective of the key being open or closed, 
we can calculate the value of G from a knowledge of the resistances 


236 INTERMEDIATE PHYSIOS ART. 108 


included in the three armsof the P.O. Box, Hence the galvanometer 
fara . 
rı 


i —The 
Determination of the internal Resistance of a Battery 

internal resistance of a battery was determined by Mance also by 
means of Wheatstone’s Bridge arrange- 
ment. For actual determination a P.O. 
Box is to be taken. In this method 
the fourth arm resistance of an ordi- 
nary Wheatstone’s Bridge is replaced by 
the battery, whose internal resistance 
BR is to be determined. The galvano- 
meter is placed in this normal position 
in the Bridge, and a key K replaces 
the battery in the branch AKD of the 
bridge (Fig. 150). When the key is 
open, there would be a steady deflec- 
tion in the galvanometer. But on closing K, a re-distribution of 
current occurs in the different branches of the bridge, asa result of 
which there may be change in deflection of the galvanometer G. 


But if rı, rs and rs be so adjusted as to satisfy the relation 
ri /ro=ra/R, then even after closing K there should not be any 
change in the deflection in the galvanometer. This is 80, because 
the closing of K merely indicates an extra E. M. F. applied to the 
branch AKD, which cannot send any extra current in the galvano- 
metersolong asthe above relation holds good. This evidently 
follows from the very principle of Wheatstone’s Bridge. So when 
the galvanometer shows steady deflection, both when K is open 
and closed, we can find the value of battery resistance R from 
the above relation. Here also in order to protect the galvanometer 
from high current, it is advisable to take rı and rs of sufficiently 
high value (say, 100 ohms each) and to adjust ra by trial- 


*108. Potentiometer— The apparatus consists of a wooden board, 
on which a number of wires of uniform cross-section, each one 
metre long, is stretched parallel to each other (Fig. 151). The 


resistance G is given by G= 


: Fig. 151—Potentiometer 
number is usually ten. These are joined end to end in series by 
means of copper or brass strips, so that the combination behavesas 
a single wire of length equal to the sum of the lengths of all the 
D The free terminals of the first wire and the last are provided 
with two binding screws A and B. There is a raised platfrom at one 
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edge of the board, on which a metre scale is fixed and is placed 
parallel to the wires. The other edge carries a brass strip SS 
having a binding screw at the end C and running alongside the 
last wire. There isa tapping key fitted in a triangular jockey J 
sliding through a slit cut in the latter. By pressing the key, con- 
tact can be made at any point of wire. The triagular jockey has 
three legs, two of which rest of the grove running parallel to the 
base of the platform and the third on the brass strip. This jockey 
can slide from one end of the scale to the other and is provided 
with a pointer to determine its position. (Vide J. Chatterjee’s 
Intermediate Practical Physics.) 

Measurement of E. M. F. of a Cell—The principle of working 
of a potentiometer can be best understood, if we examine its mode 
of connections. Letacell E be connected to the ends of the 
potentiometer wire as shown in Figure 152. A resistance box of 
a rheostat Rh is included in this circuit, generally known as the 
primary circuit, This is 
meant for controlling 
current and hence the 
potential dropsalong the 
potentiometer wire, As 
this wire is supposed to 
be uniform, the resis- 
tance per unit length of 
the wire is constant. 
Let it be p ohm per om. 
4 1f © be the current flow- 

Fig, 152 ing in the primary cir- 
cuit, then ‘by Ohm’s Law 
the drop of potential per centimetre length of the wire is pO. So 
the drop of potential along any known length of the wire can be 
calculated. Now if we want to find out the E. M. F. of a cell E,, 
the positive pole of the cell should be connected to A, to which is 
connected the positive terminal of the cell E. The other pole of 
the cell E, is connected to the sliding jockey through a resistance 
RB, a key K, and a galvanometer G. Sliding the jockey and pressing 
its contact point at different positions of the potentiometer 
wire, a position on the wire is found where the galvanometer 
shows no deflection. This point of the wire is at the same 
potential as the negative pole of the cell E,. Since the point A 
has been connected to the positive end of the cell, E, these two 
points also are equipotential. So if l be the length of the wire 
from the positive end of the no-deflection position, then 7 pC is the 
drop of potential along the length of the wire, which is equal to 
the E. M. F. ofthe cell E,. Thé value of p can be found from a 
knowledge of the resistance of the potentiometer wire and its 
total length, and C from that of the E.M.F. of the cell E and 
total resistance in the primary circuit. 


Example : 
A secondary cell of B. M.F. 2 volts and internal resistance O'L ohm is con 


nected to the ends of a uniform wire of lengthl metre and resistance 15 ohms, 
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A primary cell of E,M.F. L5 volts in series with a galvanometer is connected 
to the two points on the wire, If the galvanometer shows no deflection, find 


the distance between these Points. Give a diagram showing the connections. 
[ Gau. U.—1953] 


Ans. Let E be secondary cell of E.M.F. 2 volts and internal resistance 
0'1 ohm connected with the wire AB of length 1 metreand resistance 120hms, 
By Ohm's Law the current in the wire= o amp.=0°165 amp. 


Since the wire is uniform, the resistance per unit length=(12~100)ohm/cm. 
—0'12 ohm/cm, 


Comparison of Electromotive Forces of two cells—The conneo- 
tions are as shown in Figure 146. For similarity of connections 
consider the cella one by one. The first cell E, is connected in 
the auxiliary circuit, so that its positive terminal is connected to 
the positive end of the bridge wire. Tho negative terminal in its 
turn is connected to the sliding jockey through a resistance and 
a galvanometer, The balance point is obtained, Say at m, by 


Now replacing the first cell by the second and without changing 
the primary resistance any more, we find the corresponding balan- 
cing length /, (which is A to n), say. If E, and E be the res- 
pective E. M. F.’s of the two cells, then $ k 
EDO. P 
(erige e (108.1) 
Thus, merely from a knowledge of the balancing length on the 
potentiometer wire, we can compare the E. M, F.’s of two cells. 
Here though apparently l, pO and l,pC indicate the potential 
difference between the terminals of the cells, they are the same 
as the E. M. F.'s of the cells, The reason is that at the no-deflec - 
um Hulu: of the Dieppe there is no current passing 
roug 9 comparison cell circuit an 
Well be supposed to be in an open nsu PS pel ER IMY 
Determination of the iaternal resistance of a cell—Tho 


potentiometer circuit jg as usi 

Mt eate ad es x^ ual, first completed through a cell 
The cell L, whose internal 
resistance is to be found, is 
connected to the auxiliary 
circuit of the potentiometer 
through a galvanometer G, 
care being taken that the 
positive terminals of the 
both primary and the auxili- 
ary cells are connected to the 
same binding screw A of the 
bridge, The E. M.F. of the Fig. 153 

auxiliary cell is balanced at any point Q against a length J of the 
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Sbridge wire. Then this cellis shunted through a resistance R, 
‘whereupon a current cotinuously flows through the cell. Now 
‘the P. D. (but not the E. M, F.) of the shunted cell is balanced 
;8t some point P against another length lı of the bridge wire, which 
would be found be smaller than J. From these two balancing 
lengths and a knowledge of the shunting resistance R, the internal 
resistance r of the cell can be found out. 
Let the E. M. F. of the cell (in open circuit) bez: E 
and the P. D. of the cell when shunted be=E,. 
3 Eug 
Obviously then E, +» (108,2) 
But the current through the shunted cell is i— E/(R-4-r). 
Hence the P.D. between the plates of the shunted cell is given by 


Bix R= 

E BL 

SEE. .. (108.2) 
T —l l 

or eh, or r=(; 1 nz .,.108.3) 


*109- Effect of various agencies on Resistance—It has been 
observed that Heat, Light and Magnetism have got marked effects 
on the resistance of condutors. Of these the first one almost 
universally effects the resistance Of all substances. ' 


(a) Effects of temperature on Resistance—If the resistance of a 
wire be measured at the room temperature and if, on heating the 
wire, its resistance be again measured, then with the rise of tem- 
perature the resistance of the wire is generally found to increase. 
For a moderate change of temperature the relation between resis- 
tance and temperature is found to obey the relation ; 

R,=RB,(1-+-«#) .. (109.1) 
where Ri=resistance of the specimen (°C, R,=resistance of the 
same at 0°C and t=rise of temperature of the wire. The quantity 
x is called the temperature coefficient of resistance which is defined 
to be the increase in resistance of a material of unit resistance 
when heated through 1°O (usually from 0°C to 1°C). The coeff- 
cient varies with the nature of the material. This relation shows 
that the increase of resistance of the wireis proportional to the rise 
of temperature. For a large difference in temperatures the relation 


is given by 
Bi-RQ(14-«t4-pt*). (109.2) 
where « and 8 are constants for the material of the conductor. 
Since any property of a substance, which continuously varies 
with temperature may be utilisedin measuring temperature, the 
variation of resistance with temperature of a pure platinum wire is 
utilised in the thermometer called a Platiaum Resistanee Thermo- 
meter. It essentially consists of a thin platinum wire F wound on a 
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mica frame enclosed in a porcelain tube (Fig. 154). The winding 
to the plantinum wire is non-inductive as found in 
standard resistance coils. The ends of the wire are 
connected to the binding screws P, P at the top by 
means of two thicker copper leads P, and P,. Two 
other compensating leads C, and C, of 
idential length, cross-section and material are con- 
nected to two other binding screws C, C. These 
. compensating leads are joined together at the 
other end and are inserted inside the thermometer 
tube so as to extend to the top of the platinum 
coil, In actual determination of the resistanco of 
the platinum thermometer by the metre bridge these 
compensating leads are always connected to the 
arm of the bridge adjacent to the one, into which 
the platinum coil has been inserted. Tt thereby 
eliminates the temperature effect of leads, The 
resistance R, of the thermometer at 0°C is to be 
determined previously- Itis then placed in con- 
tact with the source at a temperature t?O and then 
Rt is found from Wheatstone’s Bridge, Constants 
and £ for platinum being known, ( can be calculated, 
Some alloys have got very small temperature 
coefficients. They are, therefore, very suitable for making 
resistance coils. These are manganin, constantan, nichrome, ger- 
man silver, etc. With rise of temperature carbon, and chiefly elec- 
trolytes, how a marked fall in resistance. So a carbon filament 
lamp when glowing has a much lower resistance than when cold, 
(b) Effect of Light on Resistance—It was found by Willoughby 
Smith in 1873 that some of the alkali metal (e. g., selenium and 
cæsium) exhibit a change in resistance, when light falls on them. 
ID When the light incident on these 
p substances is made stronger, their 
resistance becomes less. This is 
j known as the photo-conductive pro- 
y perty ofa substance. This property 
jB of selenium was utilised by G. Bell 
in 1880in the construction of photo- 
phone (or; usually called a photo-cell) 
by which a similar variation of an 
electriccurrent could be produced 
by modulating the intensity ofa beam 
of light. 


Thereis another property of alkali 
metals, in which electrons are emit- 
tedfrom their surfaces when exposed 
to light radiation. The iscalled pho- 
loemissive property. Much work has 
igure 155 represents the section 
+ consists of glass bulb G either 
me inert gas, such as argon, at 


Fig. 154 


"i 


Fig. 155 
been done in thisline by Millikan. F 
ofa cesium-magnesium photo-cell, T: 


highly evacuated or filled with 80. 
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a low pressure. A layer of cesium or potassium compound is 
deposited upon the inside wall of the bulb; The deposit is usually 
made upon a metal base C of magnesium or silver. For admission 
of light within the bulb, a small opening B is left on this coating. 
At the central part of the bulb a metal cylinder A is fixed. To 
the outside of the bulb the deposit and the cylinder are connected 


` by two electrodes. The cylinder is kept at a positive potential with 


Fespect to the metal coat. When the photo-cell is kept in absolute 
darkness, no current flows in the circuit. But when a beam of light 
is directed against the inside of the glass bulb ‘through the window 
B, there is an emission of electrons from the deposited surface. 
The electrons, thus emitted, move towards the cylinder at a higher 
potential and produce the current. The stronger is the incident 
light the more copious isthe electronicemission and hence thestrong- 
er is the current. Ifthe intensity of light incident on the metal 
be modulated, a similar modulation of current through the photo- 
electric cell takes place. A photo-cell of this type is used in talkie 
machine to reproduce speech and music. 

There is another type of photo-cell which does not require the 
use ofan external electromotive force to run the current. It is 
called a photo-voltaic cell. Although the varied construction and 
uses of such a cell are of recent origin, Becquerel in 1893 first 
observed that when light falls on one of twosimilar electrodes 
immersed in acertain electrolyte, anelectromotive forceis develop- 
ed which can send a measurable current when the circuit is com- 
plete, A wet type photo-voltaic cell consists of a copper cathode 
coated with cuprous oxide and a lead anode, both being immersed 
in a solution of lead nitrate. When light is allowed to fall upon 
the cathode, a voltage is developed which drives a small current 
through an external circuit. A dry type of cell consists of various 
metals and metal compounds, such as copper-cuprous oxide, silver- 
iron selenide and ironselenide placed in contact. When illuminated 
by light, a voltage is generated at the boundary between the two 
substances. ~ 

(c) Effect of Magnetic Field on Resistance—Some substances, 
chiefly bismuth, show an increase in resistance when placed ina 
magnetic field. The variation of resistance of a bismuth spiral in a 
magnetic field is sometime utilised in the measurement of strength 


of the magnetic fleld. 
EXERCISES ON CHAPTER IX 
Reference 


1. State Ohm's Law. Describe how you will verify it experi- Art, 93 
mentally. (P.U.—1959,'71 ; Pat. U.—1953, '68; Gau. U,— 1961, 
*63 ; Nag, U.—1961, '73 ; C. U.—1956 ; U. P, B.—1961, 
163 ; Utk, U.—1972 ; Del, H., S. —1965, '69; Dac. U,— 
1942, 49) 
2, A 10-ohm resistance is tobe constructedof a wire ofdiameter Art. 94 
0'46mm, and specific resistance 58X10-* ohm per cm.*. What 
length of the wire will be requited ? (U. P, B.--1951) 


Ans, 332°2 cms, 
pt. 11/g—16 
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3. Define a volt and an ampere, (Raj. U,—1974) 


4. Define absolute units of current, potential difference and 
resistance and obtain the practical Vae for is Moe the npe 
te by which eacb is measured, (Guj. U.— ; Nag, U.— 
nag 910 R. P. B,—1961 ; Cf. Gau, U.—1961 ; B, H. U.—1960) 


5. The poles of a Daniell’s cell of E, M, P, 1°1 volt and inter- 
nal resistance 1 ohm are joined by two wires in series, a wire AB 
of 4 ohms and a wire BC of 6 ohms resistance. The positive pole 
of the cell is connected to the end A of the series, What will be 
the reading of a voltmeter connected between.(!) A and B, (ii) B 
and C and (iii) A and C ? z 


Ans, 0'4 volt, 0°6 volt, I volt, 


6. A cell, which has an E. M, F. of 1'5 volts on open circuit 
and an internal resistance of 2'5 ohms, has its terminals joined by 
a wire ex rerietance 5'5 ohms, Find the P, D, between terminals 
of the cell, 


Ans, 1°03 volts, 


7, A voltmeter connected to the terminals of.a battery reads 
6 volts, When lamps are lighted with the battery, the voltmeter 
reads 4 volts, Find theresistance of the battery, if the resistance 
of the lamps is 20 ohms, (E, P. U.—1961) 


Ans, 10 ohms, 


8. The E, M.F, of a cell is 1.8 volts. The two poles are 
connected by a resistance of 2 ohms and the potential difference 
between the poles as recorded by a voltmeter is 1°6 volts. Cal- 
culate the internal resistance of the cell. 

Ans, 0°25 ohm, 


9. Find what will be the resistance of a number of con- 
ductors connected (a) in series, (b) in parallel, x 
(Del, H, S,—1966 ; Cf. U. P. B,—1965) 
10. A galvanometer of resistance 600 ohm is connected in 
series with a battery of 18 volts and a coil of resistance 300 ohms. 
Find the potential difference at the terminals of the galvanometer 
when it is shunted with (a) a resistance of 200 ohms, (b) an ine 
finite resistance. Also find in each case the cutrentin the main 
circuit and within the galvanometer, (Neglect battery resistance), 


Ans. (a) 6 volts (b) 12 volts ; 


(i) Cm="004 amp ; Cg—0'01 amp. ; 
(ti) Cm=Cg=0'02 amp, 

ll. A uniform wire, 2 metres long and having a resistance of. 
4 ohms per mette, is bent into the form ofasquare ABCD. The 
adjacent corners, A and B are connected to a battery of E. M. P, 
3 volts and internal resistance of 1 ohm. Find the current along 

Ans. 0'9 amp. 

12. The terminals of a cell of negligible resistance are cone 
nected bya given length of a uniform wire. The wire is then cut 
into: three uniform Pieces and these are joined in parallel to its 
terminals. Find the ratio of the currents flowingin the two cases 


P Cd (Nag. U.—1961) 


13, The E.M. F. of a battery is 30 volts, When a long thin 
wire is'joined across the battery, a curtent of 2:5 amps, is produced 
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Arts, 95, 
100, 101, 


Art, 95 


Art. 96 


Art, 96 


Art, 96 


Art, 97 


Art, 97 


Art, 97 


Art, 97 


Art, 97 
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Ans, r—4 ohms ; R=8 ohms ; P=5'2x 107^ ohm. cm, 


14 A battery of 5 similar cells is connected with a rheostat 
anda tangent galvanometer of resistance of 20 ohms, all in series. 
When I00 and 190 Ohms are succes ively used in che rh tostat, the 
galvanometer records. deflections of 60° and 45° respectively, 
Calculate from the data the internal resistance of a single cell. 


Ans. 0°59 ohm, 


15. A battery of E. M. E. 4 volts and a negligible resistance i 
connected through a resistance of 2 ohms to the cae vertices A oad 
of an equilateral triangle ABC made of uniform wire of total 
resistance 6 ohms, Calculate the current in each part of the circuit. 
Ans. In AB, 0'8 amp ;' in ACB, 0'4 amp; in the battery 
‘2 amps. i 
16. Two cells have a combined resistance of 12 ohms when 
Connected in series and 13 ohms when connected in parallel. Find 
the respective resistances, 
Ans. 10 ohms ; 2 ohms, 


17, Compare the two types of combinations of resistances ; 
(a) in series (b) in psrallel. (And. U.—1961 ; U, P. B.—1972 ; 
P. U.—1962, Cf. Gau, U—1970) 
18. The poles ofa Storage cell of E, M, F. 2 volts and internal 
resistance '04 ohm are joined with two identical wires of the same 
matesial in parallel, Find the resistance of each wire, if the 
current in the circuit is 1'01 ampere, 


Ans. 39°92 ohms 


19. An accumulator of internal resistance 0'1 ohm, having an 
E. M. F, of 2 volts. is connected in series with a resistance of 9990 
ohms and a galvanometer of resistance 990 ohms, What is the 
Current passing through the galvanometer, when a resistance of 
10 ohms is connected across the galvanometer terminals ? 

(Pat, U.— 1963) 


Ans 2X1075 amp, 

: 20. Explain the theory and use of shunts used with galvano» 
meters, Deduce the relation between the currents flowing in the 
galvanometer circuit and the shunt circuit. 

(Guj, U.—1965 ; E, P, U.—1972 ; U. P, B.— 

1963 ; Bom. U.—1967 ; Cf. Gau, U,—1970) 

21. Explain the use of shuats, What is the resistance of a 

shunt, which joined to WM ate One g mu cause 
he total tt through the galvanometer 

I/n of the total current to flow oe ESCON PRAE U 1994, 72) 

22, Gi brief account of /a)a voltmeter, (b) an ammeter, 

Nr (B. PR. U. 19705 Cf Raj. U.—1963 ; Pat. U.—1964) 

23. What is the essential difference between a voltmeter, an 

ammeter and a gglvanometer? (Cf. Del. H. S.—1967 ; Del. U, 1972) 
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Reference 


Art, 97 


Art, 97 


Art 97 


Art, 97 


Art, 97 


Art, 98 


Art, 98 


Art. 98 


Arte, 
100 & 101 
Arts. 
100 & 101 


24, Describe with a diagram to show how you would connect an Art. 101 


ammeter and a voltmeter to measure the power A S. dn) 
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Referenc 


25. How can the moving coil galvanometer be adopted for use Arts, 


as (1) a voltmeter and (2) an ammeter ? 100 & 101 
(P. U.—1974 ; Andhra U.—1967 ; Cf. Bom, U.—1961) 


26. An ammeter can read upto 5 amps, What would you Art, 100 


do, and why, to make the same instrument read up to 50 amps. ? 
(B. H, U.—1973) 


21. A battery of negligible resistance has an E. M. F. of 100 Art, 100 
volts. When it is connected with a resistance of 75X l0* ohms 
and a voltmeter in series, the voltmeter shows a reading of 25 volts. 
Find the resistance of the voltmeter, 


Ans, 25 X 10? ohms. 


28, Describe the construction of a moving coil galvanometerand Art 101 
show what modification is required, if this galvanometer is to be 
used as a voltmeter. (Nag. U.—1972) 


29, An ammeter of range | amp, has a resistance of O'L ohm. Art, 100 
What shunt must be used to measure 10 amps, with it ? 
(U. P, B.—1968) 
Ans, 1/90 ohm, 


30. A number of cells is given to you. How would you Art, 100 
arrange them in order to supply the largest amount of current in 
a circuit of known external resistance ? (Pat. U.—1964) 

31, A number of exactly similar cells are connected is parallel. 
Compare the current sent by the combination in an external 
resistance R with that sent by a single cell, ifthe internalresistance 
of each cell is r, Under what condition is this combination 
advantageous over a single cell? 

32. Yousreto use 4 cells of E, M, F. 2 volts and internelre- Art 102 
sistance 1 ohm, each to send the greatest possible current through a 
resistance of 10 ohms. Show how you would use the cells. Give 
your reasons for doing so and calculate the maximum current 
through the resistance. 


Ans, Cells to be connected in series ; C=0.57 amp. 


33. A battery ofcell, each of E.M,F.1°5 volts and 
resistance,0'2 ohm, sends a current of 4 amperes through an hie ae 
resistance, when the cells are in series. The cells are connected in 
parallel. Determine the potential difference between the ends of 
the external resistance in the two cases. 


Ans, 5'68 volts and 1*495 volts. 
34. You are given 48 cells, each of B,M.F. 1:8 volts and i E 
nal resistance '80hm, How would you FERES es ts ae p 
the maximum current through an external resistance of 5 ohms? 
Also find the current. (C. U.—1956) 
Ans. 2 rows of 24 cells ; 5°02 amp. 
35, A battery of 24 cells, each of int i 
E. M, F.—1'4 volts, is to be connected EA neat er e tod 
current through a wire of 12 ohms resistance. How will you connect 
them? Find also the strength of the current in each of the cells and 
the P, D. at the ends of the external reistance, (Raj. U.—1965) 
Ans, 2 rows of 12 cell ;0°35 amp., 8'4 volts, 


36, Write a note on Wheatstone’s Bridge. T 
E (Cf. Raj U—1967, ; Cf. Utk. U, 910; Nag. U.—192; ^ T 
Del. H. $.—1969 ; Cf. E. P.U,—19T1) 
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Reference A 
Art, 105 37, Discuss the theory and describe the practical arrangement 
for comparing two resistances by a Metre Bridge. 
(C.U.—1963 ; Del. U.—1970 ; Cf. E, P. U.—1963 ; 
And, U.—1971 Pat. U. - 1965 ; U. P, B.—1972) 
Art, 105 38. Define the specific resistance. How wili you determine in 
the laboratory for a wire ? (And U.—1970; U. P, B.—1971) 
Art, 106 39, What is meant by internal resistance of a cell? Explain 
how you would determine it experimentally. (And. U.—1972) 
Art, 106 40. Describe the construction of a Post Office Box and 
explain the principle upon which it works, Draw a diagram showing 
the connection in an experiment with it, 
(Gau, U.—1968 ; Raj, U.—1973; Pat, U.—1969) 
Art, 108 4l. Describe the potentiometer method of comparing 
E.M,F.'s of the cells. Why is this method considered to be more 
accurate than others? (Raj. U.—1964 ; Nag. U.—1971 ; Del. H. S. 
—1965 ; 68, *10 ; Del, U,—1963, 72) 


Art. 108 42, Explein the principle ofa potentiometer. How can it be 
used to measure the internal resistance of a cell? (Del. H. S.—1966) 
Art, 108 43. A potentiometer having a wire 4 metres long is connected 


to the terminals of a battery with steady voltage, A Leclanche’s cell 
gives a null point at 100 cms. Ifthe length of the potentiometer 
wire is increased by 1 meter, find the position of the null point. 

Í (Raj, U,—1968) 


Ans. 125 cms. 


Art, 109 44, Write a note on Platinum Resistance Thermometer. 
(Nag. U.—1973) 


CHAPTER X 
HEATING EFFECT OF CURRENT 
THERMO-ELECTRICITY 


110. Generation of Heat by a Current—When an electric 


` current flows in a conductor, its energy may appear in various 


forms, For example, when a current is used to drive an electric 
motor, a part of the energy is utilised in doing mechanical work. 
Again, when a current is sent through a solution containing a salt 
of metal, the energy is partly used in electrolysing the solution. 
(Vide the next Chapter.) Similarly, when current flows through a 
circuit of conductors, a part of its energy is always used up in 
overcoming the resistance of the circuit. Since energy can never be 
lost, this part reappears in the form of heat at different parts of 
the circuif'in proportion to the amount of resistance overcome. 
The generation of heat due to current can also be explained by 


the electron theory. In solid conductors the passage of current is 
considered to be a continuous drift of electrons under an external 


246 HEATING EFFEOT OF CURRENT CHAP, X 


E. M. F. applied at the ends ofthe conductors. These electorns 
move through the inter-atomic spaces and help the atomic nuclei 
to oscillate. The oscillation of the atoms increases their kinetic 
energy. The rise of temperature of & conductor is due to the 
increased energy of vibration of its atoms. , 


Heat Equivalent of Electrical Energy— When a current flows 
steadily through a given resistance for a known interval, the 
amount of heat developed can be found from theoretical considera- 
tion. Let E be the difference of potentials at the ends of a wire, 


through which Q units of electricity flow during an interval of 
t seconds. 3 


Then the work done W by the charge in time t is EQ ergs. 


But Q=Ct, where C is the strength of the current, 
Hence, W=ECt ergs (110.1) 
=0°Rt ergs ... (110.2) 

Since EC xR, where R is resistance of the wire. 


Now the work done W is always proportional to the heat 
developed H. The constant of proportionality is known as the 
Joule’s equivalent J, which may be defined to be numerically equal 
to the amount of work required to generate one unit of heat, So 
W=JH, where J—4-2 x 107 ergs per calorie in C.G.S. system. 


Hence expressed in calories, Beet. ONE + (110.3) 


pe Mie 

where E, R and C are all expressed in C,G.8. electro-magnetic units. 

Ifo, E and E be given in practical units, then 

C amperes-- C x 10-1 e.m. unita, 
E volts=E x 109 o.m. units and R ohms-R X 10? e.m. unita. 
Ex 108 Q* 2: 
A a ke 2 d calories, 
or H EET x ECt, calories ... (110.4) 
i Cx 10-4)? x (R x 102) 
Also from equation (110.3), p. (CX 1075? x (Rx 105) 
TO: oe ion ( ), 43x10 


on He CR os, X OT Ré calories. 


between the heat generated and the work done in an electrical 
circuit and is applicable to either the whole or a part of the circuit. 


111. ' Joule’s Laws of Production of Heat—' The relation in 


equation (110:5) is called the Joule's Law which may be expressed 
as follows ; i 


t) The amount of heat developed in a conductor in a given interval 
of time is directly proportional to the square of the current strength 
flowing in it ; that is, HC? when R and t are constants. 

(i) The amount 


of heat developed by a given current flowing for a 


(110.5) 
Either of the equations (110.4) and (110.5) expresses the relation 


arr lll 
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given interval is directly proportional to the resi On 
u^ ^E when fond abe eins a n os 
lii amount of heat developed in a conductor due toa given 
current strength is directly proportional to the time during ae the 
current flows ; that is, Hoct, when C and R are constants. 
i From the first part of the law, it follows that the amount of 
eat developed is proportional to the square of the current. If the 
Strength of the current in a conductor is doubled (all other things 
remaining constant), the heat produced would be four times as 
great and 80 on: Also the heat produced isindependent of the direc- 
tion in which the current flows Thu8 heat developed by a current is 
utilised in some instruments in measuring a direct current as well 
28 an alternating current. In the alternating current circuit, the 


. current reverses its directions periodically. 


The second part of the law states that the heat developed is 
proportional to the resistance. Further, since the resistance of a 
Wire varies directly as the length and inversely as the cross-section 
it is evident that for a wire of given thickness the greater is the 
length, the larger is the heat produced in it for a given current 
Again, for the same length and material, the thinner isthewire the 
larger is the heat produced. The filamentof anelectric bulb is made 
very fine, in order that the heat produced is sufficient to make it glow. 

‘The third part of the lawisobvious. The longer is the period for 
which the current flows through any wire, the greater is the heat 
produced in it. It may be noted in this connection that with a rise 
of temperature of the wire a change Of resistance also takes place. 

Verification of Joule’s Law—In order to verify each part of 
Joule’s Law a separate experiment is to be done. 

(a) To show that HacC® ; Take a calorimeter C of known mass 
and nearly fill it with a liquid of low specific heat (for example 
turpentine Fig 156). Find the mass Of the liquid. Take a resistance 
coil R and complete an electrical circuit with this coil with a 


battery of cells, an ammeter, 
a keyand an adjustable rheo- 
stat all in series as shown in 
the diagram, the coil being 
immersed in the liquid. Keep 
the key open intially. Take 
the initial temperature of the 
liquid. Now simultaneously 
start a stop-watch and close 
the key so as to pass current 
through the circnit. Stir the 
liquid ; also note the strength 
of the currentfrom the amme- 
ter. Send the current/(for, say, 
2 minutes) and note the final 
temperature. Knowing the 
jnitial and final temperatures 


Hy 


Fig. 156 


of the calorimeter and its contents, and on knowing their masses 
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and the specific heats. the amount of heat absorbed by the seins 
meter and its content can be found. Repeat the copes 
different currents but always for the same interval of time. ^ 
If for a given time, H, be the heat absorbed for a current C, 
and H, that corresponding to C,, it would be found that 
H, 
ui di tents 
.B. Since d the period, in which the calorimeter and its con 
bib beige eee Diei FERA of heat due to radiation, conduction, etc., the 


heat found to be sbsorbed will not be accurately proportional to the square 
of the current] ? 


=e ie, HocC?. 
2 


(b) To show that 
HecR take two calo- 
rimeters of almost 
equal heat capacities 
and fill them with 
equal quantities of a 
liquid. fmmerse two 
heating coils of resis- 
tances R, and R, res- 
pectively and connect 
them in series (Fig. 
157). Then complete 
the circuit, as before, 
with an ammeter, 


t and a rheo- 
Fig, 157-—Experimental Arrangement ite ery, d 


Pass the current through the calorimeters for a fixed interval 
of time (so as to keep f constant), Since the resistances R, and R, 


are in series, the same current would circulate through both the 
coils (C being made constant). 


IH, and H, be the amounts of heat absorbed within the 
calorimeters and their contents, it is found that 
(Pan he 
bote ien HocR 


N., B, Here also the relation as found experimentally is approximate, 
since some heat is lost due to condaction, radiation, etc.] 


(c) To show that Hoct make an experimental arrangement as in 
(a) keeping the current strength always constant; thus C and R 
are kept constants. Pass the current for two known intervals of 
time, (say, t, and t, Seconds) and find the heat absorbed in each 
case. Then it would be found that " 
H 
DER „i e. Hoct. 
ty ty * 
. 12. Determination of J by Electric Calorimeter— The calori- 


meter consists of a thin Copper vessel A with an ebonite lid C 
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[Fig. 158 (a)]. Two thick pieces of copper wire pass through the 
lid into the calorimeter, The upper ends of the wires are provided 
with binding screw, while to the lower end of the wire a coil of 
known resistance is soldered. There is a hole at the centre of the 
lid for the insertion of a thermometer T and there is another hole 
at the edge, through which the rod S of stirrer passes. The 
calorimeter is made of a thin copper sheet 80 as to reduce its heat 
capacity to a small value. 


B 
iibi 


Fig. 158(a) Fig. 158(b) 
Fig, 158—Joule’s Calorimeter 

The calorimeter with the stirrer is previously weighed. Some 
quantity of liquid (say, turpentine) is poured into the calorimeter, 
so that tbe coil is fully immersed, and the whole is then weighed 
again. The difference in masses gives the amount of the liquid in 
the calorimeter. Then the terminals of the wire are connected in 
series witha battery R,a rheostat S and an ammeter A (Fig. 
158(b)]. :A voltmeter V, which reads the difference of potentials 
directly in volts, is connected across tho heating coil to the bind- 
ing screws. A thermometer T is inserted through the central hole, 
so that its bulb isdipped into the liquid. The initial temperature of 
the liquid is recorded.* The current is then passed for a known 
interval as determined by a stop-watch, and the final temperature 
is noted. During the period of the exchange of heat between the 
heater coil and the liquid, the latter is always to be stirred slowly 
for a uniform distribution of temperature. 

The loss of heat by conduction from the calorimeter and its 
contents may be minimised by covering the outside surface and 
the bottom with a bad conducting substance (e.g. felt or cork). 

Let the current passing through the calorimeter be=C amperes. 
the difference of potentials across the heating coil—E volts, 
the time during which the current flows =t ROCS, 
the mass of the calorimeter and the stirrer =m, gm., 
the speciflc heatof the material of the calorimeter=s,, 
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Let the mass of the liquid in the calorimeter =m, gm. 


the specific heat of the liquid 1M qd g 
the initial temperature of the liquid = ^ft 
and the final temperature of liquid =b, C. 


Then the heat H (in calories} absorbed by the liquid and the 
calorimeter is given by 


Hz (m,$, -m,5,)(0, —6,). 


sou W EOtx10* 1 
Now the heat H given out by the wire imm yg aal, 
when J= ECtx 10% ergs/cal ` ++-(112,1) 


(m.s, "Em, 5,0, 85) 
When the resistance of the heating wire is known, the value of 
J can be found from eqn. (110.3). 


O*Rtx 107 
T = mp a o ergs/oal, «:.(112.2) 
ten 7 aama 0 TE ( 


There is, however, another electrical method due to Callender, 
in which the error due to these losses is reduced to a minimum. 


Examples : 


1, Calculate the amount of heat generated when a current of 2 amperes 
flows for 5 minutes through a wire of 4.2 ohms resistance : given J—4'2x 107 
ergs per calorie. a 


Ans, The heat produced H ina conductor of resistance R ohms, when a 
cutrent of C amperes flows for t seconds, is given by 


2x10; — calories--1200 calories, 


2, A current of 1'6 amperes flows for 5 minutes through a wire of 34 
ohms, resistance immersed in 50 grams of water in a calorimeter of water 
equivalent 10 grams, Calculate the rise in temperature, [Mad, U.—1963] 


Ans. Let the rise of temperature be 0°C, 
Here C=1°6 amps, R—-34 ohms, andt=5x60 secs=300 secs, 
Hence H—(1:6)* x 34x 300x0 24 cal.=696°62 cal, 

Also heat a absorbed=(50+-10)x à cal,=606 cal. 


Thus we drive 60—696:62, whence 6=10'44C (appoximately), 

3. A 220-volts 500-watt aluminium electric kettle weighing 1200 gms. is used 
to boil water from a 220 volt-electric supply. How long willit take to bring 
1 kgm. of water from 30° to the boiling point, assuming all the heat generated 
to be utilised without loss due to radiation, (Sp. he, of aluminium=0"2) 


(Gau. U,~1962) 


uminium kettle of 


000 gms. of water fro: 30°C to 100°C i 
given by H=(1200+.2+1000)(100—30) cal, =(124070) cal, * ° 5 


Assuming that the heat energy produced by elecrricity is utilised ali the time 
in heating th= combination and that no heat is lost from it, the ‘heat energy 
due to electrical current must be equal to H, 


Nowthe heat produced (EGE D'yatte) x (time) x24, 
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Since J=4'2 joules/cal., we obtain the equation 
500-24 xt=1240 70, whence the required time t=12 min. 3% sec, 

4. The ends of a coil o£ 50 ohms resistance are connected toa voltmeter, 
reading 0'5 volt to a division, The coil is immersed in an oil of sp. ht, 0*2, The 
temperature of the coil rises through 20°C, when a current passee through it 
for 15 minures, Calculate the mass of the oil, Voltmeter reads 12 volts while 
current passes. The vessel, in which the coilis contained is of negligible 
heat capacity. 

Ans. Let mass of the oil bem gms. 

Then in usual notations H=0'24XECt, when all are given practical units 
Here E—(12X0'5) volts=6 volts, € =6/50=0:12 amp. ; t={15 X 60) secs.—900 
secs Also H=(m'K0°2 x 20) cal. 

5 0mx02x20—7x012x900x0:24, whence the the desired mass m=38"88 gms. 

5. A Joule’s calorimeter of mass 112-3 gms. contains a coil of resistance 
2'5 ohms, A liquid of mass 982 gms, sndof sp. ht. 0'4 is poured into it, 
On passing a current of 1'6 amp. for five minutes, the rise of temperature is 
found to be 9° C, Calculate the value of J, neglecting the loss of heat by radia- 
tion, conduction, etc, (The specific heat of the material of the calorimeter 


is 0'1.) 
3 (a 

Ans, We know, by eqn. (1103), jax 107 

Here C=1 6 amps, R —2:5 ohms, t=300 secs, 

and H-—(112:3x0'14-98:2x0:4; X 9 cal. 

= Jo A0) x 25 x 300x 107 422x107 jJ 

t J= (123x014 8:2x04)x9 efgs/cal.=4'22 10" ergs per col. 

6, Compare the amounts of'heat developed in the four arms of a balanced 
Wheatstone’s Bridge when the resistance are 100, 10, 400 and 40 ohms, 

Ans. In the Wheatstone’s Bridge let C, be the current flowing through the 
100 and 10 ohms in serics, and C, that through the 400 end 40 ohms in series. 

The quantities of heat gen-rated in the corresponding arms in 1 second 
will be proportional to C,* x 100 : C? x 10: C,*X400 : C,” x 40, 

With reference to Fig. 144, let the arms containing resistance rr, Ta, 7, and 
Ta be resistance 100, 400, 10 and 40 ohms respectivelv, Let the heat energies 
evolved per sec, be H, H, H, and H, respectively, Since the heat evolved 
per second has the general value C'R, 

We have, H,—C,*X110; H,—0,?x400, H, —C,*x10 ; H,— C,* X 40, 

Again for a balanced bridge Va - VE — C,(100-- 10) C, (4004+40) 

4 H C,?x100 C,*x1600 4 
whence Go aj o5 €, —4C,. Thus, Hi (ORE? 100 6,5 430 i 


H, C,*x400 C,*x400 5 
and p G.2x20 C, x160 2 
ces 3 Hy oH = 40 0 Said 

113. Applications of Thermal Effect—The heating effect of electric 
current is utilised in various appliances of every day life, These 
are electric glow lamps, electric stoves, electric furnaces, electric 
irons, ete. s " 

Electric Stoves and Radiators —The heating source consists of 
one or more resistance coils F ofa nickel-chromium combination 
(nichrome) carefully laid whithin a groove of silica or porcelain 
plate R which forms the base of the oven (Fig. 159). The termi- 


4 
similarly mai 
4 
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ls of the heating coil are brought to a socket PP whence the main 
P kende FANE On passing a current from the supply mains, 
the heat generated is sufficiently high asin an ordinary oven. The 
quantity of heat supplied depends upon the wattage of the coils- 


Fig 159 Fig 160 


Electric Furnaces — In small furnaces nichrome or molybdenum 
wires wound over silica tubes are covered externally by fire-clay 
cement. The substance to be heated is placed inside the tube. In 
bigger furnaces, where a still higher temperature is necessary, a 
current is passed between two big carbon electrodes buried within i 
the substance which is to be fused. In aro furnaces the tempera- 
ture attained may be as high as 3500°O, Of late a very swift rise of 
temperature has been attainable in a type of furnace known as 
Induction Furnace used with alternating current supply. 


Safety Fuse —It is device for the controlofthe maximumyimit to 
the current to be passed through an electric circuit. It is a short 
piece of wire F, made of an alloy of tin and lead and having alow 
melting point of about 300°, The wire is generally fitted up ina 
porcelain casing and is connected between two metal connectors 
EM (Fig.160). If the circuit accidentally takes in too large a cur- 
rent the heat developed in fuse wire is sufficient to melt it and 
thereby the circuit is disconnected. Safety fuses are always used 
with power supply circuit. 


Thermo-eleetric Emission—To a greaer degree or less, all 
metals, when heated, emit electrons from their surfaces. This 
property is made use of in operating some forms of thermionic 
valves and X-ray tubes. . 


Uses in Surgery—The heating effect of current is sometimes 
utilised in electric cauterisation and hót fomentations, 


Electric Are—When two conductors, in the form of rods connec- 
ted to a source of large potential difference, are momentarily put 
into contact and then separated, a brilliant light is obtained within 


L 
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the air gap between the conduetors. This is called arc light. The 
carbon arc is the most common in use, It consists of two pencils 
of hard gas carbon C, C fixed with two adjustable stands (Fig. 
161). These two pencils are connected to the supply mains through 
some resistance coils. When the two rods are momentarily 
y made to touch each other, a 

large current flows through 
the point of contact, and 
thereby the ends of the rods 
are heated to incandescence. 
On now separating them 
brilliant light is obtained, the 
current being maintained 
within the arc by the volati- 
lised carbon particles shooting 
out from the high potential 
rod and falling on to the low 
Fig. 161 potentialone. For this reason 

the positive electrode, called 

the crater, gradually assumes a hollow appearance with continued 
use, while the negative electrode bulges out owing to the deposi 
of the particles. ' j 


With the continued use the rods gradually wear out, so that the 
air gap between the electrode becomes toolong and arcing stops. 
Hence adjustments from time to time are necessary for continuous 
sunning of an arc. The minimum voltage, which can work a carbon 
are, is nearly 45 volts, The temperature of the crater is very high, 
ranging between 2500°C and 3000°C. Fig. 161 represents an automa- 
tic arrangement for continuously running an arc. The upper carbon 
pencil is connected to the positive terminal of the mains. The lower 
carbon pencil is fixed at the end of a lever rod L with its fulorum 
at F. The metal rod L is connected by a wire to the negative ter- 
minal of the mains. An insulating rod V carrying a soft iron arma- 
ture A is connected perpendicularly to the lever rod L. Placed near 
the armature, an electromagnet M is connected in parallel with 
the arc. 


So long as current does not flow through the circuit the combined 
weight of the lower carbon pencil and its components drag it down 
and the armature A is pushed to the left, resting against the support 
g. Thus there is an air gap between the carbon pencils. On now 
passing a current, the electro-magnet is charged and the armature is 
drawn to it raising the lower carbon pencil to contact the upper one. 
The arc thus starts short-circuiting the carbon pencil. Tho current 
through the electro-magnet is weakened and the weight of the 
lower carbon pencil makes the necessary separation for the aro to 
continue. Metals ( e.g., copper, iron, eto.) melt in a carbon aro, and 
thereforeelectrio welding is often made in such an are. The practical 
application of a carbon aro is found in search light, light houses, 
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cinema projection apparatus, electric furnace, electric welding, eto. In 
the street lighting system metallic arc lamps are sometimes used. 


Electric Glow Lamps— An electric glow lamp consistsof alength 
of very fiae wire F of a metal of high melting point. This wire is 
called the filament and is enclosed in a glass bulb 
B almost completely exhausted of'air (Fig. 162). 
There isa metaleap S sealed to the upper end 
of the bulb; through this cap two stout metal 
wires E, E, carefully insulated from the cap, pass 
down and are connected to the terminals of the 
filament, When such a lamp is connected to the 
mains through a switch, then on closing the 
switch the main voltage acts through the filament. 
A current thus flows through the lamp and 
thereby makes the filament glow white hot. The 3 
working voltage of a lamp is marked on its body. Fig. 162 


Electric lamps were originally provided with carbon filament. 
But nowadays carbon filaments have been replaced by metal 
filaments due to the following disadvantages of carbon;— 

(i) With use carbon volatalises slowly and particles of carbon 
are deposited on the inside surface of the bulb thus blackening it. 

(ii) Carbon volatalises at nearly 1800"C so that fora bright 
illumination where a still higher temperature is necessary, it is 
unsuitable and the life of the bulb is unduly shortened. 

; B (iit) For a given illuminationcarbonfilamentlamps , 

c consume a larger current than other lamps, 80, 
that the cost of maintenance for the same illumina- 
tion is higher than that of any other type of bulb, 


Nowadays carbon lamps are used mainly as lamp 
resistance. 


Both the metals tungsten and tantalum have 
very high melting points (near about 3000° C) and 
moreover, they are very much ductile, so that very 
fine wire can be drawn out of these metals, For 
this reason they are widely used as lamp filment. 
In vacuum bulbs disintegration of these metals 

Pig. 163 takes place above 2000°C, although to a much less 
degree than carbon. But if some inert gases (such as argon and 
helium with a small percentage of nitrogen ) bs introduced 
within the bulb at a lower pressure, it is found that the illumin- 
ation can be raised higher up for the same consumption of elec- 
trical energy. This type of lamp is called a gas filled or half watt 
lamp, in which the filament is coiled ina short length between 


the two lead wires. On every typeof bulb the voltage and 
wattage under which it gives the desired illumination are marked 
(see Art. 115 ). 


There is another typeof Serew-head bulb, 


known as the? t 
typa, suitable for protable machines and aut: metal 


omobiles To a metal 


d 
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stud B atthe head is connected one terminal of the filament(Fig,163), 
The other terminal of the filament is connected to the metallic 
Screw .9, which is insulated from B. When this bulb is 
fitted into a proper socket the mains are automatically connected 
to the points B and C, so that current flows through the. filament, 


*114.. Progress of Electric Lamps— The earlierattemptat lighting 
produced luminous are between carbon electrodes witha large batt- 
ery of cells, A carbonarchas already been described. But the use of 
the are light for domestic purposes had to be rejected on account 
of the large power required to run it and complicated regulators 
to operate it. In 1847 Jablockhoff devised asort of carbon aro 
which could be operated with alternating current. This he named 
are candle [Fig. 164(a)]. But the power required to run an are 


Fig, 164. Development of Electrical Lamps 


candle was high and the life ofa. carbon rod was very limited 
requiring frequent changing of the rod, For domestic use this was 
the disadvantage of the arc. 

Grove and Moleyns, in 1850, made very thin platinum wiresand 
used them to produce light by passing electric current so as to 
attain a temperature of incandesoence. But they found that due to 
oxidation from atmosphere the wires soon became brittle. Starr 
and King, in 1845, first suggested the utility of prolonging the 
life of the wires by enclosing them in an evacuated glass bulb so 
as to prevent oxidation [Fig. 164(b)]. The first successful carbon 
filament lamp was made by Swan in England in 1878 and 
Edison in America in 1879. The carbon filament F with the bulb is 
shown in Fig. 164(c). 

In 1897 Nernst devised a lamp, the filament of which was made 
of rare earths and which become electrically conduoting after 
being heated to incandescence [Fig. 164(d)]. No vacuum was 
required to prolong the life of the lamp. 

In 1900 with some success Welsbach first made vacuum lamps 
having filament of osmium [Fig. 164(e)]. The lamp could be 
operated ata low power; but it was very brittle. Feuerlein and 
Bolton in 1905 used tantalum filaments ; but as tantalum grew soft 
at high temperatures, it required many supports along its length 
for its stability. Finally, Coolidge in 1909 used tungsten as 
the filament material, which has since then become the standard for 
reasons already stated. The metal is extracted, chiefly from a 
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i khown as wolframite, a tungstate of iron and manganese, 
pied is pibe as China, Korea, California and several other 
places: Pure tungsten appears as a greyish black powder. T 
is compressed into a solid form under hydraulic pressure an 
intense heat and is then finally drawn into wire. 

In vacuum lamps disintegration of the filament material takes 
place due to high temperature. This causes the blackening of the 
pulb so common to carbon lamps. Such disintegration of the 
filament can be minimised by filling the bulb with an inert gas 
such as argon. Further, heat loss by conduction is reduced by 
shaping the fllament in the form of a coil, first introduced by 
Langmuir in 1913. Nowadays the lighting efficiency of the lamps 
has been greatly improved by coiling the coiled filament between 
the two metal electrodes [Fig. 164(f)]. 


Mercury Are Lamp—tt consists of a benttube of quartz having 
two bulbs at the ends (Fig. 165). The bulb 
contains pure mercury and there is an electrode 
sealed to each bulb in communication with the 
mereuryin it. Theelectrodes are connected to 
the supply mains through some adjustable 
resistance. Ordinarily the arc does not start, 
since the bulbs are not in metallic connection 
with eachother. But onslightly tilting thetube 
the mercury from one bulb runs into other 
forming a conducting column. Thereby a large 
current flows through the mercury. The heat 
developed due to the passage of the current 
is sufficient to turn mercury into some vapour 
which forms a permanent conducting medium. 
So long as the current flows, the inside of 
the tube glows with a brilliant bluish light. 
The mercury are isrich inultra violetradiation. 
For this reason ithas a wide application in 
ultra-violet spectroscopy and medical therapy. 
The ultra-violet rays are injurious to the eyes. Fig, 165 
So while workingwith a mereury arc lamp, the worker should be 
provided with coloured glass spectacles, : which absorbs the 
ultra-violet rays to a great extent. There is one straight tube 
type of mercury vapour lamp (widely used for illumination pur- 
poses), called the Cooper-Hewitt lamp. Such lamps may be run 
with direct as well as alternating currents. Illumination from 
such lamp is not injurious to the eye, since the strong ultra-violet 

radiation emitted by mercury vapour is completely absorbed by 
the glass walls of the lamp. 


. 115. Electric Energy and Power—The following terms are used 
in connection with work expended in an electrical circuit. 


.  Work—When Q units of electric charge flow along a conduct- 
ing wire kept at a potential difference V (both expressed in C.G.S: 
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electro-magnetic unit), the amount of work done by the charge is 
given by 
WzQV ergs. 

From the conservation principle an equivalent amountof energy 
must be expended. Hence energy may be defined as the capacity 
of any system for doing work and is expressed in the same unit 
as Work. 

Joule is the practical unit of work or energy and it is 
defined to bethe amount of work done or the energy expended 
when one coulomb of electricity flows through a potential differ- 
ence of one volt. 

Since 1 coulombs-1 x 10-2 C.G.S. e.m.u. of charge, 

1 volt —10* C.G.S. e.m.u. of P. D, 

4 1 joule=10-* x 105, i.e., 107 C.G.S. units of work (or ergs), 

For example, when Q coulombs pass along a wire under a P. D. 
of V volts, the work done is given by 

W=QV joules—10* x QV ergs. 

Power is the rate per second, at which work is done in a circuit, 
or it is the amount of energy supplied per second. If Q e. m, u. 
units of electricity flow fora period of ¢ seconds under a P.D. of 
V e, m. u. then W=QV. 


work done per sec. poweras A. xV=Cx V (in ergs/sec.) 


If V and C are expressed in practical units, 

Power=VC joules/sec. —107 x VC ergs/sec. 

The practical unit of power may be deflned as the power 
expended when one ampere flows under a P.D, of one voli. Thus 
1 watt=1 volt x 1 ampere. 

0l watt—1 joule/sec.—10* ergs/sec. 

The power of an electrical machine is generally expressed in 
terms of a kilowatt which is equal to 1000 watts, For commercial 
purposes the unit of energy, is called the Board of Trade Unit 
(B. T. U), which is kilowatt hour. 

Thus 1 kilowatt-hour=(1000 x 60 x 60) joules==36,000 joules. For 
example, ifa generator of electricity can deliver 500 amperes 
under a P.D. of 220 volts, the power P of the machine is given by 

P=(220 x 500) watts=:1,10,000 watts=110 kilowatts, 

When the machine runs for 10 hours, the number of units (n) 
supplied in B.T.U. is given by 
_ 220x 500 x 10 1100. 

ies JOD RR í 
The rule of conversion into (B.T.U.) kilowatt-hour (kwh) unit is: 


Numberofikwh units% X amperes X hours 


1 
A Horse-Power (H.P.) is the mechanical unit of power and is 
equal to 33,000 foot-pounds of work per minute. 


Pt— II/E—17 
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2. 1H. P.=33,000 ft.-lbs./min.=550 ft. lbs, /see, 
125503 30:48 x 453-6 X981 ergs/sec. 
=746 x 107 ergs/sec.-=746 joules/sec. 

- == 746 watts=(.746 kilowatt. 


Examples: 

1. What should be the resistance of an electric bulb marked ‘40w, 202’? 

Ans. Mark ‘40w, 220v" means that the bulb consumes 40 watts at a P.D, of 
220 volts. 

Let the current, which passes through the bulb, be x ampere, 

Then xX 220=40, whence x—2/11, Thus the current is 2/11 amp. E 

Again from Ohm's Law, if the resistance of the bulb be r obms while it is 
burning, we get 

7—220-—-2/11—1210. So the working resistance is 1210 ohms, 

2. Ten 40 watt electric lamps joined in parallel and connected to 220 volts 

mains are kept lighted for 100 hours, Calculate the number of units consumed. 
(And, U.—1962) 

Ans Since all the lamps are connected in parallel, the voltage across each 
lamp is 220 and each One consumes that rated power. So 10 lamps consume 
400 watts. For 100 hours the amount the energy consumed is 40,000 watt hours, 
Since 1000 watts=1 kilowatt, the number of board of Trade Units=40 kwh. 


3. Asmall electric motor is rated 1/8 H.-P. and is run off at 220 volts 
supply. How much current will it draw from the supply mains when working 
at full capacity ? What will be the cost of running it for 6 hours, ifthe price 
of the electric power be 30 paisa per unit? 

Ans, We have 1/8 H.-P.=746/8 watts. 

Ifthe current be C amp. we must have 220x C=746/8, whence C=0'4, 


Then the number of kwh nite 1200 AXE =0°552. 


4. the required cost=15 paisa (approximately). 

4. A house is installed with 15 lamps, each of resistance 400 ohms working 
under 200 volts, 5 fans each consuming 50 watts and one 1/10 H.-P. electric 
motor, If the average period of consumption of each per day be 6 hours, flad 
the total cost of running them at Re. 020 p. per unit (kilowatt-hour) in a 


months of 30 days. 
Ans, Current consumed by each lamp=220/400 amp,=11/20 amp. 


Ud by 15 lamps (5x15 ) amp,=8 + amp. 


4 power of all the lamps -( m x100) watts=1815 watts, 


Now the power of all the fans=(50x5) watts=250 watts, 
and the power of the electric motor=1/10 H.-P,.=74'6) watts, 


the total power used up =(1815+250+74'6) watts=2139'6 watts. 
So the number of units required in 30 days I ARAO p, 
=385'13 B.T.U. 


Hence the required cost=(335'13x20) p.=Rs. 770'26 p, 

5. An electric fan which consumes 110 watts at full sbecd on 220 volts 
mains, is operated with a regulator of 400 ohms resistance at a fourth of the 
speed, Compare the expensesincurred per month when the fan is used at the 
rate of 10 hours a day in a month of 30 days with and without the regulator, 
given that the speed of the fan is Proportional to the current consumed and 
that the cost of a kilowatt hour unitis Rs. 025 p. Find also the cost of the 
equivalent amouat of energy wasted in the regulator, 


Ans. When working at full speed, the i 
power 10 < 
So the number of units consumed ina month! of 30 daya. ees 


110x 10x30 
=33, Hence the required cost=(33 X25) p.=Rs, 8:25 p. 


n 1000 
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When working at quarter speed with the regulator of 400 ohm in series the 
current also is, by the problem, one-fourth the original. 

Now a 110-w att fan at 220 mains draws 0.5 amp. Hence at quatter speed, 
the current is reduced to 0-125 amp, The voltage drop across the regulator 
is (400x 125) voits=50 volts. So the effective voltage across the fan terminals 
=(220 - 50) volts=170 volts. 


Hence the units of energy consumed by fan only 


170x125 x 10x30 —6315 


t. 1000 

Thus the cost on this head—(6:375x 25) p.— Rs. 1.59 p. (nearly) 
low energy is dissipated in the form of heat from the regulatotat the rate 
of C^R per unit of time. Hence the number of units of energy dissipated in a 
(°125)* x 400x 10x30 .7 
5 1000 miu 


month= Thus on this score the cost=( 15x 25)p. 


Hence the totai cost=Rs, 1°59 p.+47 p, 
—Rs. 2'06 p, 

This amount obviously isa quarter of the cost incutred without the regulator, 

*116. Hot wire Instruments—The linear expansion of a wire 
due to the heating effect of a current is often utilised in the mea- 
surement of current as well as the P. D. in a circuit, Figure 166 
shows the principle of a hot-wire ammeter. The apparatus consists 
ofa metal wire stretched between rigid supports A and B of the 
instrument. One end of a spring M is fixed to point K at the body 
of the instrument, while the other end is attached to the middle 
C ofthe wire being coiled round a drum D capable of rotation. 
A pointer moving over a graduated scale is fixed to the axis of the 
drum and the points A and B are connected 
to two binding screws at the base of the 
instrument. A shunt S is connected in 
parallel with the wire when it is designed to 
measure a current. 


When the binding screws are connected 

to a source having a potential difference, a 
part of the current flows through the wire 
which is thereby heated. The wire is, there- 
fore, elongated in proportion to its rise of 
temperature. Asa consequence itsags down 
owing to the pull of the spring and so the 
drum votates causing a movement of 
Fig. 166 the pointer over the scale. Thus the 
4 of displacement of the pointer gives a measure of 
t developed in the wire. But since the 


amoun tiene 
mount of hea 
as at heat developed is proportional to the square of the 


the amount of rotation of the pointer is also propor- 
eat m square of the current flowing in the wire. But, asa 
matter of fact, the scale is so graduated as to record the actual 
current flowing. Such an instrument has another advantage, in 
that it can measure alternating current as well. A hot wire volt- 
moter is similar in costruction to an ammeter, except that there 
isa high series resistance with the wire in place of shunt. 
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117. Thermo-eleetric effect : Seebeck Effect—T. J. Seebeck 
observed in 1821 that iftwo dissimilar metals be joined together 
at their ends so as to form a closed electrical circuit and if one of 
the junctions be heated, a current flows in adefinite direction with. 
in the circuit. If, on the other hand the other junction is heated, 
the current flows within the circuit in the opposite direction. The 
experiment showed that a current could be produced by maintain- 
ing a difference of temperature at the junctions. The flow ofa 
current indicates the existence of an electromotive force. The 
energy of current is derived from a gain of heat at one junction 
and hence this current is called the thermo-current. The pair of 
metals combined so as to produce a thermo-current is called a 
thermo-couple. The phenomenon of generation of a current in a 
thermo-couple is known as the Seebeck Effect- 


The Seebeck effect can be demonstrated by a simple apparatus 
as shown in Fig. 168, One junction of two thick wires of copper and 
iron is fused together. The other ends of the wires are connected 
toasensitive galvanometer. On heating the junction there is a 


i D 


Fig. 167 Fig, 168 


deflection in the galvanometer, showi 

t 3 > ing that the current*flows 
Find the hot junction from copper to iron. If, however, the same 
june nd be cooled by placing it in melting ice, the galvanometer 
records a deflection in the Opposite direction. The same effect 


strips of lead andiron, one of which is bent i 

lead $ ent in such t 
by su formsa D.like loop (Fig. 167). The y non 
0 € strips are either soldered or rivetted together. Now if a 


In this way Seebeck experi i 

| perimented with couples consisti 
€ us and arranged them in a series pes id 
couple is formed of any two of them, a current flows across the hot 
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junetion from the one occurring earlier to the other. The following 
is a list of metals taken from the Seebeck series :— 


Bismuth Tin 
Nickel Gold 
Platinum Silver 
Copper Tron 
Lead Antimony 


The more distant are the two metals in the series, the larger is 
the current for a given couple and for a given difference of tem- 
peratures. Since the current is due to an electromotive force, it is 
evident that the E. M. F. acting in a couple depends upon the 
nature of the metals in contact as well as upon the difference of 
temperatures of the junctions: Such an electromotive force is 
called the thermo-electromotive force. 

It has been found experimentally that when the temperature of 
one junction is permanently kept at 0*C and that of the other junc- 

tion is gradually raisedthe 
E.M.F. of the thermo-cou- 
ple shows a general varia- 
tion as given by the graph 
in Figure1069. For a certain 
temperature of the hot 
junetion, which is the cha- 
racteristio of every pair, 
the E.M-F. attains a mavi- 
mum value. This tempera- 
ture is called the neutral 
temperature. Beyond the 
neutral temperature the 
0 E.M.F. acting round the 
570°C couple decreases continu- 
n ously, although the hot 
Fig. 169 junction is heated more 
and more. Ultimately at a certain temperature the E.M.F. becomes 
zero and no current flows through the couple. The galvanometer at 
this stage records no deflection. This temperature is known as the 
temperature of inversion, because if the temperature of the hot junc- 
tion is raised still higher, the direction of the current is found 
to be reversed and hence the E.M.F. is also reversed. 


Since the E.M.F-temperature graph appears to be parabolic in 
nature, the relation between these two quantites can be expressed 


in the form E,—al--bt?...... (117,1) 

where E, is the observed electromotive force for a temperature 
difference of {°C between the junctions when the cold junction 
‘is kept at 0°C. The two constants are a and b depending upon 
the metals used as the thermo-couple. When the temperature of 
the hot junction is raised fairly high, the values of a and b 
slightly change. For a considerable range of temperature another 
relation may be more coyeniently used. 


€.m.p.in micro volts 
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Log E,—A log t+B...... ot Mes 2» 
where A and B are two different constants depending up 
the materials used as a couple. Eqn (117,2) can be more simply 

stated in the form E,=Di* where log D=B. 


. Peltier Effeet—A few years after Seebeck’s discovery of 

Py d eurrent, Peltior found that if a current from an 
external source be Antimony Antimon, 
sent through the 
junction of two 
dissimilar metals, 
there is either a ES evolved 
heating or acooling Bismuth —^ 
effect at the junc- j 
tion according to Fig. 170 Fig. 171 
the direction of the current. He further noticed that thejunction, 
which on applying heat sends thermo-electriccurrent in a certain 
direction, absorbs heat when a current from abattery is sent in the 
same direction- Similarly, the junction, which for showing Seebeck 
Effect is to be cooled for a current to flow ina definite direction, 
emits heat when the current is sent in the same direction. Figure 
170 represents a couple consisting of antimony and bismuth. On 
applying heat at any junction, current flows from bismuth to anti- 
mony across that junction. Figure 171 represents the same couple 
in which a current flows from bismuth to antimony. Heat is absor- 
bed at that junction which thereby shows a fall in temperature. 
Such an evolution or absorption of heat due tothe flow of a current 
at a thermo-junction is called the Peltier Effect 


Heat 


There is an important difference between the Peltier effect and 
the Joule Effect for production of heat. 1n Peltier Effect heat is 
either evolved or absorbed depending upon the direction of the 
current and the current may be generated by heat or the heat by 
current. So this an illustration of reversible process between heat and 
electrical energy, whereas the Jonle Effect (i.e. the production of 
heat due to the resistivity of a material) is independent of the 
direction of the current and the heat, thus generated due to the 
flow of current, always dissipates to the surrounding medium. This 
heat cannot be utilised to drive the current in the reverse way, S0 
that the Joule Effect in an illustration of an irreversible process. 


The Peltier Effect can be explained by assuming that there exists 
an E-M F. at the junction of any two dissimilar metals and that 
the magnitude of this E.M.F. depends upon thenatureof the metals 
in contact and the temperature of the junction. When a quantity 
of electricity from an external source is made to flow across the 
junction, the flow of electricity may take place either from the 
lower potential to the higher or from the higher potential to the 
lower. Now, if the electrical charges move from a higher potential 
toa lower one, then taking the chargesto be all positive in nature, 
work is done by electricity in such movement and this work is 
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converted into heat. This heat raises the temperature of the 
shee If, again, electricity is made to move from lower poten- 
ium toa higher one, work is to be expended in such movement. 
in the absence of other external energy, it is the heat of the 
junction that is utilised in moving electricity and so the junction 
gets cooled. 

Thomson Effect—Whenever the ends of a homogeneous conduc- 
tor are kept at different temperatures, an E.M.F- acts within it. In 
some metals the direction of this E.M.F. is from the hot end to the 
cold end, and in some other metals its direction is reversed. The 
existence of such an E.M.F. can be demonstrated by sending a 
current in a definite direction through the conductor, while its 
ends are kept at different temperatures. The totel amount of heat 
produced by the conductor is measured very accurately for a given 
interval. This heat is contributed by the Joule Effect as also by the 
temperature gradient effect. Knowing the resistance as well as the 
applied voltage on the conductor and the time for whichthe current 
flows, we can find the contribution of heat due to Joule Effect. 
Hence the evolution or absorption of heat due to the current flow 
for the temperature gradient may be calculated. This was experi- 
mentally verified by Sir William Thomson, after whom such evo- 
lution or absorption of heat is called the Thomson Effect. 


Explanation of the Thermo electric effect—The presence of thermo- 
electric E.M.F. can be accounted for by assuming the presence of 
free electrons in a conductor. The free electronsmoveabout randomly 
in a conductor and their motion obeys, to a certain approximation, 
the laws of motion of a perfect gas as deduced form the kinetic 
theory of gases, When two metals or conductors form a thermo- 
couple, some of these free electrons (cr electron gas, as they are 
commonly called) diffuse across the junctions. Sincethe densities of 
the electron gas are different in different conductors, the rates of 
diffusion also are different. So due to this process of diffusion one 
conductor becomes positively charged, and the other negatively. 
Again, as these rates of diffusion depend on the temperature of the 
junction and asthe two junctions are at different temperatures, 
there is always a net flow of electrons in the circuit and hence 
there exists a net E M.F. This in short, is the physical inter- 
pretation of the origin of the thermo-electric F.M.F. 

119. Thermopile—It is an instrument for the measurement ofa 


feeble radiant heat working upon the prineipleof thermo-electricity. 
Tt consists of a number of anti- 


mony and bismuth bars alternately 
connected in series in a zigzag Way 
so as to form a pile of bars (Fig. 
172). Hence is the name thermopile 
originally constructed by Nobile. 
6 Each junction of the bars is well 

soldered and. the other parts are 
s of the first and the last antimony and 


Fig. 172 Thermopil: 
insulated. The free endi 
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bismuth rods are connected to two binding screws: The combinat- 
ion is made into a cubical form and enclosed in a conical casing of 
brass. A sensitive galvanometer is joined tothe binding screws. 
The face of the pile turned towards the radiant heat is coated with 
lampblack in order to increase its of heat absorption. 


The purpose of selecting antimony and bismuth asthe metals 
is that they stand at a great distance from each other in the See- 
beck series and hence fora given difference of temperatures the 
E.M.F. generated round the couple would be fairly large. For 0?C 
and 100°C difference of temperatures the E. M.F. ofthe antimony- 
bismuth couple is approximately 7 millivolts. A number of such 
couples are joined in series in order to increase the effective E.M. 
F. like that of a battery of cells. 


A thermopile is very sensitive to a difference of temperatures. 
That is why it is used to measure the solar radiation and compare 
the distribution of the energy in a spectrum. To record directly 
the difference of temperatures of the two faces of the thermopile 
the galvanometer attached to it is sometimes calibrated. 


EXEROISES on CHAPTER X 


Reference 

1. Two similar uniform wites of equal length have diameters Art, 110 
in the ratioof1: 2 and are joined in series, Compare the heat 
produced in the wires, if a steady current is passed through them 


U.P.B,—196 
Ans. 4:1, : 


2. ABCD isa network of resistances of 5,8,7and 16 ohms Art, 110 
takenin order, A battery of 29.9 volts is connected between A 
and C, Find the simple numbers which wil represent the heat 
generated in AB, BC, DC and AD, (Pat. U.—1962) 

Ans. 6.34, 10,15, 6.5, 2,83 calories respectively, 


3. On what does the heating effect on an electric current Art, 110 
depend ? 


A constant current of one ampere flows in a platinum wire of 
resistance 5 ohms stretched along the axis o; 
through which a Steady Stream of water passes at the rate of 15 


4. Two wires of same material but of different lengths and Art, 110 


relations between their lengths and diameter in order that the two 
wires may have the same temperature atany time? 


Ans, The lengths are in the ratio of the 
respective diameters, 


5. State Joule's Law regarding 


square of their 


the devel 
an electrical circuit. Describe how you woul ean deeem, Am UL 


d proceed to verif 
the law, (Del. U.—1962; Pat. U,—1961 "2. — 1961. 
Cf. Del; H, S,—1970) 1'02; Dac, U.—1961 ; 


Art, 112 


Art, 115 


Art, 115 


Art, 115 


Art. 115 
Art, 115 


Art, 115 


Art, 115 


Art, 115 


Art, 115 


Art, 115 
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6, Explain the electrical method of determining the mechani- 
cal equivalent of heat. (P. U.—1969 ; R.P.B.—1970; U.P.B.— 
1964,°72; C. U.—1957 ; Dac, U.—1954 ; E. P. U, - 1973) 

7, Give the construction and explain the use of an arc lamp. 

(Utk U.—1963; De), U.—1$71; U. P, B.—1970) 

8. An electric stove, which has a resistance of 55 ohms, is 
connected to 220 volts mains, Calculate the time required to heat 
a kilogram of water from 34°C to 100°C, assuming that the energy 
generated goes to heat the water. (J=4.2x107 ergs per calorie). 

(Pat. U.—1961) 

Ans. 5 min, 15 sec. 

9. A 220 volt electric tea-kettle takes 990 watts. Calculate 
the resisistance of the heating element and also the time required 
melt and boil away 1 kilogram of ice, assuming a heat loss of 
4% by conduction, radiation, etc. 

Ans, 48.9 ohms; 1 hr. 24 mins. 29 7 sec, (taking L. H. of steam 
as 537 cals.) 

10, Calculate the time taken by 1350 gms. of water at 20°C to 
boilin an electric kettle of 250 volts ; 1500 watts. (Boiling points 
of water=100°C and J=4'2x 107.) (Del, U,—1953) 

Ans, 5 min, 2.4 secs. 

11. Write a note on the function of fuses in electrical 
circuits. (And, U.—1960, '71) 

12. Ten 220.volt half-watt lamps are installed in a house, 
Find the resistance of the combination, the candle-power of each 
lamp being 10. Find also the number of units (kilowatt hours) 
consumed in a month of 30 days, ifthe lamps burn for 5 hours 
a day. 

[ Hint: A half-watt lamp develops 1/2 watt per candle. ] 

Ans. 968 ohms; 7'5 units. 

13. Calculate the resistance of the wire of a heater when 
glowing, marked 220 volts, 500 watts. (E. P, U.—1960) 

Ans, 96.8 ohms. 

14. Explain— 

(a) how electric power is measured and charged for ; 
(P. U.—1963) 
(b) the terms—Watt, Board of Trade Unit ; (Raj U.—1965) 
(c) electric power consumed in a circuit is half a watt. 
(C. U.—1958) 
15. In how much time will the temperature of 100 gm. of 
water be raised from 20°C to 80° with the help of an electric 
heater marked 210 volts and 500 watts, assuming that 4% of 
electric energy goes waste, given J=4,2 10" ergs/calorie ? 
(E. P. U,—1961) 
Ans. 8 mins. 45 secs. 

16, A railway carriage islitup fora 15 volt battery by 12 
lamps, each taking 1,5 amps, and arranged in parallel, Find the 
resista nce of alampand the total power used in lighting the 
compartment. 

Ans. 10 ohms: 270 watts 
17. An incandescent lamp with carbon filament works at 2.5 
watts under a voltage of 20-volts. Find the resistance of the lamp 

and the energy consumed by it in 10 hoursin B. T. U. 
(Raj, U.—1965) 


Ans. 160 ohm ;0.025 B. T, U. 
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18, An electric lump hesaresistance 400 ohms. Itisconnec- Art, 115 
ted toa supply main of 200 volts. If the priceof electric energy 
be 30 paisa per kwh., calculate the cost of lighting the lamp for 
10 hours. 
Ans, 30 paisa. 
19. Three coils of resistances 2, 3 and 4 ohms respectively Arts 
ate joined 15 parallel anda difference of potentials of 10 volts 110 & 115 
is maintained across the system. What current would flow 
and how much energy is transformed in 5 minutes ? 
Ans, 10:8 amps ; 3'24% 10 joules. 
20, Write a not on hot-wire ammeter. Art. 116 
(Nag. U —1963 ; U. P. B,—1972) 
21. Whatis thermo-electric current ? Give an experiment Art, 117 
to show that it varies with temperatures. (E. P. U.—1962) 
22. Compare Peltier Effect with Joule Effect. Art. 118 
(Bom. U.—1965 ; Guj. U.—1973) 
23. Descibe a thermo electric couple and mention some of Arta 
its uses in physical measurements. 117 & 119 
Del, U.—1961,*73 ; C. U.—1962 ; Cf. P. U.— 1967) 
24. Write anote on Seebeck Effect. Art. 117 
(Nag, U.—1970 ; U. P. B.—1962) 
25. Write a note on Thermopile. (V. U.—1953; R, P. B — Art, 119 
1969 ; Pat. U —1965; U. P. B.—1959; E.P.U.—1952 ; 
P. U.—1945, *57,'68 "71 ; B. H. U.—1973) 
26. Write a note on Peltier Effect. (Nag. U.—1971) Art, 118 


CHAPTER XI 
CHEMICAL EFFECT OF CURRENT : ELECTROLYSIS 


120. Electrolysis : Definitions—With the exception of merenry 
pure liquids are, in general, bad conductors of electricity at the 
ordinary temperature, But when there is a metallic salt or an acid 
in solution, the conductivity of the liquid increases. When a salt 
is dissolved in a solution, its molecules are supposed to break up 
into two parts, one of which is positively charged, and the other 
negatively. This process of breaking up a molecule into two parts 
in a solution is called ionic dissociation and each part, containing 
an atom or a group of atoms having some charge, is called an ion. 
If now an electric field is applied in the solution by dipping two 
metal rods kept ata difference of potentials, oppositely charged 
iong move in opposite directions and are completely separated. 
This process of decomposition of a compound by an electric current 
is called electrolysis. The liquid containing the substance in solu- 
tion undergoing decomposition is called the electrolyte. The vessel, 

in which the electrolysis is carried out, is called an electrolytic cell 
or a voltameter. The two metallic conductors, used within a volta- 
meter for the entrance and exit of the current, are called the elec- 
trodes. The electrode, by which current enters the electrolytic 
cell, is called the anode of the Positive electrode, while the other, 


D 
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wherefrom the current leaves the cell, is called the cathode or the 
negative electrode. Ions, which appear at the anode,are called anions, 
while those at the cathode are called cations- 

Since anions move towarda the positive electrode, they must 
carry negative charge. For this reason they are said to be electro, 
negative in character. Fora similar consideration cations are 
considered to carry positive charge and are, therefore, electro- 


positive. Itisfound that hydrogen and metals are electro-positive in 


character. 


121. Electrolysis of Water or of an Acid Solution : Water 


Voltameter— The type of apparatus generally used for electrolysis 
of water is repesented in Figure 173. It consists of glass trough 
V, at the base of which two platinum electrodes E, E are sealed. 
The electrodes are connected to two binding screws T, Tat the 
base. Water, which is ordinarily a poor conductor, is poured into 
the trough. A few drops of sulphuric or hydrochloric acid are, 
therefore, added so as to make itelectrically conducting. Two tubes 
A and B, called the collecting tubes, are filled with water and are 
inverted over the electrodes. They are held vertically by the 
cross-piece C. 


On now allowing an electric current to pass through the 


electrodes, bubbles of gas are immediately seen to rise up within 
the tubes, But the accumulation of the gas in A over the negative 
electrode is always found to be twice in volume with respect to that 
of the other gas which collects in B over the positive electrode. 
On analysing the gas in A, it is found to be hydrogen, and that in 


B oxygen. 

To explain the phenomenon suppose that afew drops ofgulphurio 
acid have been mixed with water. The acid molecules coming in 
contact with water dissociate and each neutral molecule is broken 
up into two parts, electrically charged, and obeys the equation ; 

H,SO« =2Ht 480477 
These two parts, although charged oppositely are 
loosely bound within the solution. As soon asan 
electric field is applied through the electrodes, 
the positively charged hydrogen ions move tow- 
ards the negative electrode, give up their charge 
to that electrode and escape as bubbles. On the 
other hand, the sulphion radical S05, being 
negativelycharged, move towards the anode and 
deliver their charge to this electrode. But since 
a sulphion radical is unstable, it combines with a 
molecule of water at the anode and liberates 
oxygen. The associated chemical equation is ; 
$0,-+H,0=H,80,+0-. 
This is called the secondary reaction at the 


anode. Thus the sulphuric acid molecule returns Fig. 173 
to the original condition and is again dissociated within the solu- 
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i i electrolysis the sulphuric acid molecules are not 
Sota ad it is us electrolysis of water that really takes place 
according to the equation ; 

ux uae ears RENT y X 
ducts are hydrogen at the cathode and oxygen a 

ue "rho ratio of Aue pgs as obtained theoretically, is 
2 to l. But in a practical measurement the ratio obtained is not 
exactly so due to (i) unequal solubility of the two gases in the solu- 
tion, (ii) a small fraction of the evolved hydrogen being occluded 
by the plate and (iii) a minute quantity of the oxygen being trans- 
formed into ozone. The same reasoning and similar equations 
hold good, if any other acid solution in water is taken, 


122. The Electrolysis of Salt Solution ? Copper Voltameter—When 
the salt of a meta] is dissolved in water, a number of molecules of 
the salt is dissociated in the solution. These dissociated parts con- 
vey the electric current during electrolysis and secondary reactions 
sometimes take place at the electrodes. 


Copper Voltameter—It essentially consists of a vessel Œ conta- 
' ining a 15%-22% solution of copper sulphate, in which two copper 
plates are partially dipped (Fig. 174). The tops of the plates are 
connected to two binding screws, through which current can be 
passed. Figure 174 represents a modified form of a copper voltameter, 
in which the anode consistsof a pair of copper plates A,A connected 
together by a single binding screw at E and the cathode K is a 
well-cleansed copper plate placed within the two anode plates but 
not touching them. The cathode is also provided withanother bind- 
ing screw. The two binding screws rise through an ebonite plate 
forming the lid of the voltameter vessel, which is ordinarily made 
of glass. Just before working a voltameter, the 
vessel is nearly filled with copper sulphate solu- 
tion and a current is passed from the anode to 
the cathode through the solution. 

Action—A number of molecules of copper 
sulphate is dissociated in the solution, forming 
two systems of ions, viz., Cu**and SO—. When 
an electric field is applied at the electrodes, the 
positively charged copper ions move towards 
the cathode and are deposited on the plate, At 
the anode secondary reaction takes place, the 
chemical equation being; 

Fig. 174 80,-—-H:0—H,80, -+0--, 


The oxygen thus liberated reacts on ti 
Cutt +0-—=0u0, 
The copper oxide is acted on by H,80, toform 
CuO 4-H,80, —Cu80, +H,0. 
The copper sulphate molecules, asthe 
into solution, The strength of the coppe 


he copper anode. Thus 
coppersulphate : 


yare formed, gradually go 
r sulphate solution, how- 


CO a ole ul 
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ever, remains unaffected, since with every atom of copper being 
deposited on the cathode, a corresponding atom of copper is sep- 
arated from the anode, 


In a similar way a solution of zinc sulphate can be electrolysed. 
In this case the dissociated SO, group at the anode directly acts 


dary reactions both at the anode and atthe cathode. The disso- 
ciated parts are Na and SO,. The chemical action is represented 
thus ; 

At the anode ; S0,— -H20—H,80,4-0--, liberating oxygen. 

At the cathode :Na*-Hs0—N&OH -H*, liberating hydrogen. 

123. Faraday's Laws of Electrolysis—The following are the two 
laws of electrolysis ;— 

(i) The amount of ions liberated from an electrolyte at each elec- 
trode ts proportional to the quantity of electricity which passes through 
tt, i.e., proportional to the Product of the current strength and the time 
during which the current flows. 

(ii) If the same quantity of electricity passes through several elec- 
trolytes, the amount of ions liberated at different electrodes are propor- 
tional to their chemical equivalents. 

Tf Q amount of charge flowing in £ second deposits a quantity W 
of a substance from an electrolyte, then the First Law states : 

WQ, that is to say, W=kQ, where k is a constant. 


Ifthe same amount of charge flowing through a number of 
electrolytes liberates Wi, W,, Ws, etc., grams of various elements 
having chemical equivalents m, m2, ms, the Second Law lays down 
that : 

W, : Wa : Wo*'emi : mg : ma". 

The chemical equivalent of an element is the weight of the element which 
would combine with or replace unit weight of hydrogen, For any element its 
chemical equivalent is nume tically equalto its atomic weightdivided byits valency, 
Thus the chemical equivalent of Silver is m. or 108; that of Copper ls ud ^ 


or 31°75 ; that of Oxygen is 5 or 8; that of Sodium is z »te,, 23, etc, 


The atomic weight of hydrogen is taken to be 1:008, When the chemical 
equivalent of any substance is expressed in grams, itis called the gram equi» 
valent of that element, 

Verification of the Laws—The laws of electrolysis can be verified 
by the following experiments. 

To verify the First Law—Take a copper voltameter. Take out 
the cathode plate and after carefully cleaning and drying it, weigh 
it in a balance. Place it within the voltameter. Connect the volta- 
meter to the terminals of a battery through an ammeter, an 
adjustable resistance and a key. Care is to be taken to ensure that 
the negative pole of the battery is joined to the cathode. 
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Pass a constant current for an interval of ta seconds. Take out 
the cathode plate and weigh it again after carefully washing and 
drying it. The gain in weight of the cathode gives the mass of 
ions deposited in time t1. Repeat the same procedure and pass the 
same current for another interval ¢,. If W, &nd W, give masses 
i.e., the amounts of ions deposited in times f, andi, seconds respec- 
tively, it would be found that 


Mi=, or Wec h so long as the current C is kept constant. 
9 
Next keep the interval fixed and find by the above method the 
amounts of deposit on the cathode for diflerent eurrent strengths 
indicated each time by the ammeter. If Ws and W, denote the 
amounts of ions deposited corresponding to the currents Cs and C, 
respectively, would be found that 
Wan Os 
W Ci 
Thus combining the two relations, we get WocCt, or WocQ. 
The relation is found to be experimentally true for any electrolyte. 


To verify the Second Law—Take a number of voltameters, (Hig. 
175), each containing a different electrolyte, say, silver nitrate 
solution, copper sulphate solution and sulphuric acid. Connect 
them in series with an ammeter A, a rheostat and a battery. All 
the cathode plates should be previously cleansed, dried and then 
weighed. For collection of hydrogen gas during the electrolysis of 
acid solution a graduated tube filled with water should be inverted 
over the negative elelctrode. 

Pass a current for some time. Remove the cathode plate and 
by the previous method 
find the masses of ions 
deposited. For hydrogen 
reduce the volume to nor- 
mal tenperature;and pressure 
(N. T. P.) and then multi- 
ply it by the normal den- 
sity of hydrogen. This 
Fig. 175 oo give the mass of 
Wa, Ws be the amounts of ions diia ndm. liberate Lean 
chemical equivalents, it would be found that— PRA C 


Wi; Wa Ws:em,:ms: ms, when the same current flows 


f y 
porrie N time, ie., for the passage of the same quantity of 


„ée. Woo C, when t is kept constant. 


124, Electro-Chemical Equivalent—Whe i 
for t seconds through an ie trol, Pire d anos S. Wot an 
ion, Merida" law ANUS ectrolyte liberates an amount W of an 


WoC, or WzZOt (124.1) 
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where Z is a constant of proportionality. If O—1 ampere and f=1 
second, then Z is numerically equal to W, in which case it is called 
the electro-chemical equivalent for that particular element. 


The Electro-Chemical Equivalent— ( or, in short E. C. E) of an 
element is its mass in grammes which is liberated when a current 
of one ampere flows for one second through an electrolytic solution 
containing that substance ; i.e., the E. C. E. is the mass liberated 
by the passage of one coulomb of electricity. 


The following table supplies the E. C. E.'s of some common 
elements with their atomic weights and valencies. 


Element | Atomic weight | Valency festi De 
Copper | 63:5 2 0'000329 
Hydrogen 1:008 1 6 000010 
Oxygen 16*0 2 0000033 
Silver 107*8 1 0001118 
Zinc 654 2 (7000339 


Relation between Electro-chemical Equivalents of Elements— 
The E. C, E. of any element oan be theoretically determined from 
the standard value of E C.K. of a substance like hydrogen or silver. 
If W, and W, respresent the quantities of an elements A and that 
of the standard subsiance B liberated by the same amount of 
electricity, we have from Faraday’s Law ; 


W, chemical equivalent of A 
W, chemical equivalent of B * 
But W,=Z,Ct and W,=Z,Ct, 
where Z, and Z, represent the correspoding E. C. E.'s. 


Z, chem. equiv. of A chem, equiv. of A 
^, chem. equiv, of B 9/7875 X. Som. edain 


(124.2) 


Thus Z, being the E. 0. E. of some standard substance, the 
E- C, E. of the other element can be determined with its help. 
The standard substance usually taken is silver, since from solution 
of its salts it can be deposited in a very pure form. 


Examples : 


|. The coil of a tangent galvanometer having 10 turns and radius 5 cms. is 
placed in serier with a copper voltameter. If the dsfl:ction is 60° and H is 0°36 
C. G. S. unit, calculate the weight of the copp:r deposited in 30 minutes. 
(E, C, E. of hydrogen 000001045 ; at. we, of copper (divalent)=63'57,) 


rH 
A. We know that C=5, PX 8, 


-T Ga 3X5x036 
st *MxIO 


tan 60? —0'5 amp. 
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Again, from (1242) the E. C. E. of copper=0 00001045 x $991 09003321. 


Therefore the required weight w is given by 
w=CZt=0°5 x 00003321 x 3060 gm ,—0'2989 gm. 
2. A metal plate has to be coated with 2 gms. of silver electrolytically. 
How long should a current of 4 amperes be passed to produce the deposit ? 
(E. C. E, of silver=0 001118 gm. per coulomb ) [Anna. U.—1961] 
A, Here W=2 gms., Z—0'001118 gm/coulomb and C=4 amps. 


SED zn sabia AM 
the desired time t7 = oni Ti 5 secs,=7 min 27.5 secs. 


3, Inordertotest the reading of an ammeter it was connected in series 
withasllver voltameter and steady current was passed through the two for 
1 hour. The ammeter indicated 0'26 amp. and 1.0062 gms. of silver were depo- 
sited. Was the ammeter reading correct ? If not, what was the error? (E.C.E. 
of silver--0'001118) 

A. The data supplied lead to 

CeO 
0'001118 x 60x60 
So the ammeter did not record correctly, the error being 0°01 amp. 


4, A battery of two Daniell’s cells sends a current through a silver volta- 
meter, Find the amount of silver deposited for 1 gm. of zinc dissolved in each 
cell when the two cellsare (i) in series, (ii) in parallel. (Atomic weight of 
silver=108; atomtic weight of sinc=65) 

Wa chemical equivalent of a 
A. We know that w= chemical equivalent 9 fb 

Nowsilveris monatomic: hence its chemical inc i 

diatomic and so its chemical equivalent is 6512325, iniuria Aina te 


amp,=0'25 amp. 


When the cells are in series, the same current i i 
Hence for 1 gm, of zinc to be dissolved, the E E A A B 
1 _ chemical equivalent of zinc, 32.5 
Wb n n of silver 108° 
whence Wb-3:323 gms. 
But when the cells are in parallel and each cell dissolves 1 gm. of zinc, the 


total charge flowing through the silver voli 
original value. Hence the EETA oak SE Wives Pug eub the 


=(2X 3323) gms. —6'646 gms. 


125. Measurement of Current with a Copper 
relation W=ZCt affords a method of ATORE Siko 
voltameter. Ordinarily a copper voltameteris usedfor this purpose. 
The current to be measured is passed through the voltameter for a 
known interval. The gain in weight W of the cathode plate after 
the current has passed for the interval gives the mass of copper 
deposited. Thus the current strength C ( in amperes ) is given by 


Ga y 
0-000339 xt (125.1) 


Reduction Factor of the Tangent Galvanometer—In ord 
1 t — er to deter- 
mine the reduction factor of the tangent galvanometer,an arrange- 
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ment of apparatus (Figure 176) is made. Abattery B, a voltameter 


V,anadjustable resis- 

: tance Randa galvano- 
meter G with a com- 

| i mutatorK areall con- 
: | nected in series. By 

V famen K suitably adjusting the 


rheostatthedeflection 

Fig. 176 Determination of Reduction Factor of the needle in the 

galvanometer should 

be brought as near to 45° as possible. The current is passed through 

the galvanometer steadily for a known interval (say, t seconds) and 

let the observed deflection be 6°. Then the relation C=10K tan 6 
determines the reduction factor of the tangent galvanometer. 


1f W be the mass of copper deposited on the cathode plate 
during the same interval, we have 


W=Z0i=10KZt tan 6, 
w 
SVE WE ) .. (125.2) 


It is to be noted that the current through the copper voltameter 
should not exceed 1 ampere for every 50.89. cm. of the cathode surface, 
as otherwise the deposit would be fear and might fall dowa 
from the plate in the form of copper granules. This is the maxi- 
mum limit to the current tha? can be safely passed through a 

` copper voltameter. 


whence 


Silver Voltameter —For a moreacourate determination of current, 
silver voltameter is used. It consists essentially of a silver rod or 
a plate serving as anode dipped into solution of pure silver nitrate. 
The cathode is a silver or a platinum cup in which the solution is 
kept. The two electrodes are connected to two binding screws at 
the base of the voltameter, Current being now passed, silver is 
deposited from the solution on the cathodesurface, while the silver 
rod serving as anode gradually goes into solution, keeping the 
current strength constant, 


In order to measure the strength of a current, it is passed 
through the voltameter for a known interval of ¢ seconds and the 
increase in weight W of the cathode is determined in a similar way 
as in the copper voltameter. Then the current is given by 

AW. Ww 
C= 7 = COOLS xT” (126.3) 


Here Z stand for the E. C. E. of silver. The value of the current 
is then obtained in amperes. There is also a maximum limit to the 
amount of current which can be safely measured in a silver volta- 
meter. This limit is 0:3 ampere for every 50 sq. om. of the cathode 
surface. 


Pi—II/E—18 
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Examples 

1. An electric circuit contains a battery, a copper voltameter and a tan- 
gent galvanometer of 30 turns of wire of 24 cms. mean radius, all connected in 
series, If 0'27 gm. of copper is deposited in an hour, the galvanometer deflec- 
tion being 45°, find the horizontal component ofthe earth’s magnetic field. 


(E. C. E. of copper=0°00033 gm, per coulomb.) [Gau. U,—1952] 
A, The current C passing through the galvanometer is given by 
cawl 0'27 


TZ 033x60x60 ^ P.— 221 amp, 
Again, C=10K ten 0=5 Heno, 


Hence §=45° and so tan 0—1, r=24 cms, and n=30, Substituting all the 

known psa we get De TAA 
X24xH_,, LO21TX314x30 0:178 (i 
314x30 70227. where H= 5x24 0:178 (in C.G.S, unit). 

2, A tangent galvanometer is connected in series with a copper voltameter. 
On passing a current for 20 mins., it isfound that the deflection is 45° and 
‘18 gm. of copper is deposited, If the number of turns in the galvanometer is 
14and the mean radius is 11 cms, calculate (i)the reduction factor and (ii) the 
value of H, (E, C. E. of copper —0.00033 gm/coulomb), 

A, The current passing Spe the coppervoltameterisgiven bythe relation 

Ww A 


C= 417 0003310 60 *™P- 
The reduction factor K of the tangent galvanometer is given by 


c ^ 
K^ ran 6 7 10x 00033 10x 6) 709 emu. or '5 amp, 

or, T Dro AH, whence H=0°36 oersted. 3 

*126. Charge carried by an Ion—It was found by Faraday that 
a fixed amount of charge was always required to liberate one gram 
atom of any monovalent substance. The quantity of charge for one 
gram atom ofa divalent substance was double, and that fora 
trivalent substance was triple of that for a monovalent substance. 
He further observed that this fact was quite independent of the 
nature of the ions liberated or of the strength of the electrolytic 
solution. So he was led to think that the charge carried by a monc- 
valent ion might be the minutest possible quantity of charge 
associated with a matter. 

Taking the electro-chemical equivalent of silver to be 0.0011183 
gm./coulomb and its gram atom to be 107.88 gms. the amount 
of electricity required to liberate one gram atom of silver is found 


107-88 
io be -001li8g 790470 coulombs. 


This is called the Faraday constant and is the same for every 
gram atom ofa monovalent substance. For a divalent element this 
quantity isdoubled. If onegram atom of substancecontains n atoms 
and if e be the amount of charge carried by each atom in solution, 
(7.6, ion),then t 

ne=96470 coulombs. 
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The value ofn has been investigated by Avogadro, Perrin and 
others, the mean value being 6.0223 1023, Hence the charge e 
carried by a monovalent ion is given by 
e= RBAID, coulomb=1.59 x 10-1° coulomb=4.77 x 10-20 8. ù 

6.02 x 1023 a u. LE e. 8. ù. 


of charge. 


Thus an electro-negative monovalent ion carries an amount of. 
charge—e and an electro-positive monovalent ion curries--e. The 
smallest antount of negative charge, which has since been found in 
Various ways, is the charge associated with an electron. Professor 
R. A. Millikan (1868—1953) measured the absolute value of the 
charge of an'electron which was found to be 4776 x 1071? e, s, u, 
of negative charge and its positive counterpart, which is called a 
positron, has also the same amount of positive charge. Therefore 
the fundamental unit of electric charge may be said to be 
1.59x10-5? coulomb or 4:776x10-° e. s: u. of charge. More 
recent determination: of electronic charge has given a slightly 
altered value of 4-802 x10-2° e,s.u. of negative charge, 


127. Secondary Cell—It has already been mentioned that if 
during the chemical action within a cell a film of ions is deposited 
80 as to alter the nature of the surface of the electrode, the current 
is considerably weakened. The effect is ascribed to polarisation,t e, 
to the deposit of anelectro-positiveelement on an electro-negative 
surface or vice-versa. This effect produces the back E. M. F. ina 
cell. A similar effect is also noticed within some voltameter, when 
a current is passed through them. For example, when an acid 
solutionis electrolysed in a water voltameter, a film of hydrogen is 
deposited on the cathode surface producing a field within the 
voltameter in opposition to the original field. The magnitude of 
the back E M. E. in this case is about 1.47 volts. But it must be 
remembered that during the electrolysis ina copper voltameter there 
is no such back E. M. F., since the deposit of copper on the copper 
electrode does not alter the nature of the electrode surface. 


The production of back E.M.F. during the polarisation within 
the voltameter has been utilised in construction of secondary cells, 
The current from an external source is first passed through these 
cells, when the electrodes are polarised and are charged up toa 
difference of potential depending upon the nature of the electodes 
and the electrolytes. If now, disconnecting the external source of 
E.M.F. the electrodes are connected by a wire, the current is found 
to flow in the opposite direction. Thus these cella behave as if they 
are reservoirs of electricity. For this reason they are called 
storage cells or accumulators. 


Lead accumulators—This type of cell was first designed by Plante 
in 1860 and was subsequently modified by Faure in 1881. In its 
improved form it consists of two lead plates, coated with red lead 
(Pb, 0«) or morefrequently with litharge(PbO), dipped into a dilute 
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‘solution of sulphuric acid. There is a chemical reaction between a 
parbof lead oxide andthe acid,the associated chemical equation being 
PbO+H2804=PbS80z+H20, 


Thus initially both the platescontaina mixtureof lead monoxide 
(litharge) and lead sulphate. T 

In order to charge the cell a current from an external source is 
passed through the cell when the acidulated water is electolysed, 
‘evolving hydrogen atthe cathode and oxygenattheanode. The gases 
react with the electrodes according to the following equations,— 


When charging the plates . 

At the positive plate: PbSO4--O* -FHs0—Pb0Os* --HsS0« 
and at the negative plate: PbSO4-I-2H-—Pb---Hs804.' 

When the charging is complete, thepositive plate becomes coated 
withleadperoxide, whilethenegativeplateis reduced tosponzy lead. 
The plates are now polarised, when the back E.M.F acts within the 
cell fromPb toPbOs. On now making anexternalconnection between 
the two electrodes the current through the Communicating wire flows 
from PbOs to Pb, evolving hydrogen at PbOs and oxygen at Pb. 


There are also secondary reactions between the gases evolved 


and the electrodes according to the following equations:— +» 
During discharge— 
at the positive plate : Pb0,*--2H-—PbO +H20 


(0 PbOJ-Hs804—PbSO.-LH30 
PbOs*--Hs80.-L-2H- -—PbS0:--2H:0 

at the negative plate : Pb---0* — PbO. 
PbO i- H«804 zxPbS0.4--Hs0 
PO -FH28044- OF —PbSO.--H,O 

Hence when the cell isfully discharged, the plates become 
uncharged and the original condition of the plates is restored 
when it requires a fresh charging. 


In, practice, however, instead of two plates, there is with an 
aceumulator a series of parallel plates of lead 
alternately connected to the two electrodes 
(Fig. 177). Each face of the plate is provided 
with grids or networks, to which & paste of 
litharge is pressed (Fig. 178). It will be 
noticed from the equations at charging, that 
molecules of H2SO. are formed within the 
solution, so that when thecellis fully charged, 
the specific gravity of the solution rises to 
about 1-28, and thatwhen completely dischar- 
ged, it falls to about1-15. Hence theelectrical 
condition of the cell can be approximately 
Fig. 177 judged by measuring the specific gravity of 
Adeutulator the electrolyte which should not be allowed 
EIN i to fall below 1-18. For an efficient working of 
the cell it requires to be refilled with fresh acid solution from time 


*, summing up, 


ART. 127 CHEMICAL EFFECTS OF CURRENT 277 


to time. The E.M,F. of fully charged storage cell is about 2-2volta. 
With use it drops down to 1:8 volts when it requires a fresh charg- 
ing. The cell may be damaged if any further current is taken from it 
at this stage. Due to the large effective area of the plates and their 
close proximity the internal resistance of the 
cell is very small and is just a small fraction of 
an ohm; hence a large current may be obtained 
from it. If the cell is short-circuited, a large 
current flows through it ; this causes the paste 
to fall off and thus the cell gets damaged. The 
capacity of an accumulator is given in ampere- 
hours. This indicates the total amount of elec- 
tricity it can supply, before it requires a 
recharging, Thus an accumulator, having a 
capacity of 45 amperehours, can supply 45x 60 Fig. 178 

x60 or 152000 coulombs of charge safely. This 

means that it can supply current of 2-25 amperes for 20 hours, or a 
current of 1 ampere for 45 hours, and so on, In general, storage 
cells having larger capacity are provided with larger number of 
plates. There may be as many as 17 plates in large accumulators. 

Nickel iron Accumulator—This type of cell was first constructed 
by Edison. It consists of plates of nickel and iron dipped in & 
concentrated solution of potassium hydroxide. To charge the cell, 
a current from an external source is sent through the cell from 
the iron plate, when the positive plate is covered with nickel 
oxide NisOs. 

If now the plates are connected by a wire a current fiows in 
+ the external circuit from the positive nickel plate to the negative 
iron plate. During discharge, Ni,Os is reduced to NiO and Fe is 
converted to FeO. In a recent type of Edison's cell the replace- 
ment of zine or cadmium plates for iron has been found more 
efficient. Since the electrolyte of such a cell is an alkali, it goes 
also by the name of alkali cell. 

Much larger current can be taken from alkaline accumulators 
without any risk of damage. But its E. M. F. falls continuously 
with use. As compared to a lead accumulator, it has a longer life 
and is more robust in structure, but is not damaged by an 
accidental reverse charge. A lead accumulator has a current-bearing 
capacity of 4 amp.-hours per lb. at 2 volts, while an Edison 

accumulator has a capacity of 12 amp.-hour per Ib. at 1'2 volts. 

Use of an Accumnulator—Accumulators are largely used in 
laboratories, in internal combustion engines such as motor.ears, 
aeroplanes, etc,, and also in train-lighting. 

#128. Applications of Electrolysis—This effect of electrolysis is 
used for various technical and commercial purposes. 

Extraction of Metale—Some metals (e.g., sodium, aluminium 
ete.) are extracted from the fused saltsby a process of electrolysis. 
Electrodes of some substances (as those of the salt) are introduced 
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within the molten salts and on passing a current through them, the 
metal is liberated at the cathode. 


Analysis by Electrolysis—For analysis of some compounds in 
liquid form, the principle of electrolysis is often utilised, ¢.g., to 
determine the volumetric composition of HOI, HNOs, ete. 


Electroplating—It is process of depositing a thin film of a metal 
on any conducting substance by electrolysis. The substance to be 
electroplated is thoroughly cleansed and is then suspended with 
copper wirewithin thesolution of a saltof the metal to be deposited. 
A rod of thesame metalis dipped into the otherpart of thesolution. 
A current is then passed through the solution in such a direction 
that the metal rod forms the anode and the substance forms the 
cathode. ‘ 


The metallic ionsinsolution, being electro-positive,movetowards 
the cathode and are deposited on the substance, while the anode 
gradually dissolves and maintains the strength of the solution. In 
electro-depositing a metal thecurrent used must be small, as other- 
wise the deposit would notbe hardand durable; moreover,theusual 
colour of the metal would not be preserved. Themetal mostsuitable 
for eleotro-deposition are nickel, silver,gold, copperand chromium. 


Eletrotyping—For securing exact copies of engraved blocks on 
metals the process of electro-deposition is utilised. For the purpose 
a mould of the block is first prepared from some soft material 
(eg: wax, gutta-percha, etc.), against which the block is pressed 
to get an impression. The surface of the mould is then coated 
with powdered graphite or bronze so as to make it conducting. 
It is then lowered into an electroplating voltameter containing a 
solution of copper sulphate. A current is then passed from a 
copper anode to the mould which acts as the cathode. When the 
deposit is sufficiently thick so as to form a sheet, the mould is 
taken out of the voltameter. The surface of the sheet facing the 
mould gives an exact reproduction of the block. 


*129. Theory of Electrolysis—The earlier theory regarding the 
behaviour of substance in solution during the process of electrolysis 
was advanced by Grotthus. According to him, the molecules of a 
Substance in solution preserve their individual nature and exist 
within the intra-molecular spaces of the solvent, When such a 
solution is kept in an electrolytic cell and the electrodes are 
connected to the terminals of a battery of cells, an electric field is 
set up within the solution between the electrodes. The molecules 
of the substance in solution behave as small conductors insulated 
from each other; so equal and opposite charges are induced on 
each molecule. Further, they are arranged in rows extending from 
one electrode to the other with their negatively charged ends all 
turned towards the Positive electrode, and the positively charged 
ends towards the negative electrode. The arrangement of molecules 


at this stage resembles the ideal liner alignment of molecular 
Magnets in  bar-magnet, s 
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When the potential difference between the: electrodes ( and 
consequently the intensity of the electric field within the solution) 
exceeds a certain critical value, the electrical attraction between 
the electrodes and their adjacent molecules is sufficiently high to 
break each euch molecule into two oppositely charged parts. The 
negatively charged part is either deposited on the positive elec- 
trode or else given off as bubbles. The positive part of this mole- 
cule attacks the next molecule behind it and tears away its nega- 
tive part, thus relasing again a positive part which in its turn 
attacks the molecule behind it, and so on. This process of attacking 
and releasing continues from molecule to molecule till the negative 
electrode is reached, where the last positive part delivers its 
charge and is deposited. This process of interaction is continued 
within the solution the strength of which remains unchanged. This 
explains the deposite of ions by the passage of current through an 
electrolyte. But this theory fails to explain some phenomena e.g., 
conduotivity of solutions, unequal concentration ofa solution at 
the electrodes during electrolysis, ete. Subsequently, it has been 
found that the actual potential difference required to break up a 
neutral molecule of a substance into oppositely charged ions is 
much greater than the potential difference required to send a 
current through the solution of the substance. This it proved 
improbable that the molecules ofa substance in solution were. 
brokenup by theinductive effectofthe field between the electrodes. 


The later theory, known as the ionic theory, was advanced by 
Svante Arrhenius ( 1859-1927 ) in 1887. According to him, each 
molecule of a substance in solution automatically breaks up into 
oppositely charged components or ions, This automatic separation 

‘ation. The amount of dissociation 


of the ions is called ionic dissoct 
depends upon the amount of a substance as well as on its solubility 


in the particular solute, When a potential difference is sot up 
between the electrodes within the solution, ions carrying nega- 
tive charge move towards the positive electrode and those having 
positive charge move towards the cathode. The current through 
the solution is due to the simultaneous movement of positive and 
negative charges in opposite directions within it. As soen as the 
ions reach a particular electrode, they give up their charges to 
the latter and are either deposited as elements or is sometimes 
chemically acted on by the solute, in which case another element 
is formed and is evolved. : 

Irrespective of the nature of the solution, all monovalent ions 
carry the same amount of charge, i.e.,4-802 x 107 ? e.s-u. of charge 
which is equal to the charge ofan electron. Divalent and triva- 
lent ions carry respectively double and triple the amounts of this 
elementary charge. This fact led Faraday to suppose that like 
matter, electricity might be atomic in character ; the ultimate 
unit of electricity might be that possessed by a single monovalent 
jon. Later on, Johnstone Stoney ( 1826-1911 ) first succeeded in 
measuring the charge of an ion by the process of electrolysis. 


280 INTERMEDIATE PHYSICS 


CHAP, XI 


The word ‘electron’ referring to the ulimate unit of electricity 


owes its name to him. 


EXERCISES ON CHAPTER XI 


1. Describe the Principle of a voltameter, 


2. State and explain Faraday's Laws of Electrolysis, (C. U,— 
1958, 760; Pat, U.—1957, '63 ; Gau, U.—1952, 65 : P,U.—1955, 
*12; Del. U.—1952, '71 ; Del. H. S »—1964) 

3. State Faraday's Laws of Electrolysis. Show how you would 
erify the laws. (B, H. U.—1950, ^51; Nag. U.—1953 ; C.U.—1959, 


Dac. U.—1957 ; Pat, U.—1958, *62, *64, *69) 


4. Caleulate the value of the current required to deposit 
0.972 gm. of chromium in 3 hours, if the E, C, E, of chromium is 
000018 gm. per coulomb. E 


A. 0°5 amp. 


(Take E. C. E. of hydrogen to be '00001045 and that of 
oxygen to be :000038) 
A.2:38 ; 4 hr. min, (nearly) 


6. A.current Passing through a copper voltameter and 
tangent galvanometer deposits O'27gm, of copper per hour and 
Produces a deflection of 45°. The radius of the coil of the gal- 
vanometer is 16 cm. Find the number of turns, (H—0:179 oersted.) 

A, 20. 


through a tangent galvano- 
meter and a copper voltameterin series produces a deflection of 


45° in the galvanometer and liberates 0:3 gm, of copper in 

minutes, The galvanometer Coil consists of 4 turns of wire, 

each of 10 cm, radius, What value does this experiment give for 

the horizonatal component of the earth's magnetic field? (E C. 

E. of copper=0'000319 gm, per coulomb.) (Pat,U,—1954) 
A. 0°19! oersted, 


8. In acopper voltameter the mass of copper deposited is 
15 gm, in 10 minutes, If the E. C, B. of copper is ‘000328 gm, per 
coulomb, find the avetage current flowing through the volta- 


(Del. U.—1962) 
A. 162 amp. 


9, How long should One pass half an ampere of current in a 
silver voltameter to geta deposit of 0'22366 2m. of silver, the 
E, C, E, of silver being 0*0011183 gm. coulomb, 


A. 3 min. 20 sec, 


deflection of 58°, (The value of H=0 
0000338 gm, per coulomb) 


A. 2'646 gm, 


. 


Reference 
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Art. 123 


Art. 123 


Art, 123 


Art, 125 


Art, 125 
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11, Calculate the time taken to deposit a costing of nickel 
0°05 cm, thick ona metal surface by means of a current of 20 
amp. Pet sq. inch of surface (E. C. E, of nickel 0:000305 gm/cou- 
lomb and its density=9 gm/c.c.) 

A. 7 min. 56. sec. (nearly) 


12. A copper voltemeter is connected to a wire of resistance 
22 obmsin series. The wire is immersed in 350 gm. of water. 
When a current is passed, it isfound that 66 gm. of copper are 
deposited in 20 minutes. Find the rise in temperature of water, 
being given E,C.E, of copper=-00033 gm. per coulomb, 

A. 63'5°C (nearly). 


13. Calculste the number of coulombs required to decompose 
1 gm of water. How long will it teke to do this with a current’ 
of one ampere? (Take Faraday constant=97500)  ' 

A. 10722 ; 2 hrs, 58 mins. 42 secs. 


14. Describe how you would find experimentally the ratio of 
the clectro-chemical equivalent of hydrogen and copper. 


(All. U.—1949 ; G, U.—1960 ; Pat, U,—1962 ; Cf. Mad, U 1960) 

15. A plece of metsl weighing 2000 gm, is to be electroplated 
with 2'5% of its weight by gold. Ifthe current isl amp. and 
E.C.E. of gold is '0008 gm./coulomb, how long will it take to. 
deposit the required weight of gold? 


A. 20h, 25 m 29 sec, 


16. Explain ‘Reduction factor’ of a, tangent glavanometer. 
Describe how the reduction factor of a tangent galvanometer may 
be determined by using a copper voltameter, 

(Pat, U.—1954 : C, U.—1959) 

17. What is Faraday's constant? How is it related to the 
electro-chemical equivalent of a radical ? 

(Bom. U,—1954 ; Guj. U.—1961 ; Cf, Poo. U.—1963) 

18, Three copper voltameters in parallel are connected to the 
ends of a battery with a resistance. If after 38 minutes the deposita 
are 0'763, 0742 and 0786 gm. respectively, find the strength of 
current drawn from the battery. (E. C. E, of copper-0'0030 gm. 
per coulomb.) 

A. 386amp. 

19, Describe the action and working of a lead accumulator, 

(Del. U.—1959. 70; P. U.—1952, 61, Dac. U.—1952, 
. B. H. U.—i952, Del. H. 5.—1969, C. U.—1955, '63) 


20. Write an essay on Edison's accumulator, (P.U.—1966) 
21, Briefly describe, giving clear diagrams, silver plating ofa 
pair of spoons, (P.U.—1967) 


22. How willyouproceed to deposit silverona copper vessel? 
Find the strength of the current which will deposit 2 gm, of silver 


in 20 minutes, (AIL. U.—1950) 
LA. 146amp. 
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CHAPTER XII 
ELECTRO-MAGNETIC INDUCTION 


130. Induced Current—In 1838, Michael Faraday ( 1791-1857 ) 
observed that if a magnet be moved near a closed coil of wire 
or if a coil be moved near a magnet, a current is momentarialy 
produced within the coil. The same effect is observed, if instead 
of a permanent magnet a solenoid or an electro-magnet is em- 
ployed or even if the strength of the current through the solenoid 
is altered. This phenomenon of production of current is called 
electro-magnetic induction*and the current thus produced is called 
the induced current. ° 


Production of induced current—The induced currents generated 
` either by a permanent magnet orbyanother coil carrying a current 
may be classified in the following way: 

(i) Current induced by a magnet —A coil C of a few turns of 
Wire is connected to a sensitive galvanometer G ( Fig. 180 ). On 
suddenly introducing any pole of a magnet ^Y 
within the coil, thegalvanometer records a QT 
throw indicating that the current induced 
Within the coil is transient. If the motion 
of the magnet is stopped, the galvanometer 
shows no deflection ; thisindicates that the 
current is stopped. Again, if the magnet 
be withdrawn from the coil rapidly, the j 
galvanometerrecords athrow, but this time Fig, 180 
in the opposite direction ; this shows that 
the direction of this transient current now circulating within the 
coil is opposite. 

The same effects are observed, if the magnet is held fixed and 
the coil is moved. In all the above cases it isto be noticed that 
as long as there is a relative motion between the magnet and the 
coil, an induced current flows. Further, when the relative motion 
is slow, the current induced is small, Hence the strength of the 
current generated depends upon therapidity of the relative motion, 
i'e., upon the rate of change of the relative position of the magnet 
and the coil. $ 

(i) Current induced by a current—P is a solenoid connected to 
a battery B through an adjustable resistance R and a key, and S is 
a bigger coil of many turns of wire connected to a sensitive galva- 
nometer G (Fig 181). The coil P,, which carries the current from 
an external source, is called the Primary coil, and the coil S, in 
which the current is induced, is called the Secondary coil. In 
connection with the experimentsgiven below, it willbe remembered 
that the current to the Secondary ia said to be direct when it flows 
in the same direction as in the primary, and inverse when it flows 
in the opposite direction. 

In order to make a preliminary determination of the direotion 
of current in the secondary from thedeflectionofthe galvanometer 

, 
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insert a cell with a suitable resistancein the secondary circuit and 
notice the direction of deflection of the galvanometer. Then trace 
the direction offlow of the 
eurrentthroughthesecon- 
dary: If it be clockwise, 
theninallsubsequent ex- 
periments a deflection in 
the galvanometer in the 
same direction indicates a 
clockwise direction ofthe 
current in the secondary. 
(1) Rapidly thrust the 
primary circuit withinthe 
secondary. Observe that 
there is an instantaneous 
deflection inthe galvano- 
meter and not its direc- 
tion. It would be found 
that the induced current 
is momentary as well as 
inverse. Nowrapidly with- : Pig. 181 i 
draw the primary from the secondary. Observe that the current 
induced in the secondary is instantaneous and direct. 


(2) Again, keep the primary within the secondary, close the 
primary circuit and observe the direction of deflection of the gal- 
vanometer ; it would be found that the induced current is inverse. 
The same effect is observed, if, the current within the primary is 
increased by altering the resistance R. Now disconnectthe primary 
circuit and observe that an instantaneous direct current is induced 
in the secondary. The same effect is observed by decreasing the 
current in the primary. Thus, af make in the primary a momen- 
tary inverse current is induced in the secondary and at break in 
the primary thero is a momentary direct current is the secondary. 


It is to be noted that in the case of a magnetic pole approaching 
or receding from the secondary, the direction of the solenoidal 
current round the pole is to be taken into consideration. 

The result of the foregoing experiments may be briefly tabula- 
ted as follows : 


Current induced in the Secondary 


Inducing 
, Instantaneous& Inverse Instantaneous & Direct 
Magnet (i) when approaching (i) when receding 
current , (ii) when circuit com- (fi) when circuit disconnected 
pleted (i,¢,, at make) (i.e., at break) 
(iii) when increasing (iii) when diminishing - 
in strength in strength 


a 
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131.  Faraday's Laws of Electro-magnetie — Induction On 
investigating the facts given above, Faraday enunoiated thefollow- 
ing general laws : 


(i) Whenever the number of magnetic lines of force through any 
closed circuit changes, an induced current flows through the circuit so 
long as such a change takes place. An increase in the number of 
lines of force produces an inverse current, while a decrease of such 
lines produces a direct current. 


(ii) The magnitude of the induced E. M.F. produced in-a coil 
is directly proportional to the rate at which the number of lines of 
force or the magnetic flux through the coil changes. 


Explanation of Faraday's Laws- (First Law)--If P represents 
the primary coil of a single turn of wire, the face of the coil, on 
which current flows in an anti-clockwise direction, behaves as the 
north pole and the distribution of the lines of the force from 
this face is represented as in Figure )82, If now a secondary 
coil S be gradually moved froma distance towards the primary, 
it is evident that more and more lines of force would be embraced 
by the secondary coil due to its advance. Thus the number of lines 
of force passing through the coil increases, producing thereby an 
instantaneous inverse current. The total number of lines of force 
passing through a circuit at any instant is called the magetic’ flux 
linked with the circuit at that instant. If, again, the secondary 
is kept fixed, while tho primary is brought 
nearer, the finx also increases producing 
the inverse current. 

An increase of flux can also be produced 
in the secondary by suddenly completing the 
primary circuit or by increasing the current 
strength in the primary. The best effect is 
observed, when the primary coil is placed 
withia the secondary coil. Since in so far as 
the outside effects are concerned, there is no 
essential difference between a solenoid and a 

Fig, 182. permanent magnet, the production of induced 
K ^ current by the motion of magnet can also bo 
explained in a similar way- : 


When the relative distance between the primary coil and the 
secondary increases, or when the current in the primary isreduced, 
the flux in the secondary decreases. Thus the flow of the induced 
current is instantaneous and direct. The unit of flux in electro- 
magnetic system is called a maxwell. 

Second Law :-The flow of a current in a circuit is due: to the 
generation of an EM. F. induced in that circuit.: Therefore, 
when the magnetic flux in a circuit changes, an induced E. M. F, 
acts round the circuit. Let the number of lines of force passing 
through the secondary ofasingle turn of wire at any instant 
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be Ni and that at any subsequent instant be Na. Let the 
interval, during which such a change takes place, beg. Thus the 
initial fiux is N,, and the final flux is Ne. Then the rate of change 


1 


of flux is ape The second law gives thate, the induced 


E. M, F. Des Or e=a. SL 
where a is a constant of proportionality.’ 

In the electro magnetic system, a=1. Therefore the induced 
E M.F. is, in magnitude, equal to the rate at which the number 
of magnetic lines of forces changes through the coil. 

Now two cases may arise in which the flux linked with the coil 
may be increasing or diminishing. : 

Case I. N,>N,,80 that N, —N, is positive. We know from 
the First Law that the inJuced current is inverse and hence ths 
induced E. M. F ¢ also is inverse ; so with the proper sign attached, 


, Or — .. (131.2) 
Case II. N,«cN,.80 that N,—N, is negative, Then the Firat 
Law states that the induced E. M. F. is direct. Hence attending 


to the proper sign, gg Fc A ARLS) 


.. (181-1) 


It is to be noticed that in both the cases the induced E.M.¥. 4s 
equal to the rate of change of flux with the sign changed. 


If tho secondary coil consists of n turns and if the change of 
flux is N,—N,, which is=N(say), is liaked with every turn of 
the secondary, the total flux is Nn and the induced E, M, F. is 
given by : " 


) ee (in e.m.u.) 


Na 1 
Expressed in volta e=— 7> X joe ' (13144) 
Example— 


A coil of 150 turas and radius 15 cm. is interlinked with a field of 12,000 gauss. 
This decreases steadily to z:ro in 6 seconds, Whatis the E.M,F, induced ? 

[Gau, U.—1963] 

A. Since the radius of the coil=15 cm., the erea for each turn of the coil 


—(3:14x 15?) sq. cm. i 
: The Mera eid with each turn (12,000x 5:14 x 15^ ) gauss, 


Nn, 150x 12,000 x 314 x 225 
t 


s the required E, M.F.— 6 — —e,D.li, 


.150x 12000 x 3114 x 225 
, n 6x10* i 

132. Lenz's Law—The direction of the induced current can be 
directly obtained from Lenz’s law which may be stated thus :_ 


volts—2:12 volts 
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Inall cases of électro-magnetic induction the direction of the 
induced current is such that it always tends to oppose the very cause 
to which the induced current is due. 


Consider the application of the law in different cases ofelectro- 
magnetic induction. Take the case of the north pole of a magnet 
or of a solenoid approaching a secondary coil. The generation of the 
induced current in this case is due to the motion of the agent 
employed. By Lenz’s Law, the direction of the induced current in 
the secondary must be such that the polarity created at the face of 
the secondary towards the primary would oppose the approach of 
the north pole towards it. This is possible, only when this face of 
the secondary, when seen from the side of the approching pole, is 
anticlockwise. Further, the direction of current of the north pole 
of the solenoid or of the Amperean current on the north poleof the 
magnet as seen from the scondary would appear anti-clokwise and 
so would appear clockwise when seen from the magnet. Hence the 
direction of the induced current is inverse. 


Again, when the north pole is receding from the secondary, the 
induced current tends to oppose the motion and fromisimilar consi- 
derations it is found that the direction of the induced current must 
be direct. The above facts hold equally true, when the primary 
coil is fixed and the secondary coil is in motion. 


These facts can also be explained fromthe laws of parallel 
currents. When the parimary coil is approaching the secondray, a 
repulion takes place between the parallel parts of the circuit. This 
indicates that the current in the secondary is opposite to that ia 
the primary, i.e , inverse. Again, when the primary coil is receding, 
attraction takes place, and so the current in the secondary must 
be in the same direction as in the primary i.e , direct. 


. If, again, the,production of the induced current be ascribed to a 
change of flux, then also thedirection ofsuch current can be found 
from the Lenz’s Law. For example, whenanorth poleisapprochinga 
secondary coil, the flux through the latter increases and “it follows 

. from the above law that the inducedcurrent would produce lines of 
force'so as to oppose any increase of flux. This is possible, only 
when the face of the secondary coilacquires a north polarity, sothat 
by repulsion the lines of force produced by it. partly reduce the 
incoming flux. Proceeding in this way, it is possibleto determine the 
direction of the induced current, whenever the primary current is 
started, stopped or altered in strength. 


Evidence from the Conservation of Energy—Lenz’s Law directly 
follows from the principle of conservation of energy. If possible. 
assume that an instantaneous direct current is generated in the 
secondary coil when the primary is advancing towards the north 
pole. Then, by the assumption made, the face of the secondary coil 
towards the primary would develop a south polarity and conseque- 
ntly there would be an attraction between the two. Thus once the 

„primary coil has been moved a little, it would be continuously 
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advancing towards the secondary and thereby generating a conti- 
nuous Current in the secondary.- In the secondary coil, therefore, 
electrical energy would be generated continuously without an 
expenditure of equivalent energy, This conclusion is against the 
fundamental principle of conservation of energy. Therefore 
the direction of the induced current in the secondary coil 
cannot but be opposite to that in the primary so as to resist its 
motion. 


From the above consideration it is evident that when the pri- 
mary coil tends to approach the secondary, the induced current 
generated in the latter is such that ;there is a force of repulsion 
between the two. When there is an approach of the two coils, some 
amount of mechanical work is necessary. This work is equal to the 
product of the distance moved through and the average force of 
repulsion. Itis this mechanical work which is transformed into the 
energy of the induced current A similar argument holds when the 
coils are separated from each other, the only difference being that 
there is an attraction between them in such a case. 


Now suppose that the relative position of the primary and the 
secondary coil is fixed and that thecurrentinthe primary is altered. 
It can be shown that there is a change ofelectrical potential energy 
of the secondary coil, when the flux through it is changing. It is 
this change of P. E. of the secondary circuit, which is con- 
verted into the electrical K. E, i.e, the energy of the induced 
current. 

Lenz’s principle is sometimes utilised to damp the motion of an 
electrical system. When a transient current passes through the 
coil of a moving coil galvanometer, the coil gets a throw and then 
keeps on oscillating. If now the terminals of the coil be short- 
circuited by a conductor, the coil quickly comes to rest. The 
explanation is obvious, because solong as the coil oscillates within 
the magnetic field of the pole pieces, the magnetic flux continuously 
changes in it ; due to this an induced E. M- F. is generated. When 
the terminals of the coil are short-circuited by æ conductor, the 
induced current flows in such a direction as to oppose the motion 
of the coil. This persistent opposing force damps the motion of the 
coil. 


133, Fleming’s Right-hand Rule—Whenever a conductor moves 
across a magnetic field, it cuts the lines of force at a certain rate so 
as to generate an induced E. M. E- within it which tends to send 
a current. The direction of this induced current relative to 
the direction of the field and the motion of the conductor is 
given by Fleming’s Right-hand Rule which may be stated as 
follows : 

Stretch out the fore-finger, the middle finger and the thumb of the 


right.hand mutually perpendicular. If the fore-finger denotes 
the direction of the magnetic field and the thumb the direction of motion 
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of the conductor, the middle finger indicates the direction of the induced 
current or E. M. F. (Vig. 183). d 
The followingis a simple illustration of 
Motian application of theright-hand rule, A strai- 
A ght horizontal wire is made to move vertis 
B cally upwards at right angles to a uniform 
horizontal magnetic field. Set the fore-fin- 
ger of the right hand inthedirection of the 
magneticfield, andthethumb in the direc- 
tion of motion ofthewire. Then the middle 
finger, whichisnow directedat right angles 
to both the motion and the field, gives the 
direction of theinduced E.M. F, generated 
in the wire. 

Tf the conductor AB be of length lem. aud if it is moved at 
right angles to the magnetic field of uniform intensity H (in €,G.S. 
units) with a uniform velocity of v em. per second, the number of 
lines of foress cut by theconductor persecondis Hiv. This quantity 
is the rate of change of flux and is equal to the induced E. M, F. 
at the end of the conductor (in C. G. S. electro-magnetic units), 


Since 10* C. G.S. units of P. D.—1 volt, the induced E. M. F, is 
Hlvx10-* volt- In case the conductor is movedin aplane making 
an angle 0 with the magnetic field, thenormal component of motion 
is effective in producing the induced E. M. F. In this case the 
induced E. M, F. generated is given by Hiv sin à (in C.G.S. units). 


134. Mutual induction—The production of induced current in 
a circuit by the action of a separate circuit (or a magnot) is due to 
an effeet called the mutual induction. All experiments on electro- 
magnetic induction, as described previously, areinstances of mutual 
induction. In mutual inductionthere must be two. agents influencing 
each other. Of these the one, which is called the primary, should 
carry a source of E. M, F. The other, called the secondary, should 
be a closed coil, preferably of many turns of wire, In order to 
increase the inductive effect, the two coils aresometimes wound on 
a soft iron core, (Vide the next article.) 


The’ coefficient of mutual induction (or, simply, the mutual 


inductance) of a pair of circuits may be defined in either of the 
following ways ; 


Fig. 183 


Gi) The coefficient of mutual induction is the flu passing through 
the secondary coil when a unit current flows in the primary Circuit 

(i) The coefficient of mutual induction is the E. M. F. acting 
round the secondary circuit due toa unit rate of change of current in 
the primary. 

To follow the first definition, ifC be the current ( in electro: 
magnetic C. G. S. units) flowing in the primary and M be the co- 
effieient of mutual induction of the pair ofcirouits in the same unit, 
the flux N linked with the secondary is given by 


* N=M0. ... ui -. (134.1) 
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According to the second definition, if O be the total. change of 
current in e, m. u. ( supposed to be uniformly changing) during an 
interval of f seconds and if M be the mutual inductance in the 
same unit, the induced E. M. F. eis given by 


ENER (134.2) 


The negative sign is given to indicate that the direction of e 
is opposite when the current increases and that it is direct when 
the Current decreases. The practical unit of inductance is called a 
henry, which is defined to be the amount of induction which causes 
an E. M. F. of 1 volt to act round a circuit for a change of current 
of 1 ampere per second. This definition, therefore, means that: 


1 volt 108 e.m.u. of P. D. 


Leony lamp. per sec, 10-* e,m.u. of current persecond 


=10° e: m, u. of inductance. 


Inductance ofa coil is generally expressed'in term of a milli- 
henry which is one-thousandth part of a henry. Inductance of a 
small coil is expressed in terms of micro-henry, which is a 
millionth part of a henry. 


135. Self-induction—We have seen how a variation of magnetic 
flux in one coil is produced by another coil or a magnet, The effect 
of induction is also observed when there is a variation of flux 
within a coil due to a variation of current passing through the 


same coil. This is due to what is known as self-induction. 


When a circuit containing a battery of cells anda coil of wire is 
closed by a key, a current starts in it, which rises from zero to 
a steady value in à very short interval of time. Consequently, the 
number of lines of force due to the current increases in the same 
proportion from zero to a steady value duringthe same time. There 
is thus generated an induced E. M. F. which resists the flow of 
the main current, For this reason the current within the coil takes 
a longer time to attain its steady value against the opposing 
induced electromotive force. The opposing induced Z.M.F. gradu- 
ally grows less as the current increases and ultimately vanishes 
when a steady value of the current is attained, because at this 
stage there is no variation of magnetic flux. 


When, on the other hand, the current passing through a coil is 
switched off, the flux through it tends to attain a zero value 
abruptly: This causes a rapid diminution of flux, due to which 
there is a strong induced E. M. F. acting in the direction of the 
main current. This often causes a spark to pass across the air gap 
at the point of disconnection. This induced current at break is 
sometimes called an extra current. The extra curren} frequently 
shows itself in the form of a spark when coiled filament lamps, fans 
or motors are switched off. This sparking may be reduced by con- 
necting in parallel with theswithan electric capacitor of suitable 
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value. The effect of the capacitor is to store the charge due to the 
extra current at a voltage much lower than the sparking voltage. 


The effects of self-induction can be demonstrated byan arrange- 
ment of apparatus as shown in Figure 184, in which EF represents 
a coil of wire, preferably wound over a soft iron rod and connected 
toa battery of cells B through a key K. The terminals of a galvano- 
meter G with a proper series resistance are connected in parallel 
with the coil. Suppose that the positive terminal of the battery is 
connected to the point Æ. On closing the key, current circulates 
through the coil and the galvanometer as shown by thearrow-head. 

T The. coil behaves as a solenoid, 
through each turn of which a 
magnetic flux passes. The rate of 
increase of flux through EF induces 
an E. M. F. in it, opposite 
the main current and resists its 
flow in the coil and at thesametime 
sends à transient current through 
the galvanometer in the direction 
from P to Q. So the deflection of 
the galvanometersuddenly increases 
at make and then it sets toa steady value. But on opening thekey, 
the circuit is disconnected and the current in the coil rapidly falls 
to a zero value. This rapidly falling current produces a devaying 
flux producing an induced Z.M.F. from E to F within the coil 
and from F to E through Q aud P outside it. This E. M.I'. sends a 
surging current through the galvanometer in opposite direction. 

The effect of induction, self or mutual, is increased, if the coil 
contains many turns. For, the lines of force are cut by every turn 
of the coil producing induced W. M.F. in each turn. Further, if the 
coil contains a soft iron core, the lines of force passing through the 
secondary is increased to a marked extent. This is utilised in the 
construction of induction coils, 


Example— 

1. Determine the magnitude of E.M.F. generated at the end of an axle of 
a railway carriage, 5 ft, in length, when the carriage is moving at the rate of 
30 miles pet hour aioag a level track, Obtain your answer in volts Given 
H=0'4 gauss and dip =45°. [ Bom, U, = 1965 | 

A. Since the axle is moving on a horizontal level and the dip is 45°, the 
resultant line of force meets the axle at an angle of 45°. If the resultant in- 
tensity be R gauss, ] 


71071, so that RX '7071=*4, 


Fig, 184 


H ee! 
R^ 45 Vi 


whence R=— i ='5657 gauss 


Now 5 ft,=( 5x12 x 2°54 )cm. and 30 miles/hour=(44 x 12 X 2 54)em. A 
dj v induced E.M,P,=Rlv x sin 452 —:5657 x 5x 44 x 12* x (54) x Aor in 
C,g.5. units. 


+5657 Xx 5x 44 x 12* x (2/54)? x * 
2 SET OS TOT ote; X 10 vole. 
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136. Rubmkorff’s Induction Coil—It is an apparatus for trans- 
forming a low voltage into a high one working upon the principle 
of mutual induction between two coils, The essential parts of the 
instrument are the following : 

(a) Primary coil—It consists of a number of turns of insulated 
thick copper wire P wound uniformly overa hollow tube of 
vuleanite or other insulating material. The turns of the wire are 
separated from one another by a layer of vuleanite (Fig. 185). 

(b) Iron core—Within the tube is placed a number of soft iron 
wires parallel to the axis of the tube. 

(c) Secondary coil—1t consists of a coil of insulated thin copper 
wire of a very large number of turns. The coil is sometimes wound 
over a large vuleanite tube enclosing the primary. Or, in the case 
of a powerful machine the coil is wound in several layers having 
avery thorough insulation between the turns. The terminals on 
the secondary coil are connected to the adjustable discharging 
knobs at the top. 

(d) Interrupier—It is an automatic arrangement of making and 
breaking the primary circuit. Jt consists oftwoparts : hammer and 
an adjustable screw. 

e) Hammer —It is a soft iron pieco H fixed to metallic spring 
B. This oan be adjusted to any position by working a screw W at 


Rig. 185—Sectional view of a Ruhmkorff’s Induction Coil , 


the base of the spring. There is a platinum contact point p at the 
back of the hammer. 

(f) Adjustable screw—It is metal screw BS in line with H and 
working within a fixed stand A, It has a platinum contact point p'. 
By means of this screw a contact is made between p and p'. 

(g) Condenser —Ltis, in fact, a multiple plate condenser consisting 
of alarge number of tin foils separated from each other by pieces 
of paper soaked in paraffin. Alternate plates are joined together so 
as to form a condenser of a large capacity. The two parta are 


r 
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finally connected to the hammer H and. the adjustable screw S, so 
as to be across the platinum contact points. Kd 

(h) Commutator—It isa device C, by which the direction of 
the current within the primary can be started, reversed or stopped, 
whenever desired. It has two binding screws X and X', to which 
the terminals of a battery of cells may be connected. 


Principle of Action—The terminals of a battery of cells are 
connected to thebinding screws of the commutator. One end of the 
primary coil is connected with a spring m, while the other end is 
connected to the base of the spring which carries the soft iron 
hammer H. The sorew S is allowed to work, till the two platinum 
points are in contact. This makes the primary circuit complete, as 
indicated in the figure. 


Action in the Primary—When the primary circuit is closed, a 
current passes through the primary coil,whereby the soft iron core 
is magnetised. When the magnetisation of the core is sufficiently 
strong, it pulla the soft iron hammer H leaving an air gap between 
the platinum points, The circuit is thereby disconnected and the 
primary current falls to a zero value. Consequently, the soft, iron 
core is demagnetised- The spring brings back the hammer to the 
original position and the cirouit is again made. In this way tho 
primary cirouit is alternately made and broken at a rapid rate. 


Action in the Secondary—When the primary circuit is closed 
and the ourrent in it is pra R established, an inverse E.M. E» is 
induced in the secondary due to a change of flux within it from 
a zero value to a maximum value. Again, when the primary circuit 
is disconnected, a direct induced E.M.F. acts in the secondary coil 
duo to a change of flux from a maximum to zero, Hence, for a 
complete cycle ofa‘mske’anda‘break’ in the primary, two induced 
electromotive forces actwithinthe secondaryin opposite direotions. 
It may appear that the magnitudes of these two electromotive 
forces are equal to each other, since the total change of flux in 
both the cares is the same. But that the induced E.M.F. at break 
is much greater than that at make can be seen from the following 
considerations ; 

(a) When the current is increasing in the primary, there is an 
inverse induced E.M F. within the primary coil due to its self- 
induction, This retards the growth of the current ; hence the flux 
in the secondary coil increases less rapidly than its rate ofrisewhen 
there is no self-induction. Since the magnitude ofthe induced 
E.M.F. depends upon the rate of change of the flux, the inverse 
induced E.M.F, within the secondary coil is, therefore, somewhat 
decreased by tho effect of self-induction of the primary coil. 

(b) Further, when an air gap is formed between the platinum 
points due to the attraction of hammer, current in the primary 
tends to fall to a zero value instantaneously. Thus the flux within 
the secondary is withdrawn at greater rapidity than its rate of rise 
'at make’ and hence the induced E.M.F. ‘at break’ is much larger 
than that ‘at make’, 
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Due to the self-induction of the primary, however, there isa 
direct self-induced E.M.F. acting within the coil itself, which tends 
to produce a spark across the platinum points during the break. 
The sparking prolongs the rate of decay of primary current and 
therefore, reduces the magnitude of the direct induced E.M.F. It 
also causes the platinum points to wear away, In order to prevent 
the sparking, a condenser is connected to the conductors on the two 
sides of the air gap. The action of the condenser or capacitor may 
be explained as follows : 


Action of the Condenser—When the condenser is connected in 
the circuit, the extra induced current generated by the primary 
during break charges up the condenser plates instead of passing 
through the air gap in the form of a spark. Since the condenser has 
a large capacity, ite plates are charged to a difference of potential 
too small to cause a spark. Thus the rate of decay of the current 
(and hence of the flux in the secondary during break) is increased 
to a considerable value: The condenser has got another advantage. 
After being charged, the condenser immediately discharges itself 
through the primary coil and sends a transient ourrent through it 
in the opposite direction. This quickly neutralises any residual 
magnetism in the iron core and causes the flux through the secon- 
dary not only to decrease from a maximum to a zero value but also 


“to be reversed, Thus the total change of flux in a given time is 


much greater, 80 that the magitude of the induced E.M F, in the 
secondary at the break is considerably larger than when the con- 
denser ia not used, Hence the induced E.M.F. at break is much 
greater than thatat make. When the sparking knobs are moved 
apart, a smaller in- .. - e ` 
duced E, M. F. at 
make cannot send 
a discharge and the 
spark passes only 
at the time of break 
giving unidirectional 
discharges. 

The secondary 
coil is designed to § 
have a very large P 
number of turns Bo B 
that the variation fi 
of flux through the | 
secondary produces a | 
large effective P.D. 
ab ite — terminals. Fig, 186—Rubmkorfi's Induction Coil 
Secondly, the coil is 
made of very thin wire, so that the resistance"of the secondary is 
very high and the current flowing in it is very small, thus 
producing a small quantity of heat in the secondary. 


Induction coils are used to produce high tension sparks in 
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. discharge tubes and for ignition purposes in some type of iden 
combusation engines. A perspective view of a large induction coi! 
is shown in Figure 186. Any arrangement, by which a small 
voltage is transformed into a large voltage, is called a step-up 
transformer. There is also the reciprocal action in some other 
apparatus, which converts a high voltage into alow one. This is 
called a step-down transformer. But in all cases of transformations 
the applied voltage in the primary must be of a fluctuating nature, 
80 as to produce a variation of flux. 

137. Eddy Currents—When a metal sheet is moved in è 
magnetic field so ás to have variation of magnetic flux in it, an 
induced current is produced within the sheet so long as the motion 
persists. The current circulates within the sheet just as whirlpools 
or eddies are formed on the surface of water. For this reason 
such currents are called eddy currents. They are also called 
Foucault currents after the name of the discoverer. 

The production of an eddy current is demonstrated by an 
apparatus, known as Aragos’s disc. It consists for a magnetic 
needle NS pivoted at the centre of horizontal dise D ( Fig. 187) 
which can be rotated about a vertical axis. If the disc is rotated in 
any direction, the magnet is found to be deflected in that direction. 
When the speed of revolution is high, the magnet it found to 
rotate with the disc but with a slower speed, 

The principle of action may be explained from Lenz’s Law. 
Considera part of the disc of ares A which is approaching the 

north pole of the needle. As this part is 

coming near, the lines of force, cut by 
this protion, increase at a certain rate 
and consequently an induced current circu- 
lates around this region. Now by Lenz's 

Law, the direction of circulation of the 

induced current over thig region would 

be such as to oppose the relative motion 
between the north pole of the needle 
and this part of the disc, This is possible, 

Fig, 187 only when this part of tho disc behaves 

1 as a north pole exerting its repulsion on 
the north pole and pushing it along. This argument applies to all 
parts of the dise approaching the north pole and a similar argu- 
ment for other parts receding from the south pole. Thus a couple 
acts on the magnetic needle tending to deflect it. This couple 
increases with the speed of rotation of the dise and when this tor- 


que exceeds that due to the earth's restoring couple the needle 
rotates, 


Speedometer—The production of torque due to Foucault 
; current on a suitable drum.shaped conductor by a revolving magnet 

has been utilised in the construction of one type of speedometer of 
automobiles, There are two ways by which the motion is conyeyed 
to the magnet from the wheels. In one form a pulley P (Fig. 188 ) 
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is driven by belting froma driver pulley P attached to the main 
shaft ‘A’ rotating the rear wheels, A flexible tube F joins the 
pulley system and the circular magnet M. Inside this flexible tube 
there is a fine driving chain H with small inter-connected links, 
one end of which is connected to P, and the other end to M. The 
magnet fits loosely in a hollow metal drum C within which it can 
revolve freely. In the other form there are cog wheels of the car 
and these form a swivel " 
joint and connect the 
driving chain to the cir- 
cular magnet. 


It is thus apparent 
that the magnet would 
revolve within the hol- 
low metal cylinderin pro- 
portion to the speed of 
the car. An induced 
current would be genera- 
ted within thecylinder 
tending torotateitalong 
the direction of revolu- 
tion of the magnet. The 
higheristhe speedof the Fig. 188 
magnet, the greater isthe drag onthe cylinder. A fine spring S con- 
trols the motion of the cylinder. In the dial-type speedometer 
there is attached to the dram a pointer which moves over ascale D 
graduated in speed of kilomertres per hour. In the rotary-type 
speedometer the outer body of the cylinder is graduated which 
moves against a fixed arrow mark and indicates the speed, 
There are small graduated gear wheels attached to the chain links 
which indicate the total distance covered by the car. 

138: Rotation of a Collin a Uniform Magnetic Field—Let a coil 
of wire W of a single turn (Fig 189) enclosing an aroa A be rotated” 
uniformly in a magnetio field of intensity H such that the axis of 


Fig. 190 


perpendicular to the field. In course of 
fthe coil is perpendicular to the field, i.e. 


Fig. 189 


rotation EF of the coil is 
rotation when the plane o 
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parallel to the line Y, Ys, it allows the maximum number of the 
lines of force to pass through it. Again, when the plane of the coil 
becomes parallel to the field, it encloses no lines of force. Conse- 

uently, during the rotation there is a continuous change of flux 
Rud the coil and so induced current would be generated in it. 
Moreover, for a complete revolution ofthe coil from the position 
Y,Y, ina counter.clockwise direction, the following changes in 
the direction of induced current would take place. 


During the quarter revolutionof the coil fromthe position Y, Y, 
to the position X, X,, the flux continuously decreases and sends 
forth an induced current in a certain direction. During the next 
quarter revolution from XsX, to Y,Y, the flux continuously in- 
creases sending the induced currentin the opposite direction, while 
the opposite face of the coil appears. With reference to the ends of 
the coil, therefore, the direction of the current remains unchanged. 
During the third quarter revolution fromY,Y, to XiX, the 
flux decreases ; so, on the opposite face the induced currentchang- 
es direction. During the last quarter revolution form X, X, to 
Y, Y, the flux increases, while the 
original face reappears, so that the 
direction of the induced ourrent 
remains the same as that during 
the third quarter. Thus for & com- 
plete revolution of the coil the Fig, 191 
ourrent flows in a certain direction during a half revolution and in 
the reverse direction during the other half. Ifthe current is led 
outside from the terminals of the coil into a circuit, the nature of 
the flow of the current in it during one complete revolution of the 
coil would be just like the ebb tide and flow tide of a river. If the 
coil be rotated g times per second, the current in the circuit would 

change directions g times per second. 
id The nature of variation of the induced E.M.F, with the rotation 
‘of the coil maybededucedfromthefollowingsimpleconsideraticn :— 


j Let 0, and 6, be two instantaneous inclinations of the coil 
within a very short interval of t second. (Fig. 190) 

The instantaneous flux passing through the coil at an angle 6, is 
—AH cos 6, ; similarly that an angle 0, it is AH cos 0,. Hence E, 
the induced E.M.F., is given by 


E, AH cos 0,- AH cos 6; 


- by elementary trigonometry, 


Now if 0, is very nearly equal to 0,, we may write 
ginti 6s 
2 


=sin @1=8in 6s —sin 6, say. 
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Similarly, sin’ 6 _ fate, Butt the angular velocity 
of the coil. 
Haan Pn 9 AH sin 0, 
Write AHw=Eo, we get E=Eo sin 6. ++ (138.1) 


Equ (138,1) may be easily derived from elementary Differential 
Calculus. The instantaneous flux through the coil at an inclination 
6 is AH cos 6. Call it N. Since N depends upon ¢ the instantaueous 


induced e.m f. E by Faraday’s law, gives 


aN d dà 
E= = = -ar (AHcos/)— AH sin 0. ür (188,2) 


dà 
Now a angular velocity=w 


4 H=AHw sin 9—E, sin 0, the same as equ ( 133,1 ) 

The nature of variation of E with 0 is shown graphically in 
Figure 191. Tt ig purely a sine curve, which shows that when é=0, 
E=0 ; when 9—90*, E=Eo=AHw : when 6=180°, E=0; when 
6=270°, E= —Eo— —AHo, and when 02-3605, E=0. So for a 
complete revolution ofthe coil, the induced E.M.F. is direct in 
one half of the cycle rising toa maximum E, at the middle, and 
inverse during the other half cycle getting at & negative maximum 
—E, at the middle. For a complete cycle of the coil, the genera- 
tion of the induced E.M.F. may be stated as follows : 

Lhe electromotive force rises continuously from a zero value to a 
maximum and then gradually dies away to the zero value during one 
half revolution of the coil. The direction of the E. M. F. is then 
reversed and it continuously rises to a'negative maximum value, after 
which it dies to zero during the other half. 

For very cycle of the coil the state of affairs is repeated 
over and over again. The periodic E.M.F. thus obtained is called 
the alternativg electromotive force. 

If T be the period of revolution of the coil and w be its angular 
velocity, then wT=2r. If, again the coil has moved through an 
angle @ in time ¢ then @=wt, If the coil hasn turns, the induced 
E.M.F. is multiplied n times. Thus E,=nAHw. Hence equ. (138.1) 
may be written in the form : 

=nAHw sin wE, sin wh  .. .. (138.3) 

The variation of instantaneous value E of the induced E.M.F, 
with time follows the Simple Harmonic Law. Hence such an 
E.M.F. is sometimes called a simple harmonic E.M.F. or sinusoidal 
E.M.F. 

The induced current flowing in the coil would obey the same 
nature of variation as the impressed E. M. F. Hence the instan« 
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bj 
taneous induced current C at any moment may be expressed by a 
similar equation of the form 
C=C, sin wt, ... ... ..(188.3) 
where C, represents the maximum value of the current produced. 
But in general, the maximum current is nob produced in the circuit 
at the instant when the impressed E.M.F. is a maximum. There is 
a difference of time between their attaining the maximum 
values and this difference of time depends upon the dimension of 
the coil and the speed with which itis revolved. This difference 
of time between the e.m.f. and currentis called the phase difference, 


If asensitive galvanometer be directly connected to the coil, 
then for a slow speed of rotation of the coil the galvanometer 
shows deflection alternately on both sides of the zero position, 
indicating that both directand reverse currents are passing through 
it. But when the speed of the coil is increased considerably, the 
galvanometer cannot follow the same rate of motion and so it 
remains practically at the zero position. 


Example— 
A circular coll of wire of 500 turns and of mean radius 20 cm. is rotated 
uniformly at the rate of 2 revolutions per second in the earth's fieldof 0*4 
, Oersted so as to have the greatest variation of flux. Calculate in volts, the 
maximum induced E.M.F. and the E.M.F, generated when the plane of the 
coil make an angle of 45° with the field. 


A, The area A of each turn of coil =(3'14x202) cm, The intensity of 
the field H=0'4 oersted and the number of turns n=500. Also the frequency 
fof revolution =2 and so the angular velocity o=27f=47. 

Then we have by equ. (138,2) 

E,=nAHw=(500X3'14 x 202 x0°4 x 4x 3:14) e.m,u.=3'15 x 10%e.m.u. 


Since 1 volt=10° e.m.u. B, =>" vole=0°0315 vole. 


At an instantaneous position of 45° with the field, E, the E.M,¥, is given by 
B=E, sin 45°=(0'0315 x0°7) volt=0'0221 volt, 
_ 139. Generator— The induced E,M.F. generated in a single coil 
is small and hence current from it cannot be utilised for any 
practical purpose. The E.M.F. generated in a coil depends upon 
the number of turns of the coil, the strength of magnetic field and 
the speed of rotation. An electromagnetic induction machine, from 
which an appreciable ourrent under an effective voltage can be 
 Obtained is called a generator. The essential parts of a generator 
are four in number, viz.,— 


(1) The field-magnet (NS) (Fig. 192)—It produces a strong 
magnetic field within the space between the pole pieces. Fora 
small generator the field is produced by a permanent magnet of 
the horseshoe type; but for a larger generator an electro-magnot 
is always used. The coil, wound round the pole pieces, are called 
field-cotls as shown in the figure, ^ 

(2) The armature (A)—It consists of a coil of wire wound upon 
a soft iron cylinder. The cylinder is mounted ona shaft and is 
capable of rotation within the space between the pole pieces. 
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(3) The slip ring —There are two metal rings Rand R', in which 
the terminals of the armature 
coil are attached. These rings are 
rigidly connected with the shaft 
but are insulated from it, 


(4) The brushes—Ther are two 
metallic brushes b and 6' lightly 
pressing against the rings and 

‘are connected to the external 
circuit by wires. 

Principle of Action—Let the 
armature A B, shown forsimplicity 
as a single coil, start froma 
position from 0° to 180° with its 

à plane vertical and rotate in the 
Fig, 192—A,C, Generator anti-clockwise direction (Fig. 193). 
The field may be supposed to be 
approximately horizontal. At start the flux passing through the 
armature coil is maximum, continuously decreasing a8 ittakes upthe 
position from 90? to 270°. So the variation of flux through the arma- 
ture is exactly of the form as discussed in Article 138. Also the 
variations of the induced E. M.F. and current are identical, as in- 
dicated in Fig. 191. But the armature consists of a coil of a large 
number of turns and rotates very rapidly within a strong magnotic 
field. Hence the induced alternating E. M. F. is large. The current 
generated within the coil circulates in the external circuit through 
the brushes. For a complete 
rotation of the coil the current 
in the external circuit flows in 
a certain direction during the 
one half turn, and in the 
reverse direction during the 
other half. One complete 
rotation of the armature is 
called a cycle. Thus if the 
armature revolves 50 times a 
second, the machine is said to 
execute 50 cycles per apron 
The machine producing such a 
current is nilo an irren. Fig, 193—Principle of Generator 

140. Measurement of Alternating Current and E.M, F.—The 
magnitudes of the alternating current and the E, M. F. acting ina 

circuit are never steady, as they sometimes rise to à. maximum in 
a certain direction and then falling to zero, get back to the nega- 
tive maximum in the reverse direction. Such reversals of current 
and E. M. F. are periodic. In such a circuit, if a moving coil 
D. C. ammeter (or voltmeter) be connected, the pointer of the in- 
strument would tend to oscillate on either side of the zero of the 
scale and would never give a steady deflection. if the frequency 
of current or the E. M. F. be too rapid for the indicator to follow 
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the indicator would shakily stand at the zero mark, showing that 
the average of the impulses on it is zero. 


The measuring instruments in Alternating Current circuits are 
designed to work upon the heating effects of currents or the 


are independent of direction of the current. Heating effect of 
current is utilised in hot wire ammeters and voltmeters. Tho 
current, whether direct or alternating, produces an elongation of 


When a direct current of a steady value passes through a hot 
wire instrument, it generates in a given time a fixed amount of 
heat and therefore a fixed rise in temperature of the wire produc. 
ing a steady deflection of the pointer. But when an alternating 
current passes through the same instrument, the heat generated in 
the wire is never steady, since the current is continuously changing 
in value. Considering small intervals of time, when current is 


throughout the period of alternation of the current. It can be 
shown by the method of taking averages that the average value of 


very nearly 0-71 of the maximum heat produced when the current 
T1868 tO à maximum value. 


. Hot wire instruments are always calibrated by using steady 
direct currents or electromotive forces. The value of the direct 
current: OF B. MIO hich produces the same deflection in a 
hot wire instrument asan alternating current or an E.M.F., is called 
virtual ampere or virtual volt. This is also called the Root 
Mean Square value (abbreviated as R. M. 8.) of alternating current 
Or voltage. Hence a virtual current is 0:7] of the maximum 
current produced. in the circuit and so a virtual E.M.F. is 0:7x the 
maximum voltage generated in the circuit, For example, if 
if the R. M. S. value of an alternating mains be 230- volts, 


shook from D, C. mains. 


. 
| 
A 
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141, Commutation of Alternating Current— Whenever a coil 
(ora system of coils) rotates uniformly 
ina magnetic fleld, the current and 
voltage developed in it are alterna- 
ting in nature. The alternating E. M. 
F. or the current can be made uni- 
directional by a device called a com- 
mutator. Itconsists of twosemicireular 
strips of metals F' and F fixed to 
the main shaft butinsulated from each 
other (Fig. 194) Two terminals of 
the coil are connected to these two 
strips. From opposite sides collecting brushes G, G lightly press 
upon the strips. The strips are so arranged that during a half 
revolution of the coil each strip is in contact with a particular 
brush. During the other halfrevolution, when the E. M. F. is 
reversed the same strip is in contact with the other brush. By 
this device a particular brush always collects positive electricity. 
and the other negative. Thus in the external circuit the E. M. F. 
is impressed in, the same direc- 

tion. The nature of the variation 

of the E. M. F. with the rotation * 

of the coil is shown in figure 195, 

assuming that the coil starts 

from a position parallel to the o 

magnetic field and that the time z 7 an 27 

is reckoned from this instant. $ 

Although the E. M. F. is uni- Fig. 195 
directional, there is a fluctuation ofthe E. M. F. from zero to a 
maximum. Hence the current in the external circuit would have 
a nature of variation similar to that of the voltage. If the 
maximum value of the E. M. F. be E,, the average value of the 
E.M.E.s taken over a number of complete rotations of the coil 
is 0-64 X E,. 


142. Earth Inductor—It is an apparatus which works upon the 
production of an induced E. M, F. ina coil of wire by the earth’s 
magnetic field; hence it is called an earth inductor. It consists 
of a coil of many turns of insulated wire wound on a wooden ring 
RS, about a foot in a diameter (Fig. 196). The ring can be rotated 
with a handle H about an axis AB passing though the opposite 
ends of a diameter. This coil is again fixed in an outer rectangular 
rigid frame CD which can be tilted about a perpendicular axis. 
The device allows the coil to be rotated about any axis. The 
terminals of the eoil are connected to two semi-circular metallic 
strips, called commutators, which are separated from each other 
and are fixed on the axis. There are two springs called the collec- - 
tors, which lightly press upon the commutating strips from oppo- 


site sides. 
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When such à coil is rotated in the earth’s magnetic field, at 
one instant it embraces the maximum number of lines of force, 
when the effective face area of the coil becomes perpendicular to 
the magnetic meridian. 

Again, the magnetic fiux "4 

passing through the coil 
is minimum, when the 
plane of the coilis parallel 
to the magnetic field. 
Thus as the coil is rota- 
ted, there is a rate of 
change of flux and hence 
an induced E. M. F. acts 
in the cireuit. Thus for 
a complete revolution of 
the coil, two induced 
E.M. F'scirculate through 
the coil in opposite 
directions and are alter- Fig. 196—Earth Inductor 
nating in nature. Because of the commutator the E. M. F. as 
also the current in the external circuit become unidirectional, The 
current produced in an earth inductor is very feeble and hence 
it cannot be utilised for any useful purpose. 


143. ‘Transformer—For an efficient distribution of power in an 
jalternating current supply the output voltage is to be increased or 
decreased at different stages. This purpose is served by an 
appliance called the transformer, which works on the principle 
of electromagnetic induction. It consists of a hollow rectangular 
core of laminated soft iron, on the two opposite arms of which 
are wound two coils (Fig. 197 ). One coil is made of thicke 
wire and having a lesser number of turns with the terminals B, B, 
while the other consists of a thinner wire and of a larger number 
of turns having the terminals A, A. One of them is called primary 
coil, and the other secondary coil. The alternating input 
voltage E. is always applied to the primary. If an increase in 
output voltage is required the source is connected to the thicker 
coil baving fewer turns at B. B. The amplified voltage is derived 
from the terminals A, A. This arrangement is known asa step up 
transformer. Whenever a decrease in voltage is required, as in a 
step-down transformer, the source is to bo connected to A, A 
and the effect is obtained from the terminals B, B. When the 
primary is connected to an A. C. Supply, an alternating 
magnetic flux is set up in the core. This flux; which also passes 
through each turn of the Secondary coil, induced an alternating 
E. M. F. (Es) in the Secondary. So the whole operation is a 
case of mutual induction, If there be no loss of energy, the 
flux passing per unit area of both the primary and the secondary 
should be the same. Now since the cross-sectional areas of both 
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the secondary coil te that linked with the primary at the same 


Fig, 197 ; Fig. 198 


instant would be equal to the ratio of the number of turns (n,) 
in the secondary to that in the primary (n,). Now since the 
E. M. F. is proportional to the rate of change of flux, we get 
Peter, called the turn ratio or transformation ratio. 
v D 

So in a step-up transformer r>œ>l, and ina step-down type 
r1. 

In the above considerations we have supposed that the total 
energy in the primary is used up in establishing the flux in the 
core without any loss. But actually the electrical energy in the 
primary is used up partly in generating heat within the coil itself 
and partly in creating the change in flux within the secondary coil. 
The first part of the energy is dissipated and cannot be utilised in 
the process of transformation. The second part has got two 
functions, viz., (i) production of induced current and (it) produc- 
tion of heat within the core due to rapid magnetisation and demag- 
netisation. The amount ofenergy utilised in producing induced 
current is transferred to the secondary circuit, where again a part 
of it is dissipated into heat. Figure 198 represents a shell-type 
transformer, in which the primary and the secondary coils are 
wound side by side on an inside arm of the core. 

In an actual transformer, which is much more complicated than 
the above simpler type, special devices are always made for cooling 
the transformer either by air-blast or else by circulating oil through 
thick pipes round the windings. Ina good modern transformer 
quite a considerable portion of the input energy can be converted 
into the available form: that is to say, the efficiency of the trans- 
former can be raised to a very high percentage. 


Example— 


An ideal step-down transformer operates on 2200 volt-line supplying a load 
of 60 amperes. The winding ratio is 20 : 1, Whatare the primary current, the 
secondary terminal voltage and the power output ? [Guj. U.—1964] 


A. Since the step-down transformer, that is used, isidesl in character 
having no loss of energy, we note that with usual nota tions 
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B E 1 2200 
an or Zi 2» whence the secondary voltage E =110 volts 
Again, since the secondary carries a load of 60 amperes, the primary current 
ip is given by VEM 
x 


2200 xip=110 x 60, whence pal 7200 amp.=3 amp. Assuming the power 


factor to be unity, the power output={110 x60) watts=6600 watts. 


144. Direct Current Generator— To get a large current under 
a given steady yoltage, a modified form of apparatus, called a 
Direct Current Generator, is used. It also works upon the same 
principle as an earth inductor. 


Gramme Ring Armature—In order to supply an almost constant 
E.M. F. in the circuit, a number of coils wound on an iron ring 
or a cylinder is rapidly rotated in a magnetic field. This coil 
system is known as the armature. The armature and the field coils 
designed by M. Gramme are shown in Figure 199. N and 8 repre- 
sent two pole pieces of a strong permanent horse-shoe magnet or 
an electromagnet. A ring of soft iron is placed symmetrically 
within the pole pieces. A number of coils is wound in series on 
the iron ring such that they are coiled in the same direction. The 
junction of any two adjacent coils is connected by a wire to a 
metal stud of the commutator. The metal studs, whose number is 
equal to the number of coils, are all insulated from one another 
and also from the armature shaft. Two metal brushes touch two 
opposite studs and form the supply mains B, B of the source of 
power supply. The ring can be rapidly rotated within the pole 
pieces by an outside power. 


In course of rotation whenthe ring makes a complete revolution, 
each coil on it makes a complete revolution within the magnetic 
field between the pole pieces. But at any instant since the relative 
position of thecoils isdifferent with respect to the field, the induced 


Fig, 199 Fig. 200 


E. M. F. generated in different eoils, would be different at any 
instant. Hence, imagining the ring to be divided into two sec- 
tions by & vetical plane, the set of coils on one half would 
have a certain induced E. M. F. which is the sum of the induced 
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E. M. F.’s of the component coils. The E.M. F. on the other half 
E would be equal and opposite. 

The nature of the induced vol- 

tages as collected by the 

nd isas shown in Figure 
1S 


In the | diagram the 
ordinate represents the scale 
Fig. 201 of E. M. F. and the abscissa 
represents the rotation of the 
coils. The curves a, b, c and d represent the variation of the E. M. 
F.'s of four equispaced coils on the armature, Since the resultant 
E. M. F. at the collecting brushes at any time is the sum of the 
individual E. M. F.’s of all the coils at that time, the effective 
voltage of the machine is -given by the wavy line FG, which is 
obtained at any point by summing up the ordinates of the four 
curves at that point. The larger is the number of the coil on the 
armature, the more uniform is the output voltage. 


The nature of generation of the induced E. M. F. within the 
armature coils and in the external eircuit may be understood on 
reference to a representative diagram as given in Figure 200, in 
which each coil on the ring is replaced by a single turn of wire. It 
is evident that with a complete rotation of the ring any one turn 
undergoes a complete revolution in the magnetic field, Hence 
taking the start of a coil from the position A, we notice that as it 
comes to the position which is diametrically opposite to the 
Starting point A, it makes half a revolution and that during this 
period the E.M.F. acting in it would be in the same direction as 
indicated by the arrow-heads over the coils. Again,during the next 
half revolution, the E.M.F. acting within it would be reversed, as 
shown by arrow-heads. Hence, if the two brushes B,B be attached 
to the commutator K at such positions that they divide the cycle of 
E.M F. into two halves in opposite directions, they would always 
collect electricty in the same direction, as shown by the two signs 

and—. Consequently, if an external circuit be connected 
between the brushes, a unidirectional current flows in it. 

In a practical form of adynamo there is a number of coils 
wound upon a cylindrical piece of 
iron at an equal inclination. To 
facilitate, coiling, linear grooves 
are cutonthe body of the cylinder, 
through which pass turns of the 
coils. Such a system of coils con- 
nectedinseries on the ironcylinderis 
called the armature. The terminals 
of each coil are connected to two 
metal strips insulated from each 


Fig. 202 —Armature coils 
other. All these strips are arranged over a small cylinder, on which 


Pt. I1|E—20 
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the collecting brushes touch from opposite sides, Figure 202 
shows an armature coil of a D. C. Dynamo. 

Field magnets may be of a permanent magnent type or an 
electromagnet type. Smaller dynamos are of the permanent 
magnet type: but larger ones are always excitrical current. 
Moreover, the field is often produced by more then two poles. 
Figure 203 shows an actual D ©. generator. The shaft of the 
armature coil is connected by a fly-wheel ( driving wheel ). The 
fly-wheel is connected to an engine either by belting or by gearing. 
Thus when the engine is started and is coupled with shaft, the 
armature revolves and consequently the brushes on the opposite 
sides generat a P. D. deiending upon the speed of the armature. 

Direct Current Motor—It is a device for converting electrical 
energy into mechanical energy, being just the reverse of a dynamo. 
The principle of coustruction of a direct current motor is the same 
as that ofa D. C. ; 
dynamo, It works 
upon the principle 
that whena current 
from an external 
source is passed 
through the arma- 
ture coil, there is a 
couple acting on 
the coil tending to 
rotate it contin- 
uously. As there 
is a number of 
coils wound on’ the 
soft iron armature 
at different angles, 
the moment of the 
couple at any 
position of the armature is almost uniform. The armature shafc 
is provided with a pulley and a belting arrangement, which conveys 
the motion outside. 


j Electric Fan—Operated on direct current, the electric fan is, in 
principle, a direct current motor consisting of an electro-magnet 
producing a fleld. In series with the exciter coils there are two 
carbon rods pressed by springs on two segments of the commutator 
of the armature coils. The free terminals of the circuit are connec- 
ted to the mains through a switch and a regulator. The shaft of the 
armature carries an attachment, to which the blades of the fans 
are screwed. 


*145. Field Magnet System—The magnet, which creates the 

- exciting field, may be either a permanent magnet or an electro- 

magnet. In most cases, when a large power is to be delivered, 

electro-magnets are used. Such magnets are excited by a current 
from a battery of cells or from the dynamo itself. 


Fig. 203—D. C. Generator 


——<—_ a, 


ee 
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Even when the dynamo is not working, a field magnet possesses 
a slight amount of residual magnetism due to retentivity of the 
material of the core. Consequently, when the armature is revolved, 
a small E.M.F. would be produced in it: Due to the commutator 
the current in the outside circuit would be uni-directional. The 
current is made to circulate through two coils wound over the poles 
of the electro-magnet in a proper direction so as toincreaseitsfield 
strength and consequently to increase the induced E.M.F. of the 
armature. In order to strengthen the fields the armature in its turn 
sends stronger current through the magnetising coils. In this way 
the armature and the field coils mutually help each each other to 
charge the electro-magnet to the saturation limit in order that the 
dynamo may supply the desired output to the external circuit. 
The material of the core of the electro-magnet should have high 
permeability and.as such, it is made of mild cast steel. The supply 
of current to the field magnet may be carried out in any of the 
following ways. 

Serics-wound Field —In this system the exciting coil of the field 
isin series with the external circuit. The 
armature of the dynamo is shown by A, 
and the field coils by © in Figure 204, The 
external circuit, where the power is supplied, 
is shown by the thick zigzag line at the top. 
At is only when the external circuit is 
closed that current flows through the field 
coils and so power is developed, As the 
current in the external circuit rises, the 
voltage developed in the dynamo increases 
continuously up to a certain limit, Beyond 
this limiting value, the voltage is fairly 
constant, This is the disadvantage of the 
series wound machine. That is why it is 

Fig. 204 seldom used. now-a-days. In) some types of 
generators and large automobiles series- 

wound fields are used. z 
Shunt-wound Field—In this system, the exciting coil of the 


, f Fig, 206 
field is parallel to the external cirouit, In Figure 205, A repie- 


Fig. 205 
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sents the armature of the dynamo, the charging coils of the 
magnet being C, C and the external circuit being LRL. The 
charging. coils and the circuit LR are parallel. There is a 
regulator attached to the exciting coil with which current in 
it may be regulated. This has the advantage that even when 
there is no current in the external circuit, the field coils may be 
operated so as to get the proper field sirengh. But since the 
charging coils and the supply lines are parallel, the voltage 
developed gradually drops down as the current in the supply 
line increases. It is conveniently used fora small power supply 
viz., for house-lighting, cinema operation, ete. 


Compound-wound Field—In this type ( Fig, 206 ) two pairs of 
coils are wound over the pole pieces of the field magnet, one pair 
of coils ( S, S ) having a small number of turnsin series with the 
supply lines L, L, and the other pair C, C, having a large number 
of turns in parallel. Since such a winding of coils isa combination 
of series and parallel fields, it is called a compound+wound field. 
This class of dynamo has the combined property of a series type 
and a parallel type, Consequently, for a considerable change of 
current in the external circuit it develops fairly constant P, D. 
at its terminals. All direct current generators belonging to the 
compond-wouad type are capable of handling large powers. 


EXERCISES ON CHAPTER XII 


Reference 

Art, 130 1. You are pivenacoil of wire, whose ends are connected to 
a Sensitive galvanometer and also to a bar magnet. The follow- 
ing experiments are then made — 


() Vg end of the magnet is suddenly introduced into the 
coil, 


(ii) The magnet is suddenly withdrawn. 


(iii) Experiments (i) and (ii) are repeated with the other 
end of the magnet. 

Describe carefully what you would observe in every case and 
summarisethe resultsof yourobservation, What wouldhappen, 
if the bar magnet remains stationary and the coilis suddenly 
brought near it ? 


Art, 131 2. The induced E. M.F. is proportional to the rate of change 
ofthe number of lines of force. Discuss the statement. 

(Nag. U.—1972 ; Guj. U.—1973) 

3. State and explain the Laws of electro-magnetic induction. 

(Del. H, S.—1968: P.U.—1956, ‘62; Pat. U.—1963; Raj. U. 

—1963; V. U.—1962; Del U,—1962,” 73; C. U.—i956; 

Mad.U.—1960; E.P.U.—1960; Bom, U.—1960, 61, 66) 

Art 131 4. State and explain Lenz's Law. Show that it follows from 

the principle of conservation of energy. (Utk. U —1962; Andhra 

U.—1961; Del. U—1967; C.U. — 1963: P, U. —1963; Pat. U,—1958) 


Arts, 5. A rectangular coil of 180 turns with sides 16 cm and 20 
31 & 38 cm. is rotated in a magaetic field of strength 1200 gaussss, The 


Art, 131 
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Reference 


Arts, 
133&.134 
Art, 134 


Art, 134 


Art. 136 


Art, 137 
Art, 138 


Art. 139 


Art, 140 


Art. 138 


Art, 142 
Arc. 143 


Art, 144 


Art, 144 
Are, 144 


Art, 144 
Art, 145 
Art, 145 
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coil takes 6 seconds to go from a position parallel to 
the field toa position perpendicular to the field. What is 
the average E.M.F. generated in the coilin the case? Will 
this E. M. F. depend onthe axis of rotation? Give reasons 
for your answer. (Guj. U.—1957) 
A, 0°1152 volt, 
6. Distinguish between the phenomena of self-induction and 
mutual induction. . (Bom, U.—1962; P. U.—1967) 
T. Write a note on self-induction, 
(Utk, U,—1965; Gan, U—1971; Nag. U.—1960, ‘72) 
8. Describethe construction and action of an induction coil, 
drawing.a neat diagram, (Utk,U.—1954, ‘62, E.P.U,—1960, *72; * 
U. P. B.—1952, *62, *65; Del H.S. 1956, ‘61, 73; Del. U.—1973; 
P. U.-1960, *63, '72; Rej. U.—1963, '65; Poo.U.--1970; 
Gau, U, 1962; Bom. U,—1972; Guj. U—1964) 
9. Describe and explain the action of any electrical device 
which enables you to obtain a very large E.M.F. from a 
source of small E. M.F. d 
10. Write a note on Arago’s disc, (Nag.U.—1971) 


11, Obtain an expression for E. M,F., induced ina coil rota- 


ting in a magnetic field with uniform speed. 
(Bom, U.—1961 ; Poo, U.—1973) 


12, Write a note on A. C. Dynamo. 
(P, U. — 1958, *69 ; E, P.U. — 1962) 
13. Describe the means by which coils rotating in a magnetic 
field may be arranged to furnish (a) alternating current and (b) 
direct current, on a commercial scale. (Bom.—1970) 
14, Explain what happens when a circular coil connected to 
asensitive galyanometer is rotated about its vertical diameter 
in the earth’s magnetic field. (Pat. U.- 1961) 
15. A coil having 50 turns andasingle turn area of 200sq.cm. 
is rotated in the earth's magnetic field sbout a vertical diameter, 
If the number of revolution per second is 20, calculate the maxi- 
mum E, M. P. in volts induced in the coil, (H=0°35 gauss). 
A, 0'0044 volt, 
16, Write a note on earth inductor. 
(Utk, U,- 1962: Nag, U,7-1971) 
17. Write s note on Transformer, 
(P. U.—196R, “71, Guj. Ù —1961, 74, Del, H. S.—1964, 
B. H, U.—1950 ; Pat U.—1962; Poo. U.—1964; 
18. Describe the construction and use of step-down tranfor- 
s (And. U —1962) 
19, Describe the construction and explain the working of an 
electric fan, Show how the power consumed can be measured. 
iB. H. Us—1961) 
20, Write a note on D. C. Dynamo (Guj. U.—1961, ,65 
Del. H.S.—— 1960, ‘72;Mad. U,—1962; P. U.—1963, 69,71) 
21. Describe the construction and action of a D. C. Dynamo. 
(Nag. U,—1963 ; P, U, —1965, Mad, U,— 1960 ; R. P. B. 
—1961 ; B. H. U. —1960 ; Bom. U.—1970) 
22, Write a note on electric motor. 
(P, U.—1956, 71, Del, H, $,—1963, C, U.—1962) 
23. Give the construction; and explain the working, of a 
shunt-wound dynamo and a seriesewound dynamo. (Nag, U—1970) 
24. What are the series-wound, shunt-wound and compound- 
wound dynamos. (Nag U,--1969) 


met. 
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CHAPTER XIII 
TECHNICAL APPLICATIONS OF ELEOTRICITY 


146 Application of Electiicity— Properties of electric current 
have found various applications in everyday life. Forexample, the 
heating effect of current has been utilised in electric lamps,stoves, 
furnaces, etc, which have already been described. The electroly- 
tic action of current is utilised in electroplating and in metallurgy. 
The magnetic effect of current is also utilised in various simple 
machines,some of which have alredy been described. The following 
are further applications of the magnetic effect of current. 

Electric Bell—It is an apparatus for operatingabell withan elec- 
tric current. If consists of a U-shaped electro-magnet M, the two 
limbs of which carry two coils of insulated copper wire wound in 
üpposte directions and. are connected in series (Fig. 207), 

ne terminal of the coil 
is connected by a wire 
ito the base of a spring S 
carrying a soft iron 
‘armature A which tou- 
ches a contact screw Cin 
its normal position. The 
end of the armature is 
provided with a hammer 
H. resting against a bell 
G. The other terminal of 
the coil is connected to 
the left binding screw 
B, while the screw C is 
connected to the right 
binding screw B. Fig. 207—Electric Bell 


On now completing the circuit through a voltaic cell L and a 
key K, the current flows through the electro-magnet which then 
attracts the armature. This causes the hammer to strike against 
the bell G and produce a sound. As soon as armature is attracted 
towards the eleotro-magnot, an air gap is introduced. between the 
contact screw C and the spring S. This breaks the electric circuit, 
and vhe current stops: So the electro-magnet loses its power 
of attraction and the armature springs back to the original position . 
due to the action of the spring. This again completes the circuit 
The process is, therefore, repeated automatically and the bell is 
continuously rung by the hammer so long as the key is kept. 
closed. ‘An electric bell is often provided with a pusy key K in its 
circuit, which consists of a button and a spring. By pushing it the 
eireuit is closed and the bell is operated. An electric bell may be 
operated in an alternating current after making the current 
unidirectional by rectification, 


. the knob the lever is put to 


; 
ART. 147 TEOHNICAL APPLICATIONS OF ELEOTRIGITY 311 


147. Electric Telegraph—It is an electrical system, by means 
of which messages may be transmitted and received between any 
two statjons. A complete telegraphic apparatus consists of : 

(a). a transmitter, the function of which is to make some 
electrical operations to produce the codes of messages. 


(b) a line, which serves as a medium through which messages 


are electrically transmitted and, 
(c) a receiver, the function of which is to receive the signals. 


Transmitter—1t consists essentially of a key, known as the 
Morse key, after the name of its inventor (Fig. 208). On a 
rectangular ebonite plate there is a straight brass piece AB 
capable of tilting about a horizontal axis at its middle part. The 
axis is electrically connected to the middle binding screw L. There 
are two other binding screws P and Q fixed at the ends of the ebo- 
nite plate. To each of them a metal contact piece is attached. The 
lever AB in its normal position is pulled by a spring 80 that the 
end B is in contact with the binding screw Q. An ebonite knob K 
is attached to the other end ^ i 
of the brass lever. By pressing 


contact with the point P and 
so the points P and L are in 
metallic contact. The point P 
is connected to one terminal 
of a battery of cells, the 
other terminal being earthed: 
The point Q is directly con- 
nected to the earth. The 
central binding sorew is in 
communication with line wire. 

Telegraphic Line—Line wires are generally overhead wires made 
of copper, aluminium or iron and supported on vertical posts. 
Tho wires are insulated from the posts by porcelain cups fastened 
ound lines are sometimes preferable, since 


to cross pieces. Undergr i f e 
their durability is much longer against atmospheric action and 
other violences. An underground line consists of a number of 


insulated copper wires held together in à lead sheath which, in 
turn, is put in cast iron or earthen-wire casing. 

When the line is to be taken through sea, it must be very carefully preserv- 
ed against the corrosive action of salt water, For thisreason the core consisting 
ofa number of insulated copper wires is well-protecred in a thick layer of 
guttapercha coating, which in ite turn is. covered with an iron wire casing 
and tarred hemp. This is called a Submarine Cable. 

Telegraphic Receiver—This is of the Morse type and consists of 
a vertical electro-magnet m fixed to a non -condueting stand (Fig. 
209). One terminal of the coil is earthed, while the other goes to 
the line. There isan armature fixed to a lever, one end of which 
moves between two contact screws d and b. The other end of it is 


Fig. 208—Morse Transmitter 
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attached to a spring S, which keeps the armature ordinarily in 
contact with the point 6. When current flows through the 
electro-magnet, the armature is drawn downwards and it strikes 
against the point a and makes a “i 
sound. Again, when the circuit is 
broken, the armature jumps back 
against b and produces another 
* sound. Thus by closing the circuit 
for short and long intervals, short 
or long sounds can be produced. In 
this system the messages are recei- 
ved by long and short sounds which 
are called dashes and dots respecti- 
vely. In the improved type ofa 
receiver there is an automatic 
arrangement for recording a dot Fig, 209—Morse Sounder 
or a dash on a moving tape, corres- 
pondig to a long or a short sounds. This is called an ink-writer- 


In the Morse code, each letter corresponds to a combination of 
dots and dashes. Thus A is represented by (—.), B by (—...), and so 
on. 


Relay—The fluctuating current for transmission of messages 
in the line wire by 
the above arrangement 
becomes too feeble to 
affect the Morse sounder 
when the receiving 
Station is at a great 
distance. To magnify 
the effect an appliance 
known as a relay is 
commonly used. lt 
consists of an electro- 
magnet R and a very 


Fig. 210—Telegroghic Relay 


light soft-iron armature at the top (Fig. 210).. The electromagnet 
R is placed in the line cirouit. When current flows in the line, 
the electro-magnet is charged and the armature being drawn down- 
wards strikes a contact screw. Thus a local circuit consisting 


of RE battery B and a sounder S is completed, and the sounder 
works. 


Principle of Transmission and Reception—Figure 211 represents 
an arrangement at two stations © and D having telegraphic connec- 
tion. At the stations C and D, 


K and K^are thé Morse keys, B and B“ are. the local batteries, 

R and R'are the Relays and S and S" are the Sounders. 

If now the key K of the station C is pressed, the battery circuit 
B is complete through the key K, the relay R, the line wire, the 
relay R^, the key K^andthe earth which Serves as the return of 
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the current, So both the relays are actuated, which draw their 
armatures, thus completing the local battery circuits including the 


Fig. 211—A Simple Telegraph Circuit 

sounders. The armature of each soundere strikes against the lower 
contact screw so as to produce a click, Again, when the key is 
released, the battery circuit is disconnected and the armature of 
each sounder springs back against the upper contact screw to 
produce another click, Thus by operating the key, long and short 
sounds corresponding to dashes and dots can be produced and 
thereby transmitted to the other receiving station. 

Again, by operating the key K^ at the station D, codes can be 
despatched tothe station C in a similar manner. It is to be noticed - 
that a single wire can be used at a time for the transmission of 
messages in one direction only. There is, however, an improved 
and a more prevalent system, called the Dupleix system, in which 
messages can be simultaneously despatehed and received at the 
8ame station. K 

148. Telephone—It is an electrical arrangement, whereby 
between any two stations speech or music may be conveyed. The 
essential parts of a telephone circuit are,— 

(a) a Transmitter, (b) a Receiver and (c) a Line. 

Telephone Transmitter and Receiver—The telephonic system was 
jnvented by G. Bell 
in 1874. The trans- 
mitter consists of a 
long permanent, 
magnet M enclosed 
in an wooden casing 
(Fig, 212). Round 
one end A of the 
magnet there is a 
coil C of many turns 
of insulated wire 
which is Kopt fixed Pig. 212—Telephone Transmitter snd Receiver 
withina groove in 
the casing. By two wires L, L the two terminals B and C of the 
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coil are connected to the binding screws T, T. There is a very 
thin sheet of iron, called the diaphragm D, which is stretched 
across the end A ofthemagnet and is very close to it, In front of 
the diaphragm there isa conical opening E which is called the 
mouth piece, The binding screws T, T are connected to the line 
wires. In some type of a telephone receiver a mica diaphragm 
D is suitably mounted before a mouth-piece H (Fig. 212). The 
centre of the mica diaphragm is connected with a light frame to 
a soft-iron rod A serving as an armature before a permanent 
magnet M, over which is wound a coil of wire. 

Principle of Action—Figure 231 represents the simplest possible 
scheme of connections between two telephonesdesignedtotransmit 
and receive speeches. Two identical telephone receivers are con- 
neoted by line wires L, L. In speaking before one telephone air 
pulses of alternate condensation and rarefactionare produced which 
pass through the mouth-piece and impinge upon the diaphragm, 
The diaphragm is thus thrown into a state of forced vibration and 
it makes the armature move periodically near the magnet pole- 
When it comes nearer the pole, the magnetic flux through the coil 
increases ; but as it recedes, the flux diminishes. Thus with the 
to-and-fro motion of the armature there is a periodic change of 
magnetic flux within the coil. So an induced current of a fluctua- 
ting nature circulates through the coils and the line wires. 


Fig, 213—Principle of a Telephone Circuit 

. Ai the receiving station the same fluctuating current passes 
through the coil of a similar apparatus. The coil thus behaves as 
a solenoid and acts inductively on the pole of the permanent 
magnet. Since the current through the coil fluctuates, the pole- 
strength of the magnet undergoes a periodic change instrength and 
pulls the armature periodically. 
Thus when the magnet attracts it 
strongly, the diaphragm is more 
bent towards it. This periodic 
bending of the diaphragm ig 
equivalent to a vibration. The 
nature of vibration executed by 
the diaphragm of the transmitter 
is similarly presented by the 

Fig. 214—A Receiver diaphragm within the receiver, so 
that the receiver faithfully reproduces the sound. 


The form of the receiver, stated above, has got two principal 
defects, viz, (i) the sound produced within a receiver is faint and 
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(ii) the tone received is of a very poor quality. A slight improve- 
ment is noticed by connecting a battery in the line, For such 
reasons a more improved type of receiver is used nowadays. It 
consists of a U-shaped permanent magnet having limbs M,Mcarry- . 
ing a coil at each pole P. A fine steel diaphragm is placed 
just in front of the pole pieces (Fig. 214). Two coils are con- 
nected in series and the terminals are finally joined to the line 
wires from the two binding screws T, T. By the introduction of 
both the poles near the diaphragm any vibratory motion of the 
latter induces a stronger current within the coil andinthe line wires. 

149. Carbon Microphone Transmitter—It was observed by 
Hughes in 1878 that a slight variation of pressure at the surface of 
contact between the two pieces of carbon rods produces a large 
variation of electrical resistance at their interface. He utilised 
this property in constructing a very sensitive telephonic 
transmitter. 

In its modern form it consists a small chamber C loosely filled 
with granules of carbon (Fig. 215). Two thin carbon plates form 
the front and back walls of the chamber, The centre of the 
diaphragm D is rigidly fixed with the front carbon plate. E is a 
central mouth-piece used to concentrate the sound. There are two 
wires, one attached to the diaphragm and the other to the carbon 
plate at the back ofthe chamber. The poles of the battery are 
colinected in series with the line wires, 

When a sound is made before the 
mouth-piece, the diaphragm vibrates to- 
and-fro and the granules are alternately 
compressed and loosened. This sets up a 
large alteration of resistance between the 
carbon plates and thus the current from 
the battery undergoes a fluctuation. This 
fluctuating current is led along line wires 
to the receiver, the diaphragm of rio i5 : 
' thus made to move in a way similar to 
that of the transmitting diaphragm. The Seeders 
quality of the tone transmitted by a carbon microphone iB not. so 
satisfactory and hence it is replaced nowadays by improved micro- 
phones, 

Flectro-dynamic  Mieropbone— The apparatus consists of a 
„small permanent magnet M. of a pot type with one pole piece con- 
verging to the other but leaving a small 
cylindrical air space between them (Fig. sn 
216). An aluminium diaphragm D is STA 
stretched across the pole-pieces. The 
diaphragm is provided with a cylindrical 
extension protruding into the air space of 
the polepieces. A coil of very fine wire is d t 
wound over this cylindrical extension and 
the two ends of the coil are connected to Fig. 216 
the primary of a step-up transformer T fixed at the back of the 
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magnet. The secondary of this transformer is connected to some 
suitable amplifier circuit. To guard againt dirt and other things 
the diaphragm is covered with a silk piece S. The whole thing is 
enclosed in a metal casing B having perforations at the front side. 


When speech is made before the djaphragm, its vibration is 
communicated to the voice coil V. The vibration of the coil in the 
magnetic field sets up induced current in it which goes to the 
primary coil of the transformer, Thus a larger fluctuating voltage 
is developed in the secondary. This voltage is further multiplied 
by an electronic amplifier and is finally sent through an electro- 
dynamic speaker, 


Electro-dynamie Speaker—A larger and more efficient type of 
receiver consists of a large paper cone C which is capable of 
vibrating along its axis ( Fig. 217 ). A permanent magnet (or an 
eleotro-magnet ) M is constructed 80 as to haye two cylindrical 
pole-pieces forming an air gap of uniform annular section, This 
ensures a strong but uniform, fleld all round the annular airspace. 
The apex of the paper cone is provided with a hollow paper oylin- 
der, on which a coil of thin insulated wire is wound. This is 
known as the voice coil. The size of the paper cylinder is such as 
to fit in ihe annular air space of the magnet with just enough 
clearance for a free axial motion. The paper cone with its cylin- 
der is held in position by a spider line. Ifa sufficiently strong 
fluctuating current is sent through the voice coil, the cone vibrates 
likewise and produces a sound. To actuate the vibration of the 
paper cone a moderately large electrical power is necessary. For 
this reason, an electro-dynamic speaker is not used in an ordinary 
telephonie circuit. Such speakers are used nowadays in all radios, 
amplifiers and talkie machines. 


Moving Iron Speaker—A loud-speaker of a cheaper variety is 
provided with a permanent horse-shoe type magnet with hollow 
pole-pieces (Fig. 218). Pivoted at P, a soft-iron rod A serves as an 
armature. Connected at one end with the armature and supported 
horizontally on a support U, a thin metal rod R carries the paper 
cone C, A coil of wire, whose section is VV, is rigidly fixed within 
the pole-pieces. This coil carries the amplifled speech current. 
This pulsating current produces a periodic change of magnetic 
ọrces on the armature which thereby vibrates and make the paper 
cone move likewise. 


150. A Simple Telephone Cireait—Figure 219 illustrates an 
arrangement of circuit between two stations, each being provided 
with a bell receiver and a microhone transmitter, For any station 
the following are the parts :—the Receiver R, the Mouth-piece M, 
the local battery B, the Primary circuit P and the Secondary ( or 
the line) circuit S both wound ona soft-iron rod. Each of the 
two stations (1) and (2) has its component parts correspondingly 
subscripted. 
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` Principle of Action —When a sound is made before the mouth- 
piece, the diaphragm vibrates. This causes a fluctuating current to 
fiow through the primary circuit P producing a change of flux 
within the secondary coil 8. Induced periodic current in the line 
circuit affects the receiver of the other station, 


In a city telephonic system there are arrangements which *ena- 
bles any transmitter to be connected with and receiver. For this 
to be possible there isa central telephone exchange, where line 
from every telephone is connected to the Exchange Board. The 
operator there can make a connection between any two lines and 
thus enables two persons at different localities to talk to each 
other through the telephone. In the modern form of telephone 
the connection between any two telephone line at the Central 
Exchange is sometimes done by an automatic dial which is con- 
trolled by the speaker from any receiver. 


*151, Two—Wire Electric Supply System—Electricity for 
domestic and other purposes can be conveniently supplied to a 
small locality directly by a Direct Current Generator or by A, © 
Generator. In the case of direct current supply the power lines 
are directly connected to the collecting brushes of the generator. 
These wires are kept either overhead or underground and are laid. 
out in a locality for the supply of electricity. One of the wires, 
which is always maintained at a higher potential, is called the 
positive wire and the other, kept at a lower potential, is the negative 
wire. The lower potential wire is generally made earth connected. 
In the case of the alternating current supply there is no fixed 
positive or negative wire; each wire is alternately at a higher 
and lower potential with respect to the other. 


Fig, 220 - Three-Wite Distribution System 


'Three-Wire Distribution—In some big cities like Calcutta, there 
is a modified form of direct current supply known as the Three- 
Wire distribution system, In this system the two D. C. Dynamos 
of an equal power output and of 220 volts are connected in series 
maintaining a constant potential difference of 440 volts at their 
free terminals. The wires leading from the two free terminals are 
called line wires. The link connecting the two dynamos is earthed. 
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There is a third wire which is connected to the earth form- 
ing the neutral ( or the dead ) wire. Now a difference of 220 volts 
can be obtained between any of the live wires and the neutral wire 
by assuming that the two live wires are individually maintained 
at +220 and — 220 volts with respect to the neutral wire. 


The supply main to each house consists of one of the live wires 
and the neutral wire. In figure 220the house Misinstalled with the 
negative live wire and the neutral wire, while the next house N 
gets the supply from the positive live wire and the neutral. In 
order to make a balanced distribution of current between the two 
live wires, alternate houses are supplied with the positive wire, 
and the intervening houses with the negative. 


House-wiring—Figure 221 represents the scheme of wiring in 
a small house containing two rooms and a corridor. Two wires 
form the main supply lines are taken to the house to be supplied 
with electricity and are connected at the meter board M. Of the 
two wires, the neutral wire is earthed from the board, while a 
kilo watt-hour meter is connected in series with the live wire 
through a fuse. The supply from the meter board goes to the dis- 
tribution board D through the main switch Si. The distribution 
board is an appliance, wherby the current consumed at the house 
is drawn through a number of independent circuits, each with a 
separate safety fuse at the board. ‘The advantage of this 
method is that if there is an accidental short circuit at any part 
of the circuit, the fuse corresponding to that part would blow 
out and that circuit would be inactive. But the other circuits would 
not be affected. In the diagram two distribution lines have been 
shown,—one for the two rooms and the other for the corrider. 
From the distribution board the two wires are led into different 
rooms of the house, the live wire being shown as a continuous line 
and the neutral wire as a discontinuous line. Tae lamps and fans 
in each room are all directly connected to ths supply wires soas to 
be in parallel, the switch S being in all cases connected to the live 
wire. The advantage of such a connection is that the voltage at the 
terminals of each lamp is the same and equals that of the mains. 
The switch to operate a lamp is a type of key, by which the lamp 
circuit maybe connected to or disconnected from the mains. When 
the switch for any particular lamp is turned on, the circuit is com- 
plete through the live wire, the filament of the lamp aud the neu- 
tral wire. Thus a currént flows continuously through the lamp to 
make it glow. 


In a staircase sometimes a lamp may be operated by either of 
the two switches placed at the top and the bottomof the staircase. 
Such a pair of two-way switches areshown by T. T. the lamp L 
being placed intermediate, SM represents a substraction meter, 
where-from two three-pinplugeTP start out. For heavy consumption 
apparatus ( such as, a heater, an electric iron, a motor, ete.) the 
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electric company charges cheaper units, which are recorded in the 
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Fig. 221 —Scheme of House-wiring 


substraction meter. To guard against electric shocks, a separate 
earth line is connected to the metal body of some apparatus. 


Long-distance Power Supply — When the supply of electricity is to 
-be made over a long distance, the supply ines become unduly 
long and would thus have a considerable resistance. Moreover, the 
lines carry & large current. So there is a continuous loss of energy 
from the power lines in the form of heat due to the Joule effect. 
Since heat produced is proportional to the square of the current, 
a large current-bearing line would lose a co38iderable amount of 
energy in the form of heat. For this reason a direct current gene- 
rator is not suitable for a long distance power supply. 


In the case of long distance supply, the power lines are fed 
with an alternating high voltage with acomparatively low current. 
In such a case the heat loss is small. The power lines from an A. 
C generator from the primary cireuit ofa step up transformer. The 
function of the transformer is to transform in its secondary asmall 
current undera comparatively large altenating voltage. The secon- 
dary circuit serves as the power lines to distant places. To use 
the power, step-down transformer is used, whereby a large current 
ig obtained at a lower voltage. To transform the D. O. supply toan 
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A. C. supply, the procedure usually adopted is to operate an A. 
C. Dynamo by means ofa D.C. Motor. This device is called a 
Converter. In Calcutta there is number of electric sub-stations 
installed at different localities, where the incoming alternating 
current is transformend into the direct current and then supplied 
to the consumers. 


152. Uses of Dynamo-electric Machines—Because of advantages 
enumerated below, electric power is gradually becoming more 
popular than steam or other powers: An electric machine is 
smaller in size and can therefore, be installed with greater ease. 
lt is free from smoke or dirt and so the operator can work comfort- 
ably. For the same power, especially for low powers, an electric 

. Machine can be run at a lesser cost than other machines. The 
efficiency of au electric machine is higher than a similar machine 
run by steam or other fuel. 


The most common uses of electric motor are found in electric 
fans, water pumps, printing machines, hydraulic presses, cinema 
projection apparatus, etc, The motors vary in size and powers. 
Under a given voltage a motor of large horse-power takes in a 
greater amount of current. In order to regulate the speed ofa 
motor, therefore, the current through it must be regulated. Hor 
this reason, an adjustable rheostat is sometimes provided in series 
with the motor. By turning a handle, different lengths of the 
rheostat can be put into the motor circuit and thereby current 
can be controlled, 


In electric tram- 
trolley cars or in 
electric railways 
there are powerful 
electric motors 
placed within the 
engine room. The 
Fig, 222—Principle Electric Tramcar armature shaft of 
the motor isin some way geared to the wheels. On passing a 
strong current through the motor the armature rotates and the 
revolving motion of the armature is conveyed to the wheels, The 
speed is always controlled by regulating the strength of the 
current with an adjustable rheostat controlled by the operator, In 
the tramways the overhead wire aud the lines underneath serve as 
the two lead wires froma generator which maintains a constant 
potential difference (Hig: 222). Inthe Calcutta Tramways the 
P.D. between the overhead wire and the tramway line is 440 
volts. The inclined metal rod system known as the trolley is 
made to touch the wire from the roof ofthe car and thus makes a 
contact between the line and the overhead wire through the elec- 
trie motor fixed within the car. This completes the circuit and 
ihe motor begins to work. The operator regulates the current 
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through the motor and thereby controls the speed of the car. 
When the car is to be stopped, the motor cireuit is disconnected 
from the power lines. 


EXERCISES ow CHAPTER XIII 


Reference 
Art, 146 1, Explain with a neat diagram the action of an electric bell, 
(P. U.—1968 ; Dac, U.—1966 ; C. U.—1950, 57 ; 
Gau. U.—1962, 65; Utk. U—1973 ; Del. U.—1960) 
Art, 147 2. Describe briefly, giving clear diagrams, the working ofa 
telegraph, receiving and transmitting both ways, (P, U.—1967) 
Art. 147 3. Describe the principle of Morse's sounder, 
(Del. U—1965 ; P. U,—1964, *69) 
Art. 148 4. Describe the principle of an electric telegraph, 
(Del, H. 8.—1965 ; Del. U.—1971 ; C. U.—1950, 57) 
Art, 148 5, Describe briefly the principle involved in the working of 


a telephone. (P. U.—1967 ; R. P. B.—1962; Del. U,—1969; C. U — 
1947, '50'63 ; Dac, U.—1962 ; Utk, U.—1971) 
Art, 148 6. Write a note on microphone. 
(U. P. B.—1969 ; Del. U.—1967, '70 ; Pat, U—1962 ; 
Gau, U,—1971; Urk. U—1962 ; P. U.—1964,'69 ; 
Nag. U, —1970, ^72) 


Art, 149 7. Write a note on Loud-speaker, 
Art, 149 8. Explain the use of a telephone transmitter, 

(C. U.—1957 ; Utk. U. —1970 ;. Del, H. $,—1966) 
Art, 149 9. Draw a plan of simple telephone connections between two 


stations explaining the principle involved. 
(P. U.—1960, '63, '71 ; E. P, U.—1972) 
Arts, 10, Write a note on Telephone, 
148 & 149 (Del. H. S,—1961 ; Del, U, —1965, *67, '70) 


CHAPTER XIV 
MODERN ELECTRICITY 


153, Conduction of Electricity through Gases—It has already 
been stated that at normal pressuresgasesin. general are very poor 
conductors of electricity, Under ordinary conditions, electricity 
does not pass across two electrodes placed a few centimetres apart 
in air. But when the potential difference is made very high (e,g., 
several thousand volts), a series of sparks pass between the elec- 
trodes, attended with sufficient heat, light and crackling sounds. 
For a spark gap of lcm. in air at normal pressure, the sparking 
potential difference is about 10,000 voltswhen the electrodes have 
sharp pointed ends, 


But if the gas be enclosed in a tube which can be gradually 
evacuated by means of a pump, the gas is found to conduct more 


Pt II/E—21 
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electricity with the degree of evacuation. The nature of the dis- 
charge passing through the tube at different stages of exhaustion is 
different from one another and presents a variety of appearances. 
The phenomena of discharge of electricity through rarefied gases 
were investigated by many scientists including J- J. Thomson, 
W. Crookes, W. Rontgen and others, who have all made valuable 
contributions to Atomic Physics. 


Discharge at Low Pressures—In order to study the phenomena 
associated with the electrical discharges at low pressures an appa- . 
ratus as shown in Figure 224 is required. It consists of a glass tube 
with rounded ends and provided witha side tube which can be 
connected to an air pump. A suitable manometer can also be 
connected with the tube to read the pressure of the enclosed gas- 
Two electrodes A, K, generally of aluminium, are sealed within the 
tube and can be connected from outside with a high voltage source, 
e.g., from the secondary terminals q and b of an induction coil. If 
now the air pump and the induction coil be worked together, the 
following phenomena would be successively observed within the tube. 


(a) When the pressure within the tube is a little above 1 mm. 
of mercury and the voltage across the electrodes is just sufficient 
to maintain the current, there is no visible discharge within it. 
There is a luminosity confined to each electrode, while the major 
part of the tube remains dark. This is called the dark discharge. 


(b) With a little more exhustion an almost unbroken band of 
light appears to extend from the anode to the cathode. This is 
known as the positive column. The colour of the positive column 
depends upon the nature of the enclosed gas. With air the colour 
is red, with hydrogen reddish, with nitrogen red, etc. 


The discharge through different gases at this pressure is utilised 
for many demonstration 


purposes. The gases are @ 6 


enclosed in tubes of == a; 

various shapes having mos m 
electrodes at their ends. Fey 
When a discharge is sent 

through such a tube, the = 

whole length of the tube - 
glows with a- colour K 
characteristic of the gas 

enclosed and presents a n 

beautiful ^ appearance. To air pump 
Geissler's tubes are illus- Fig. 224—Positive column 
trations of these. Suoh discharge tubes are often used to 
investigate the emission spectra of gases ( Fig 225 ). 


Now-a days advertisements are extensively doae with positive 
column. Tubes with enclosed gas under a reduced pressure 
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are constructed inthe shapes of various letters, figures or 
objects. At the terminals of each tube two electrodes are 
fused and a steady voltage 
is applied. Thus the entire 


= length of the tube glows 
i which gives an illuminated 
impression of the object of the 


Fig. 225 letter after which the tube is 
T d constructed. With neon gas the 
colour of lightis red and with argon, itis blue. Sometimes a number 
oftubes containing different gases are connected one after the 
other, so that the whole combination glows and presents a very 
attractive appearance. Such a design is called a Neon Sign, 

(c) As the pressure is reduced to about half a millimetre of 
mercury, the poitive column breaks down into a nnmber of dis- 
connected patches of light, called striations, separated from one 
another by dark intervals. At the same time a bluish light, called 
the negative glow, appears at the cathode. This glow is distiactly 
separated from the striations by an ill-defined dark space called 
the Faraday dark space. 

(d) When the tube is still further exhausted, the whole train 


Fig, 226—Discharge at Low Pressures 


consisting of the striations, the Faraday dark space and the nega- 
tive glow moves towards the anode, leaving another dark space 
known as the Crookes’ dark space between the cathode and the 
negative glow, while the cathode jtself is covered with a pale 
velvety glow called the cathode glow. Ia Fig. 226, C, E and N 
represent respectively the positions of Crookes’ dark spaco, nega- 
tive glow and Faraday dark space within a discharge tube. 

(e) As the pressure of the gas is still further reduced, the 
striations begin to move towards the anode, and when finally the 
pressure is reduced to 10-5 to 10-* mm..of mercury, they vanish 
altogether, leaving the inside of the tube dark. At this stage a 
beam of invisible rays* proceeds normally from the cathode and 
causes fluorescence on the walls of the tube where it strikes. It 
would be seen subsequently that this beam consists of streams of 
negatively charged particles and is called cathode rays. If the 
evacuation within the tube bs carried on still further till the space 


x The track of the rays through tube is made slightly visible due to a 
faint violet colour, most probably due to striking of the rays wich the gas 
molecules, producing fluorescence thereby. 
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within it is almost a complete vacuum, the discharge refuses to 
pass across the electrodes for any amount of applied potential 
difference. The discharge at this stage may pass through the out- 
side air or even through the glass walls and may cause damage to 
the tube. 


154. Cathode Rays— When discharge tube is run at a pressure 
of 10-* mm. of mercury (or even less) by connecting its two 
electrodes to the terminals of the secondary of an induction coil, 
almost nothing is visible inside the tube except a slightly coloured 
patch of light on the wall of the tube opposite the cathode. This 
coloured glow is called fluorescence. The colour of this fluorescence 
depends on the composition of the glass of the tube. The fluores- 
cence is green with soda glass and blue with lead glass. This 
phenomenon is due to a beam of invisible rays, which start 
normally from the cathode and strike against, the wall. The rays 
aro found to consist of a stream of negatively charged particles of 
mass much smaller than that of a hydrogen atom These streamers 
are called cathode rays, which are, in fact, electrons moving 
with considerable speed. 


Properties of Cathode Rays— Subsequent investigations have 
shown that the cathode rays have got the following properties : 


(1) The rays travel in straight lines.—To demonstrate the rectili- 
near propagation of the rays, a discharge tube is taken, in which 
the cathode takes the form of a disc with a slight convexity 
outwards and the anode is provided with a mica cross insido 
the tube ( Fig. 227 ). When the tube is ran, a well defined shadow 
of the cross is cast upon the 1 
wall behind the anode. This 
proves, that the cathode rays 
travel in straight lines. 


(2) The rays leave ihe 
cathode surface normally.—This 
can be well verified from an 
Observation of the experiment 
stated above, for although the 
cathode is anextendedsurface, 
rays starting from it do not 
produce any penumbra of tho Fig. 227 
cross on the wall. If the cathode be a plane surface, the cathode 
rays travel out parallel; or if it be concave, the rays would be 
brought to focus very near its centre of curvature, 


(3) The rays produce fluorescence on some substances on which 
they strike (e.g., green fluorescence on soda glass, etc). 


(4) The rays convey a considerable amount of kinetic energy.— 
This can be demonstrated in two ways. First, the rays can by their 
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impact produce mechanical motion on a very light object. A very 
light wheel with a num- 


ber of mica paddles atta- 
ched to it, is placed in 
such a way within the 
discharge tube that the 
rays canstrike the upper 
half of the wheel (Fig. 
928). On running the 
tube the wheel is found 
‘ to rotate due to the 

Fig. 228 mechanical pressure of 
the rays. Secondly, when the rays are stopped by a fixed object. 
heat is developed in it due to the conversion of the kinetic 
energy into heat. A piece of a metal placed in the path of the 
cathode rays is considerably heated, thus showing the latter effect.* 


(5) The rays are deflected by an electrostatic field. —When the 
rays are made to pass in à direction at right angles to an electro- 
static field, the rays would be bent from their normal course. This 
shows that the particles composing the rays carry electrical charge. 


Devised by J. J, Thomson to show the effect, the apparatus is 
shown in Figure 229. 1t consists ofa long evacuated glass bulb 
having a plane cathode C at one end. The anode A is a metal 
cylinder With a narrow bore and is fixed at the narrow part of the 
discharge tube. Beyond the anode the bulb widens and is covered 


Fig, 229 Fig, 230 


air-tight at the extreme end by a fluorescent plate F. Two identical 
metal plates E are fixed parallel to each other within the bulb and 
are connected outside by two conductors DP. 


; pakai RI et L 
*The association of kinetic energy with 
the fact that such rays consist of an assembly of verv fine material particles 
moving with very high velocities ranging from 10° to 10'° cm. per second, t.e., 
about so to $ of the velocity of light. The average mass of each particle has 
been found to be 9'0x 10-*° gm. or roughly isso of the mass ofa hydrogen 
atom, These are the lightest particles ever discovered and are called electrons, 


'a stteam of cathode rays is due to 
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If the terminals ofthe secondary of an induction coil are con- 
nected to C and A, (C being kept at the lower potential), cathode 
rays would emanate from C. A thin beam of rays would find its 
way through the hole of the anode and would travel straight to 0, 
where a fluorescent spot would be observed. 1f now the terminals 
P, P be connected to a battery of cells with a large E.M.F., the 
upper plate being kept negative, the fluorescent spot would move 
downwards to a point N. Thisshows that the beam of cathode 
rays is influenced by the electric field between the plates. Further, 
since the beam is repelled by the negative plate and is attracted by 
the positive plate, it is concluded that cathode rays carry negative 
charge. 

(6) The rays are deflected by a magnetic. field —Yf the pole ofa 
Strong magnet be brought near the discharge tube, the rays are 
found to be bent. This effect can be shown by the apparatus 
(Fig. 229) where instead of an electrostatic fleld a magnetic field is 
applied. "The pole-pieces M, M of an electro-magnet are placed in 
a horizontal position in the region occupied by the plates. A 
section of the discharge tube at right angles to the plane of the 
paper is shown in Figure 280. When the magnetic field is applied, 
the beam of eathode rays is deflected either up or down the hori- 
zontal magnetic field: This is due to the fact that a moving elec- 
trie charge is equivalent to an electric current. An electric current 
placed in a magnetic field experiences a force in the direction given 
by Fleming’s Left hand Rule. Thus cathode rays, placed in a 
magnetic field, would tend to move at right angles to both the field 
and the direction of the rays and would consequently bend away 
from their course*. 


(7) The rays carry negative charge—That the cathode rays carry 
negative charge was conclusively proved by Sir J. J. Thomson with 
an apparatus shown in Figure 231. The apparatus consists of a 
discharge tube having 
two glass bulbsD and 
H connected together 
with constricted 
part R, the bigger 
bulb having an elon- 
gated part M which 
is obliquely connec- 
ted. The cathode C is 
@ small flat disc ; but 
the anode A is asmall 
metal cylinder having 
x a narrow bore, On 

Fig. 231 running the discharge 
; tube, cathode rays 
are ejected normally from the disc and a fine beam of rays 


* Sir J. J. Thomson took anatrow beam of cathode rays and made it pass 
through an electrostatic and a magnetic fieldof known strength, By measuring 
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finds it way through the cylindrical bore of the anode to the 
point P of the bulb. There is a metal cylinder F within the exten- 
ded part whose sides are covered by a bigger and earth-connected 
metal cylinder. The reason for earth—connecting the metal 
cover is to ‘shield the inside cylinder from any stray electri- 
cal effect, ‘The cylinder F is connected to a sensitive gold-leaf 
electroscope. If the cathode rays be examined with a sensitive 
electroscope, it is found thab the rays consist of negatively charged 
particles. Thus electrons are negatively charged particles, each 
carrying an amount of charge 4802 x 10-*° e. s. unit or L6 x 107*? 
coulomb. ‘The smallest known electric charge i8 that of an electron. 


(8) The rays can penetrate small thickness of matter without 
producing perforation—This was first demonstrated by Lenard. He 
took a thin sheet of aluminium forming a window in the wall of 
the tube just opposite the cathode and found that the cathode rays 
could pass into the outside air through the sheet. The portion of 
such rays in air is called Lenard rays. Ina similar way cathode 


sing that there are empty spaces within every substance. These spaces are 
called intra atomic and intramolecular spaces. Cathode rays pass sbrough 
matter like swarms of bullets passing through a perforated wall; those, tl t 


les must be smaller than the inter-atomic spaces in order that they may reely 

pass through matter. The radius of an electron has been Calculated to be 

approximately «9% 107? * cm. while that of the intra-atomic holes is of the 

. order of 107? cm., nearly 50,000 times that of an electron. Thus electron can 
easily pass through a small thickness of matter. 


(9) The rays can ionise a gas—To ionise means to break up 
ofthe gas into parts which are electrically charged. 
ively charged nucleus and a few orbital 
nder normal conditions the amount of charge in the 
nucleus and the total charge on the revolving electrons are equal 
and opposite. The cathode particles during their impact with an 
atom actually knock out some of the orbital electrons from their 
arent atoms which are thereby positively charged, the electrons 
themselves forming the negative parts. When gases are ionised, 
ch better conductors of electricity. ‘The reason is 


they become au r reason i 
that the charged particles within a gas move in the electric field in 
opposite djrections and thus convey the current. 


155:  Flourescent Lamp—Electrical discharge through gases ab 
days in producing 


a moderately low pressure 18 utilised now-a- 


ait 
f the charge e and the mass m 
e cathode rays could be determined. He foun 


ments 
same value. 
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bright fluorescent light at a fairly low running cost. Figure 232 re- 
presents a glass tube of 
1 to 1} inches in dia- 
meter and with lengths 
generally varying be- 
tween 18 inches. and 
48 inches, depending Fig 232 

upon the wattage of the lamp. The tube is generally fixed with 
terminal rings ( marked with black belt ) to & board behind. At 
each end of the tube there is a small coil of tungsten wire, called 
the filament, which is coated with an electron-emitting material, 
and the terminals of the coil are brought outside as shown by AA 
and BB. Within the bulb there is argon gas at a moderately low 
pressure of a few millimetres of mercury anda verysmall quantity 
of mercury. The inside surface of the tube is coated with zinc 
silicate, cadmium silicate or calcium tungstate according to the 
colour effect desired- 


The method of connection of a fluorescent lamp ina circuit is 
shown in figure 233. P and Q represent the teminals to be connect- 
ed to the mains which may supply a direct current or an alternat- 
ing current: If the effective voltage of the mains be higherthan the 
voltage necessary to run the lamp, aresistance should be connected 
in series to drop the Voltage to the required extent. A large coil 
of wire wound on a soft 
iron core C, called the 
ballast choke is connect- 
ed in series and the two 
heating coils A and 
Hig 233 B are connected with a 


passage through the tube partially condueting, On now releasing 
the switch, the current in the circuit tends to fall toa zero value 
and the self-induction of the choke creates amomentary high voltage 
impulse to start the discharge between A and B through, the tube. 
Once discharge starts the electrons move with a high speed froma 
lower potential to a higher potential, collide every now and then 
with argon atoms and give out the characteristic colour of argon. 
In a short time mercury also vaporises due to heat and the lumin- 
ous radiation inside the tube is that due to a combination of argon 


Now-a-days due to the supply of alternating current mains 
almost every where the push-button switch is replaced by an 
ordinary switch S with a starter switch S, (Fig. 934). When 
the switch Sis on, the electric circuit is complete through the 
choke coil C, filament at B, starter switch S, filament at A back 
to the switch S. A current of about -8 ampere flows through 


al 
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the filaments and the preheating starter. Thus à glow is set up 
in the starter and the heat developed within the starter is 
sufficient for the bi-metallie strips to bend and touch each 
other. The starter resistance is dropped to zero and the mains 
current rises about 1°5 amperes. This havy current produces 
sufficient number of electrons from the filaments. But due to 
bimetallic strip touching each other, the glow disappears, the 
strips get cooled and become straight. Thus there is a disconnec- 
tion in this part and the condenser C, discharging through the 
fluorescent lamp gives it a temporary high voltage for the start 
ofthe lamp. Once the lamp starts to glow, the illumination is 
maintained. The condenser C, has another advantage in so far as 
it by-passes undesired radio 
s interference, The capacity of the 
uy) C, is about 8 microfarads and 
is used to compensate useless 
loss of energy in the alternating 
current circuit. 


The radiation from argon and 
mercury is mainly confined to 
blue, violet and ultra-violet. The 
ultra-violet radiation is positive- 
ly injurious to eyes and healthy 
tissues. For this reason a coat- 
ing with some fluorescent mate- 
rial is made inside the tube. 

Fig. 234 This coating absorbs the violet 
and the ultra-violet protions of the radiation and re-emits the 
bluish green radiation. Due to the absorption of ultra-violet 
radiation from the discharge, the filtered radiation from a fiuores- 
cent lamp does not however, affect eyesight. The usual life of 
such a lamp is rated 1000 hours. More than 50% of the electrical 
energy is converted into light energy in a fluorescent, lamp, while 
about 209%, of the energy in an ordinary electric lamp is converted 
into light, This speaks for the higher efficiency ofa fluorescentlamp, 

#156. Positive Ravs—If a discharge tube be provided with 
holes on the cathode plate and if it be run with some gas at a low 
pressure, a different type of rays is sometimes found to pass through 
the cathode into the space behind it. This was. first, noticed by 
Goldstein. Since the rays pass within the discharge tube from the 
anode to the cathode in the direction from a higher potential to a 
lower potential, they must carry positive charge. For this reason 
such streamers are called Positiv rays. 

With a modified apparatus, Thomson 1910 measured the ratio 
of the charge to the mass of these particles. His apparatus is shown 
in Figure 235, which consists of large discharge tube in which the 
anode is a straight metal rod and the cathode is a hollow metal 
cylinder placed at the constricted ' part of the tube. Two paral- 
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lel metal plates are fixed just beyond the cathode and they 
Plates for 


/ Electric Field 
Ps : 
| Phorographic 


Plate 


Anode 


Cathode 


Fig 235 
may be connected to the terminals of a battery of cells to produce 
an electric eld. The electro-magnet is placed with its pole-pieces 
behind the plates, so that the electric and the magnetic fields are 
parallel to each other- 

On now simultaneously producing the electric and the magnetic 
fields, and with running the discharge tube, he found that positive 
particles struck the plate at various points, the locus of which 
mapped parabolas. He obtained photographs of such parabolas and 
by measuring the ordinates of a parabola, he found out the ratio of 
the charge and the mass (e/m) of such positive particles. He found 
that unlike the cathode rays, this ratio for the positive rays was 
different for differont gases introduced into the discharge tube and 
that for one and the same gas, it was nearly a constant. He thus 
concluded that the rays consist of atoms of gases, which have lost 
one or more electrons and are thereby positively charged. Thus the 
particles were assumed to hepositively charged gaseous ions. Thomson 
was also able to calculate the masses of the positive ray particles 
in direct comparison with a hydrogen atom and also to 
compare the relative masses of the individual atoms. This provided 
a method distinctly superior to the chemical method of measuring 
the atomic weight, since the latter gives only the average mass 
ofa number of atoms, while the former measures it for individual 
atoms. 

For an electron of charge e (ine.m u.) and of mass m in 
gramme, Thomson's earlier measurements in a cathode ray tube 
gave the fraction 


e 
ea! 1760 x 107 e.m.u. per gm. 


Hydrogen ions, generally known as protons, of charge e (e.m.u.) 
and of mass M gm. as obtained in » positive ray discharge tube 
gave the value : 

e 


y =9578 x 10? (e.m.u. per gm,)- Thus a e 


M m7 OTS 10 7 1599. 
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This shows that a hydrogen ion ora proton is 1836 times 
heavier than an electron. In this way, by measuring the ratio of 
the charge to the mass of other elements, their atomic masses 
could be compared with that of hydrogen: 

In measuring the atomic weight of neon (at. wt.—20:2) he found 
that along with the atoms, each of atomic mass 20, there are a few 
atoms of neon of mass 22. These heavier atoms cannot be distin- 
guished from the lighter ones by any chemical process, since they 
have identical chemical properties. Such substances are called 
isotopes. Thus neon consists of isofopes having atomic weights 20 
and 22. The existence of such isotopes in the radio-active substances 
was demostrated by Rutherford, Soddy and others ; but Thomson 
showed that ordinary elements also contain isotopes. 


Isotopese—In 1919, Aston devised very ingenious apparatus 
known as tho mass spectrograph, by which the isotopes of an 
element could be accurately detected. Since then, almost all the 
elements have been examined by means of mass spectrograph and 
their isotopes have been found. Thus hydrogen is found to contain 
atoms of mass land a very small percentage of mass 2, called 
heavy hydrogen or diplogen. A rare isotope of hydrogen, called 
the triton’of atomic mass 3 has also been observed. but this is 
unstable. Oxygen contains isotopes of masses 16, 17 and 18. The 
isotopes of mass 10-0000, which forms 99:76% of the natural 
oxygen, was taken internationally the standard, with respect 
to which masses of other elementary particles were measured. 
Since 1960, the standard is an isotope of carbon of mass 12:0000 
Mercury and Xenon have each as many as nine isotopes. Tin 
has got the largest number of isobpes, ten in all, 

It might happen that the mass of an isotope of a certain 
element may be equal to the mass of an isotope of a different 
element. In that case the two different isotopes have got identical 
atomic weights ; but they differ in chemical properties. They are 
called isobars. 


157 X-rays—In course of investigations on cathode rays in 
1895, Prof. W. Rontgen of Wurzburg in Bavaria almost neoidont- 
ally found that a fluoresent screen (such as a barium platino- 
cyanide plate), which happened to lie near the discharge tube, 
glowed whenever the tube was turned on. ‘The glowing of the 
Screen did nob stop, even when the discharge tube was coated with 
a thick black paper. The action of the screen was due to some 
radiation from the discharge tube, the nature of which could not 
be explained in those days. Therefore, the name given to such 
aradiation was X-rays or simply Rontgen Rays after the name of 
its discoverer. Subsequent investigations on X-rays have proved 
that the radiation consists of electro-magnetic waves of very short 
wave-length—much shorter than that of the visible light. The 
radiation takes its origin from a place inside the discharge tube 
struck by the cathode rays. 
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X-ray tube —The X-radiation from an ordinary cathode ray tube 
is not very well-defined. Nor is it intense. For this reason more 
improved types of tubes have been constructed. Figure 236: repre- 
sents the section an old type. Tt consists of a large spherical bulb 
provided withthree 
projecting side tu- 
bes. Each side tube 
has a metal elec- 
trode sealed into it. 
One electrode, 
which serves as the 
cathode, is provi- 
ded with an alu- 
minium discO made 
slightly coneaveto- 
wards the anode 
side. Just opposite 

Fig. 236 —X«ray tube to it there is ano- 
ther electrode A which serves as the anode. There is another 
electrode ending in a circular disc B of some metal of high melting 
point, usually of platinum or tungsten. It is placed between A and 
Cnearly at the centre of curvature of C. This is called the anti- 
cathode or simply the targei. Tie anode and the anti-cathode are 
connected together by a metal wire. The pressure within such a 
iube is kept at 0:0001 mm. of mercury or even less. An X-ray 
tube in perspective is shown in Figure 237. 


The Principle of Action—Thé cathode is connected to the low 
potential terminal and the anode to the high potential terminal of 
tho secondary section 
of a powerful induction 
coil. On running the in p 

i 
M 


duction coil, the action 

within the X-ray tube ti 
Starts, as is evident 
froma greenish flour- 
escence on the inside 
wall of the tube oppo- 
site the anti-cathode, $ Fig, 237 


The individual function of the two anodes in an X-ray tube is not vety 
clearly known, Butit has been observed that the introduction of the anode in 


of beam having its apex at the Point of a target stuck by the cathode rays, 
The target is made of some metal having a high melting point 
(e.g. tungsten platinum or molybdenum) in order that the heat 
generated by the impact of the cathode particles might not melt it. 
In some tubes, which are used continuously, there are cooling 


"T O 


ART. 157 MODERN ELEOTRIOITY 333 


arrangements by the circulation of water round the anti-cathode. It 
may be noted that only a very minuie fraction ( 0:2% to 0:3% ) of 
the total energy is converted into X-radiation and that the rest 
appears in the form of heat at the anti-cathode. There is another 
form of X-ray tube, called the Coolidge tube, in which the cathode 
is a loop of tungsten or a platinum wire, The wire is heated by 
passing a current through it and thereby electrons are emitted from 
its surface, which constitute the cathode ray particles. Such tubes 
work with a muoh lower voltage and are more prevalent in use 
now-a-days. 


158. Properties | of X-rays—The following sre the principal 
properties of X-rays : : 


(!) The rays travel in straight lines and are invisible to the eye. 
—The rectilinear propagation of X-rays can be demonstrated by 
placing a suitable obstacle, ih the path of the beam, whereupon a 
shadow of the same appearance as that of the object would be cast 
upon a fluorescent screen. 


(2) The rays can pass through substances which are opayue to 
ordinary light and the penetrability of the rays can be adjusted.— 
Paper, cotton, wood, flesh, leather, eto., are transparent to X-rays. 
But they cannot.readily pass through heavier substances, eg., iron, 
lead, bone, etc. Thus it is possible to see the bones through the 
flesh by means of X-rays, The type of rays with greater penetra- 
ting power is termed hard X-rays, while the rays from a tube, in 
whieh the degree of vacuum is not go high, possess less penetra- 
ting power and is termed soft X-rays. 


(8) Under suitable conditions the rays arc reflected and refracted 
like ordinary light.—During the early part of this century many 
attempts to reflect and refract X-rays proved unsuccessful. But 
later on, in 1923, Compton was able to show that the rays could 
be regularly reflected from a well-polished glass surface at nearly 
grazing incidence. On the other hand, using an obtuse-angled 
prism, Seigbahn has obtained the refraction of an X-ray beam and 
also its dispersion spectra. 

(4) The rays exhibit interference, diffraction and polarisation— 
When a beam of X-rays is incident on the surface of a crystal at 
a definite angle of incidence, there is a series of reflected beams at 
different angles. This can be explained by assuming that the rays 
like ordinary light obey the laws of interference and diffraction, the 
phenomenon being similar to the incidence of ordinary light on a 

lane reflection grating. The direct diffraction effectes froma 
plane grating have been demonstrated in 1928 by Compton and 
Wadlund. 

X-rays, directly obtained from an anti-cathode, are only feebly 
polarised ; but the secondary roattered radiation of the rays as 
obtained by the incidence of the primary X-rayson another surface 
shows a marked polarisation like that of thesky light. 
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(8) The rays produce fluorescence on some substances and also affect 
a photographic plate.—Some substances (¢.g., barium platino-cyanide 
or calcium sulphide, when placed in a beam of X-rays, emita 
greenish light. The phenomenon is called fluorescence: Again, ifa 
photographie plate be placed in the path of an X-ray beam, it is 
found to be darkened at the regions struck by the rays. Hence 
fluorescence and photography are the methods of detecting 
the presence of X-rays. 

(0) The rays can ionise a gas through which they pass.—When a 
beam of X-ray passes through a gas, the molecules of the gas are 
broken up into positively and negatively charged particles and 
the gas as a whole becomes a better conductor of electricity. If 
two plates maintained as a potential difference be placed in such 
an ionised gaa, the ions begin to move to the plates and produce 
an ionisation current through the gas- This current can be mea- 
sured with a sensitive electrometer. Thus the ionisation current 
furnishes another method of detecting the presence of X-rays. 


7) The rays are not deflected by a magnetic or an electro-static 
jfield.—This can be demonstrated by passing a beam of X-rays 
through the space between the pole-pieces of an electro-magnet or 
between the plates of a charged condenser. The spot on the screen, 
where the rays strike, is marked by fluorescence, The fact that the 
fluorescent spot is not shifted by setting up either the magnetic 
field or the electric field proves that the rays are undeflected by 
either field, 


Nature of X-rays—Since the properties of X-rays bear so much 
resemblance to those of light. X-rays are supposed to consist of 
electro-magnetic waves. The difference between the two is only 
in the order of the wave-length. For visible radiation the range of 
the wave-length is from 7800 A. U. to 3900 A. U., while for the 
ordinary X-rays the range is from 3 A. U. to 1 A. U. ( 1 A. U.— 
1078 om. ), The hardest or the most penetrating type of the rays 
has got a wave-length even less than 1 A.U. Tt is thus seen that 
a wave of visible light is a few thousand times longer than a wave 
of X-ray radiation. 


Since the frequency of a wave is inversely proportional to the 
wave-length, the X-ray wave frequency is a few thousand times 
greater than the visible light frequency. It would be seen subse- 
quently (Art, 162) that the energy associated with an eleotro- 
magnetic wave may be supposed to travel in the form of discrete 
units and that each such unit is proportionaltothe wave frequency. 
Therefore the energy associated with X-rays is much larger than 
that of the visible radiation. It is this high value of the energy of 
X-rays that gives it the power of ionisation, etc. 

159. Applications of K-rays—The following are the various 
useful applications of X-rays. 

In Surgery—The most common application of X-rays is to get 
the interior picture of human body. The part of the human body 
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to be examined is interposed between a photographic plate and the 
X-ray bulb. On working the bulb the beam passes easily through 
the fleshy parts and affects the photographic plate. But the beam 
cannot so easily pass through the bone or any solid matter which 
might be present within the flesh, and hence the transmitted beam 


cannot act on the photographic plate. Thus on developing the 
uncut plate, a con- 


trast of light 
and shadeis ob- 
tained on it, 
This gives a 
photographic 
impression of 
the inside of the 
part under exa- 
mination. The 
positive ofsuch 
an impression 
- 4 op a photogra- 

4 ic paper is 
Fig, 238—Radiograph of a hand HE e RR dio- 
graph or simply an X-ray photograph. A bullet lodged inside a 
haman body is located very successfully by radiograph, Figure 
238 represents the X-ray photograph ofa hand. Note the bones 
and the joints revealed in the picture. 

In Therapeutics—It has been found that occasional exposures 
to X-rays are favourable for curing cancer and malignant 
‘growths. But too frequent exposures are injurious to healthy tissu- 
es and may develop into gangrene. To shield the effect of X-rays, 
the operator is provided with lead-lined aprons and lead glasses. 


In Engineering—To detect the presence of internal cracks or 
holes in a thick sheet of metal, a photograph of it is taken under 
very hard X-rays. The rays are transmitted more easily through 
the places where such faults oceur and produce some dark spots on 
the plate. Defects are thereby easily revealed. Similarly the 
homogeneity of timbers, the presence of pearls within an oyster or 
the uniformity of insulating materials can be ascertained by 
X-rays. Artificial diamonds can be detected by their greater opa- 
city in such a beam. 

In Detective Departments —Explosives or other banned materials 
kept in leather or wooden sealed baggages are sometimes detected 
by passing X-rays through them and by taking their radiographs. 
By the same means ornaments in the stomach of thieves, who may 
have shallowed those in order to avoid detection, have beenlocated. 

In Practical Sciences—Before 1912 there was no method known 
for the measurements of the wave-length of X-radiation. In that 
year Prof. Laue predicted that the wave-length of X.rays could 
be measured with the help ofa crystal. His theory was then put 
to an experimental test by Friedrich and Knipping in 1913 and 
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proved a success. Since then various observers including W: L. 
Bragg, Debye, Scherrer and others have used different methods to 
analyse the siruetwre of the crystals with an X-ray beam. 

The other line of work, led by Moseley, wasa systematic study of 
the X.ray wave-lengths by use of different elementsas anticathodes. 
The work was subsequently taken up by many scientists including 
Barkla and Seigbahn. Their contributions have revealed much about 
the structure of the atoms and the periodic classification of elements. 


160. Track ofa charged 
particle—Particles of atomic 
dimension can never be seen 
in a microscope, however 
large be its magnifying power. 
But C.T.R. Wilson has devi- 
sed an arrangement, by which 
&ny movement of a charged 
particle, however small, can 
be photographed. The appara- 
tus,in which the position or 
the path of motion ofa char- 
ged ion is determined, is 
called aWilson Chamber. 


Soon after the invention of 
the Wilson Chamber, it began 
to be used by many scientists 
in a variety of ways so as to 
investigate different types of 
radiation. Thus it was used by 
à Ped Wilson himself to determine 

( the charge of an electron, by 
Fig, 239—Track of «-particle Rutherford and Wilson to 
examine the nature of the radio-active emanations, by Joliot, Blac- 
kett and Anderson to study the nature of the positron, and by 
Milikan and Anderson to study the effects of gamma and cosmic 
radiations. In short, this wonderful apparatus has provided the 
modern physicists with an opportunity of exploring a vast tract of 
nuclear physics: Figure 239 shows the Wilson Chamber photo- 
graph of a group a «-partieles shooting out from a radio-active 
Substance. 


161l- Radio-activity—Substanceshaving certain emanations, that 
consist of waves or corpuscles or both, are called radio-active 
substances: The branch of Physics dealing with the nature and 
properties of these radiations is called Radio-activity. In an attempt 
to find out whether any naturally occurring substance had proper- 
ties similar to those of X-rays, the radio-activity was discovered by 
H. Becquerel in 1896. He placed a salt of uranium near a photo- 
graphic plate and after several hours of exposure he found distinct 
spots on the plate. He then interposed thin sheets of metal 
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between the salt and the plate, repeated the same procedure and 
found, this time also, that spots appeared on the plate, the number 
being less than before. Thus he concluded that some of the 
naturally occurring substances give out radiations, which can affect 
a photographie plate and can penetrate a small thickness 
of matter. 

About the same time Mr, and Madame Curie had been Carry- 
ing on researches in radio-activity. They found that certain 
Specimens of pitch-blende possessed radations stronger than the 
salt of uranium theyhad been using. So they suspected that pitch- 
lendo might contain a substance far more radio-active than ura- 
nium itself. Thus in 1898 after a long 
and laborious process of chemical separa- r 
tion, Madame Curie succeeded in isolating 
one or two grains of astrongly radio. 
active substance out of several tons of pitch 
blende. To this she gave the name radium, 


Thereafter, in 1899, Earnest Rutherford 
showed that radio active substances emit, in 
general, three kinds of radiations distingui- 
shable from each other by their properties. Ao 
These were called alpha-rays, beta-rays and 
gamma-rays. To analyse these radiations a 
small quantity of radium salt was placed in 
a hole ia a block of lead (Fig. 240). By this 
device te rhays from the salt were limited Fig. 241 
to a small cone. To detect the track of the rays the lead block 
was placed in a Wilson chamber. 


Alpha-rays—A magnetic field was applied at right angles to the 
direction of the rays. From the nature of ths deflection of the 
rays it was concluled that «-rays consist of positively charged 
particles. Further it was proved that each particle carries two 
units of electronic charge (v.e about 9-6x 10-*? e,s.u. ) and a mass 
4times that ofa hydrogen atom, i.e. equal to that of a-helium 
atom, So an «-particle has been identified with a helium which 
has lost two electrons. In other words, it is called a doubly ionised 
helium atom. 

On account of the considerable kinetic energy, with which an 
«-paricle is ejected froma radio-active substance, its ionising 
power is considerable. For this reason the track of an «-particle 
ina Wilson chamber presents a continuous line. It may be 
remarked that one gramme of radium freo from its dissociation 
products emits 3:72 x 101?«-particles per second, 

eta-rays—Due to the property of being able to be deflected in 
dees n electrostatic fields, it was established that f-parti- 
cles are spsedy electrons, Kaufman and Bucherer made systematic 
measurements of the ratio of the charge to the mass of B-particles, 
They found that these particles have a wide range of velocity ; 


Pi—II[E—22 


Rt 
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the most swiftly moving particles have a velocity of almost 99% 
of that of light. The B-rays have much greater penetrability than 
«-rays, but a lesser ionising power. 

Gamma rays— The fact that y-rays are deflected neither by an 
electric field nor by a magnetic field reveals that they are not 
charged particles but electro-magnetic waves. Their penetrating 

wer is even much greater than that of X-rays, inasmuch as they 
can pass through a sheet of iron 30 centimetres in thickness. The 
wave-length of the soft y-radiationbas been determined 
by Rutherford, who found that the range of the 
wave length is from 0.071 AU. to 0:04 A.U., ie., 
about a tenth of that of hard X-rays. 

Since y-rays end X-rays are go much alike in 
nature and behaviour, the origin of these radiations 
has been traced to an identical cause. Just as the 
stoppage of the cathode particles generates X-rays, 
the stoppage of the 8-particles by matter is believed 

Fig. 242 tobe the cause of y-radiations. Gamma radiations 
of still shorter wave lengths are found to come to the earth from 
extra-terrestrials sources: 

By means ofan apparatus known as a Spinthariscope, we ean 
actually count how many «-particles are shot out in any deflwite 
direction from a radio-active source over a known interval. Tho 

‘apparatus consists of a small brass tube, at the end of‘which there 
is a fluorescent screen S ( Fig.242 ). In front of the screen there is 
a vertical wire, at the top of which there is some radio-active 
substance R: At the other end of the tube there is an eye-piece 
L which can be focussed on the screen. When any charged particle 
is shot out from the substance, it strikes the screen and produces 
on ita tiny flash which is called scintillation. By counting the 
number of scintillabions. as viewed through the eye-piece over a 
known interval of time, the number of charged «-particles imping- 
ing on the screen may be found. 

Half Value Period—For any radioactive substance, the number 
of particles ejected per second is a measure of its radioactive 
strength. As the particles are ejected, its strength decreases: A 
period of time during which a radio-active substance loses half the 
strength is known as its half value period or half life. We always 
measure the emanating strength of a radio-active substance by its 
halflife. The half-lives of radioactive elements vary consider- 
ably. For radium the half-life is 1690 years, while for radon 
(radium emanation ) it is only 3-8 days. The half life of uranium 
is probably the longest about 4:5 x 10° years, 


162. Qnantum Theory and Relativity—The advent of the 
twentieth century saw two very great exponents of modern physics 
in the names of Max Planck and Albert Einstein. The advance- 
ment of modern physics is largely due tothese two pre-eminent 
scientists. 
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, Energy and Frequeney in Quantum Theory—The fundamental 
prineiple underlying the Quantum Theory was put forward by 
Planck, in 1900, in an attempt to explain the nature of the distri- 
bution of energy in different parts of the spectrum, According to 
the then existing theory, known as the Classical Theory, a body 
was supposed to absorb or give out radiations (such as, Heat and 
Light) continuously. But as postulated by Quantum Theory,a body 
18 supposed to give out or absorb radiation in the form of little 
lumps of energy at a time. He further showed that for a radiation 
ofa definite wave-length these lumps or units are all equal in 
magnitude, Soa monochromatic radiation may be imagined to 
consist of swarms of these discrete units of energy travelling with a 
definite velocity. This unit of radiation is called a quantum, 


The energy associated with a quantum is proportional to the 
frequency of radiation. Thus if E be the energy of a quantum of 
radiation of frequency v, it follows that 

Ec» or Hay. |. .. (162,1) 
where % is the constant of proportionality, known as the Planck’s 
constant and is equal to 6:628 x 107?" erg. sec. 

Tt is possible from the equation to calculate tho energy associa» 
ted with a quantum of radiation of a given wave-length. Suppose 
that the radiation is the yellow light from sodium having the 
wave-length \=5890 x 10-9 om. Then : 

4 $ veloctity ^ 2:998 x 1019 
the frequency v of sodium e E ETT a $800 x [07s POF seo. 


=5x 10** per seo. 
nO Lesh an(6-628 x 10-2*x 5x 10* 4)erg—3:314x 107??. erg, 


For an X-radiation of wave-length 2x 10-* om. the energy, 
associated with its quantum and calculated in a similar way, is 
found to be 9:64x 107? erg. This energy is found to be about 300 
times as large as that associated with sodium light. It is thus 
evident from (162.1) that as the wave-length of aradiation decreas- 
es, its frequency increases and that in consequence the energy 
associated with a quantum increses. It is for this reason that as 
we move towards the shorter wave-length side in the eleotro- 
magnetic wave scale, the energy continuously increases. This 
explains the greater penetrability of shorter waves. A quantum 
of radiation is called a photon. 

The quantum theory has often been applied to different bran- 
ches of Physics and Chemistry with s80 much of success that the 
postulate can be taken as an accepted fact, ‘The most convincing 
evidence in favour of the theory came from Compton in 1923, who 
showed that a quantum of radiation colliding f with an electron 
throws it to one side, while the quantum itself is thrown inadiffer- 
ent direction. This is exactly the type of collisioa between two 
perfectly elastic material particles. It not only proves the exis- 
tence of a quantum but also definitely established that it possesses 
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mass and momentum. It is to be noted that the postulate of quan- 
tum theory is applicable to a case where there is an interaction 
between matter and energy. 


Energy and Matter in Relativity—According to the classical 
theory, energy and matter were believed to be two distinct entities 
quite independent of each other. Physics deals with the conserva- 
tion of energy, and Chemistry with the conservationof matter. The 
Theory of Relativity establishes a relation between the mass and 
the energy, so that these two fundamental laws have been united 
into one. For example, if a mass m takes up an amount of energy 
E, the Theory of Relativity lays down that its mass increases by an 
amount E/c*, where c is the velocity of light. From this it follows 
that energy also has got mass and weight, Einstien predicted that 
heavenly bodies would attract energy dueto the gravitational force 
as though they were attracting material bodies. The attraction of 
the rays from the stars, while passing by the edge of the sun, has 
been satisfactorily verified during the total eclipses of the sun in 
1919 and 1922. A : 


Similarly, from the principlesof relativity it can be shown that 
the mass of a body increases with its velocity and thattheinorease 
in mass is appreciable when the velocity is comparable withthat of 
light. Bucherer experimentally demonstrated in 1906 that in the 
case of fast-moving -particles there is actually an increment of 
mass in accordance with the relation predicted by the theory, The 
motion of the perihelion of the planet Mercury could not beaccoun- 
ted for by the Newtonian Dynamics; but the principle stated above 
explains the phenomenon satisfactorily. It shold be borne in mind 
pier Newiogeun Dynamics holds for bodies moving with low 
speeds. 


It can be shown from the principle of Relativity that by virtue 
of its having a mass a body m possesses an amount of energy E 
given by E=mc* ee ee bd (162.2) 


Now (162-2) points to the fact that the energy equivalentto one 
gram of matter is 9 x 10?? ergs, the velocity of light being taken to 
be 3x 10*° oms./sec. Ifthis amount of energy is converted into 
heat, it is easy to see from the principle of mechanical equivalent 
of heat that 


W 9 20 
J^ : calories of heat-2:14 x 101? calories 


of heat- A fully loaded express train of mass 200 tons having a fric- 
tional resistance of 15 lbs. per ton and moving at the rate of 45 
miles per hour requires approximately a power of 87x10'*? ergs 
per second. Consequently, if the train starts with an accumulated 
energy of 9x 10?? ergs due to the annihilation energy of only one 
gram of matter, it would continue to maintain its speed fora period , 
of about 10 years. : 
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. Although the mechanism of how matter oan be converted wholly 
into energy is not known as yet, certain phenomena occurring in 
nature can only be explained by assuming sucha transformation. 
Einstein suggested that under certain circumstances and with dis- 
appearance of a small fraction of their Masses, substances might 
combine togethor. In such a case the vanishing massis accompanied 
with a production of an equivalent amount of enérgy mostly in the 
form of heat. Such an annihilation of mass with a production of 
heat has been found in some cases of formation and disintegration 
of atomic nuclei. This principle forms the basis of production of 
atom bomb, the horror and nightmare of the world. More about the 
annihilation of mass is dealt with in Art. 166, 

163. Cosmic Rays—It isa common observation that a charged 
body, however carefully insulated, gradually loses its charge when 
placed in air or even in vacuum. Elster and Geitel proved in 1912 
that the cause of such a gradual discharge was due to some sort of 
an ionising radiation unknown hither-to-fore. 

Between 1926 and 1931 a series of investigations was made by 
Millikan and Bowen in regard to the nature of this radiation. 
Experiments with a self-registering electroscope at various depths 
of lakes showed that with increasing depth the intensity of the 
radiation steadily diminishes. This indicatedthat the origin of such 
a radiation could not have been within the earth's crust as other- 
wise its intensity would have inoreased with depth. Regener, in 
1919, obtained traces of such radiation even at a depth of 230 
metres below the surface of water; this fact forced him to con- 
clude that its penetrating power is about 100 times that of the 
hardest y-rays. 


Thereafter, in order to investigate how the intensity of the 
radiation varies with height above earth's surface, similar experi- 
ments were carried on at mountain peaks and in order to attain 
even a greater altitude sounding balloons and orbital sputnike 
having self-resistering instruments were sent to different heights. 
The facts, that were collected, showed that with increasing height 
the intensity of the radiation was greater. Thus the source of 
radiation was supposed to be outside the earth’s atmosphore. Milli- 
kan called it cosmic radiation. Undertaken in 1932 and 1933 at 88 
stations all over the world, a series of experiments showed clearly 
that the intensity of the radiation increases steadily from the equa- 
tor to the poles. This provesthat a major part of this radiations 
consists of charged particles, 

On analysing the cosmio radiation as obtained in the earth’s 
atmosphere, it is found to be a mixture of very high frequency 
electro-magnetic radiations, electrons, positrons, ete, The nature 
of the cosmic radiation in empty space is not very definitely ascer- 
tained. The origin of this extremely high frequency penetrating 
radiation is a great mystry to modern physics. Outstanding physi- 
cists like Jeans and Eddington supposed that the energy of this 
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radiation is the outcome of the transformation of mass into energy, 
which is continuously taking place possibly due to very high 
temperature within the glowing nebule. On the other hand, 
Milne and Blackett suggest that this radiation is not created 
continuously but that has been present since the creation of the 
universe and is' maintained within it by the successive reflections 
at the boundary of universe. Recent researches by Bethe, Gamow, 
Bhaba and others lend strong support to the former view and 
the origin of these rays seems to be reasonably clear. 


104. Wave-like character of Matter—In 1925, L. de Broglie 
worked out mathematically that a meterial particle may be 
supposed to be made up of certain wave frequencies. Soon after, 
Schrodinger extended Broglie’s Theory in a more complete form 
and formulated a system of mechanics for the wave, known as 
Wave Mechanics, According to Schrodinger electrons, protons, etc., 
of which matter is made up, might each be regarded as a group of 
Waves or a wave-packet as it is commonly called. The group 
velocity of the wave-packet constituting the particle determines 
the motion of the particle. 


Then arose the problem of obtaining the wave-length of the wave 
of the group constituting any such particle. Broglie proved that a 
particle of mass m moving with a velocity v is equivalent toa wave- 
packet whose individual wave-length A is given by the relation. 


de. mm (163.1) 


mo 


where h=Planck’s constant. If the particle be an electron, its 


mass mis 9:1 x 10-28 gm,, if it moves witha velocity of 5x I0? . 


em. per second, then takingh=6-63 x 10-27, the wave-length à is by 
the above equation found to be 14:6x10-? om, Thus the wave- 
length of an electron moving with the given velocity is within 
the range of hard y-radiation and is experimentally measurable. 


About a year after the introduction of the concept of the wave 
nature of matter, Davis on and Germer found that like an X-ray 
beam, a beam of electrons could be diffracted from the face of nickel 
crystal. Thereby the wave nature of electrons was revealed. Later 
on the most decisive experiment was done by G. P. Thompson in 
1929. He directed a beam of high speed electrons normally against 
avery thin metal foil and obtained diffraction rings on a photo- 
graphic plate placed on the other side of the foil. Attempts to 
Show wave characteristios of free atoms and molecules have also 
proved successful. From polished surfaces of steel and glass, 
Knauer and Stern, in 1929, obtained diffraction spectra of hydro- 
gen and helium molecules, In the same year Ellet, Olson and 
others got from the surface of a rock salt diffractc 1 beams of 
mercury, cadmium and arsenic atoms. 


(000 a a 
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165. Atomic Nucleus—Investigations on atomic unclei have 
been carried out mainly from standpoints given below : 


(1) measurement of nuclear mass, 
(2) measurement of nuclear charge, 
(8) estimation of nuclear size; 
and (4) examination of exploded and disintegrated nuclei. 


Nuclear Mass— Very accurate determination of nuclear masses 
has been made by Aston, Dempster and Bainbridge working in- 
dependently with more and more accurate types of instrument 
known as mass spectrograph (Vide Art. 156), which ultimately gave 
an accuracy of 99:9999% in the measurement of nuclear mass. All 
of them, however, aecepted a unit of measurement called the mass 
unit (m. u.) 

A mass unit is defined to be an ideal mass which is exactly a 
twelfth part of the mass of a most abundantly occurring carbon 
atom, The atom according to the scale of mass unit would have a 
mass of 12:0000 m. u. It is customary to represent the mass unit 
number as an index to the symbol for the element. Thus Qs} 
represents an carbon atom having mass number 12. Upto the year 
1960 oxygen was taken as the standard element and was represented 
as O16. Remembering that oxygen has got two other isotopes 
of mass numbers 17 and 18, they can be represented by symbols 
017 and O5. It would be seen subsequently that the mass number 
represents then number of fundamental particles contained in the 


atomic nucleus. 


Oxygen, that occurs in nature, contains a mixture of these three 


types of oxygen atoms,—97°76% of O*^, 0:04% of 0*7 and 0:20% of 
O18, The chemical process of determining the atomio weight of 
oxygen as found in nature gives the mean mass of an oxygen atom 
which is about 0-039, larger than the mass unit used in Nuclear 
Physics. ‘The following consideration would simplify this. 


Consider one chemical mass unit of normal oxygen. We notice : 
m have mass 99:765 16=51596.16 


in every 100 ati 99:76% of O** 
n ed $ dee dun 017 has mass 04X17 — 0:08 


and +20% of O!* has mass 20x18 3°60 


100 atoms possess à total mass of 1600. Thus in the 
scale of mass unit as measured chemically the mean mass of an 


atom=16 0044 —O,, say. 
above O?* is=-0044 m, u. 


Thus the increase in mass O 
So thd iniae of O, above 61° for one m,u: ="0044/ 16 000275. 


This is *0275% or 03% approximately. : 
+ | 1:000000 nuclear mass unitz-:999725 mean chemical mass 
unit. Fortunately chemists now accept mass units as derived 


from Ci?'and there is no discrepancy. Bi j 
Avogadro's Number has offered a means of determining atomic 


weight, the number N. being 62:23 x 1077 molecules per gram-mole- 
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cule or atoms pergram-atom. Since for hydrogen a gram-atom is 
1 gm., the mass of a hydrogen atom 


76033 > 1932 =! :6611 x 10-#4 gm, =1 chemical mass unit, 


s. 1-000000 nuclear mass unit—-999725 x 1-6611 X 10-24 gm. 
=1-6599 x 10-24 gm. 
In other words, O!^ would have a mass of (1:6599 x 16 
X 10724) gm., =26:5584 x 10-24 gm. By knowing its mass number 
we can thus calculate the mass of any atom. 


Nuclear Charge— That an atom is mostly hollow having a posi- 
tively charged core, whose weight is practically the weight of the 


through the foil and got deflected in variousdirections. This pheno- 
menon is called scattering of «-particles by the foil. Such defletion 


radioactive nuclei. The dimension of atomie radius is of the 
order of 10-* om., while the nuclear radii are of the order of 10-13 
om. A close approximation to the nuclear radius r of a nucleus of 
a mass number A is given by the formula : 


$ «+e (165-1) 
r=l5x 10-23x A 
For example, in the case of argon nucleus of mass number 40, 


^ 3. 

its radius rz(1-5x 10-12 A )em—48x10-:3? om. With larger 
mass number the nuclear volume also slightly increases in radius, 
48 18 put in evidence by the above equation. 


Nuclear Density—For a hydrogen nucleus A—1 and consequent. 
ly, by (165-1) its radius is 1-5x10-:? cm, The mass of the 
nucleus is 1-008 mass unit—1-7 x 10-24 gm. Assuming the shape 
of the nucleus to be round and its density p. 


$7 (15x 10-29 )?5 51.7 10-24 
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1-7 x 10-24 
L38x914x ( 15x 10-48 yp 8 [e.e. 


When reduced to F, P, S, system of units, p comes out to be of 
the order 103 tons wt. per o. c., an unthinkable quantity. 


166. Examination of disintegrated nucleus—Radiations in the 
from of « and B-particles, ete, which are continuously shot out 
from radio-active substances, have been conclusively proved to be 
coming out from within the atomic nuclei, But at the beginning of 
this century scientists wondered how such constituents of the 
nuclei were thrown out. 


In order to analyse further the inner structure and constitution 
ofthe nuclei they have used penetrating radiation such as y-rays 
and cosmic rays. In order to break open the compact nuclear 
masses, they have sometimes actually bombarded them with 
equally energetic massesin the form of hydrogenand helium nuclei, 
The ultimate fundamental particles of matter, that have been 
discovered till date, are given below. 


Electron— Frequent references to the nature of this particle 
have already been made, Electrons were discovered by J. J, Thom- 
son in 1897 in connection with his investigations on Cathode Rays. 
It was afterwards observed by Rutherford in 1899 that B-rays, shot 
out by some nuclei, were nothing but’ high speed cleotrons. Each 
electron carries a negative charge of 4:802x10-'° e. s. u. anda 
mass of 9:115x 10-28 gm. when moving slowly. In the scale of 
atomic mass of carbon, which is 12-000, the of mass an electron 
is 0-000648. It is also called a negatron and is represented by the 
symbol e~ or 8-7. It is a stable particle and can exist freely in 
Space. It has the smallest amount of charge ever discovered and 
80 constitutes the fundamental unit of electricity. 

The Wave Theory of matter holds that an electron is not just 
a particle but is associated with a wave-packet or a wave-train, 
The motion of the electron is identified with motion of the centre 
of the wave group. 

It is now definitely established that electrons do not exist with- 
in atomic nuclei, but that the high speed electrons, that come out 
of radio-active nuclei, are due to secondary reactions taking place 
with the nuclei. 

Proton—It is the nucleus of hydrogen atom with mass number 
one. It is known that a hydrogen atom has got one orbital electron 
and a nucleus having a positive charge equal to that of an eleetron. 
Thus the charge of a proton is4-4:802 x 10-*° e, s, u. and its mass 
as obtained from scattering experiments is found to be 1839 times 
of an electron: In the scale of the atomic weight of carbon equal- 
ling 12-0000, its mass unit is 1.00813. i 3 

A proton is a stable particle. Until recently the belief gained 
ground that a positive charge cannot occur witha mass lesy than 
that of proton, while a negative charge of equal magnitude occurs 


whence p= 
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with a mass much lighter than that of an electron. A proton is re- 
presented by H* or p. 

Neutron— It is a particle having a mass sensibly equal to that 
of a proton but without any charge. Bethe and Becker observed 
that when stuck by «-rays, boron and beryllium emit a highly pe: 
netrating radiation. Later on Irene Curie and F. Joliot allowed 
this radiation to fall on a block of paraffin and observed that pro- 
tons were ejected from the block witha high velocity. Chadwick in 
1932 made a complete investigation of the nature of this radiation 
and suggested that it consists of material particles, each of mass 
almost equal to that of a proton but having no charge. These part- 
icles are called neutrons. The mass of neutron has been found to 
be 1:00894, Neutron is represented by n*. 

The discovery of neutron has completely changed our outlook 
regarding the structure of the nucleus. It isnow gradually accpeted 
that no electrons are present inside the nucleus, which consists 
entirely of neutrons and protons. Electrons or 8-parricles, which 
are ejected from within the nucleus, are due to transformation of 
neutrons into protons. 

Positron—It has a charge and a mass comparable with that of 
an electron; but the nature of the charge is positive. In course 
of his investigations, in 1933, on the nature of the cosmic rays 
Anderson discovered the existence of positron. He showed that 
the mass of the positively chraged particles that he discovered, 
could not be greater than 20 times that of an electron: He called 
this particle a positron, meaning thereby the positive counterpart 
of an electron. Recent determination of the rest mass number of 
positron as compared to oxygen has yielded a value of 000548 
equal to that of an electron. 


Anderson’s observation was soon verified by Blackett and 
Occhialini. The same year Irene Curie and F. Joliot showed that 
positrons also are emitted when y-rays fall upon lead. Experi- 
ments undertaken in the Physical Laboratory of the Science 
College, Calcutta in 1937 have shown that positron-electron pair 
can be produced by the action of y-rays on some other metal such 
as bismuth. It is always found that whenever a positron is ejected, 
an electron also is simultaneously ejectted, although the occurrence 
of a position in nature is far less thanthatofitsnegative companion. 
This fact was predicted mathematically by Dirac. It is believed 
that the creation ofa pair of positron and electron by y-rays is a 
case of the transformation of energy into mass. A positron is 
represented by et or ft. . 

Mesotron (Meson)—This particle has generally a charge equal to 
that of an electron. But its mass, although found to be slightly 
varying, is, on an average, 200 times that ofan electrov. A meso- 
tron may be electrically positive, negative or neutral. The existence 
of such a particle was predicted from a theoretical standpoint by 
Yukawa in 1935 : but in eonneetion with eogmie ray resenrehes its 
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discovery was made by Anderson, Street and others in 1939, The 

particle is very unstable and readily breaks up into an electron or 

positron and a photon. The penetrability of a mesotron is very 

high, inasmuch as it can pars through a sheet of lead 1 metre in 

thickness, whereas a high energy electron can penetrate 4:5 cms. 

e lead. A mesotron is popularly called a meson and is represented 
y por. 


. Alpha-Particle—An account of «-rays has already been given. It 
is the nucleus of a helium atom having an atomic mass unit of 
4-000386 and positive charge of 9:6 x 10-*° e.s u.equalin maguitude 
to two electronic clarges. Such a particleis belieyed to becomposed 
of two protons and two neutrons, the combination forming a stable 
unit. When the nuclei of elements are bombarded or when radio- 
active elements disintegrate, «-particles are emitted. This shows 
that such stable groups of two protons and two neutrons are also 
present within the nuclei. An «= particle is represented by Het. 


Deuteron— This is the nucleus of the heavy hydrogen, alsocalled 
diplogen. It has a mass unit of 2:01472 and a charge--4:802 x 10175 
e.s.u tis twice as heavy asa proton. A continuous electrolysis 
of ordinary pure water yields a residue rich in atoms of heavy 
hydrogen, This is the process by which Urey isolated heavy 
hydrogen. If heavy hydrogenis enclosed in discharge tube, then 
on passing eleotric sparks through the tube, spectradue to deuteron 
may be invest gated. The heaviest isotope of hydrogen, called the 
triton, has got a mass unit of 3.0170. A deuteron is represented by 
H3 ord, and a triton by H? orf. Triton is radio-actiye and it 
disintergrates into heavy hydrogen. 

Photon—It is a unit of radiant energy (Vide Art. 160). Although 
there is no permanent existence ofa photon within the atomic 
nucleus, it is emitted when there isa sudden influx of energy 
within the nucleus, If W be the energy associated with a photon 
of frequency v, the Wzeh», where hePlanck's constant. A photon 
is represented by Av. 

Neutrino—It is an infinitely small hypothetical particle ofa 
varible mass having no charge. Its existence was first predicted by 
Pauli and it is sometimes known as Pauli's particle. Its existence 
is assumed in order to explain the similarity of effects and proper- 
ties of the radio-active atoms, which are found to emit B-particles 
of various energies, A neutrino i8 represented by n. 


167. Energy of Formation—Assuming that an atomic nucleus 
is composed of neutrons and protons, it is always found that the 
atomic weights of lighter elements is a little less than the sum of 
the weights of the neutrons and protons composing the atom. Take 
the case of helium atom which is next to hydrogen in the scale of 
atomic weight. A helium nucleus consists of two neutrons and 
two protons. Careful measurements of its atomie weight have 
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given a value of 4:00386 mass units, Now adding the masses of 
two neutrons and two protons, we find. 


2 neutrons+2 protons=(2 x 1-00894.4-2 x 1:00813) m. u. 
=4:03414 m. u, 


Consequently, 2 neutrons and 2 protons, that combine to form a 
helium nucleus, lose 403414 — 4-00386—0.03028 mass unit. Now. 
remembering that 1 mass unit—1-6599 x 107?*gm., a loss of 0.03028 
mass unit entails a loss of mass of 0.0503 x 10-24 gm. The loss of 
mass, when an atom is formed by the combination of neutrons 
and protons, is attributed to the loss of energy. Winstein’s 
equation T gpl 162.2) offers the relation between mass and 
energy, The neutrons and protons are supposed to attract each 
other strongly and when they approach very near each other, 
work is done by these attractive forces; the energy, thus set free, 
is supposed to escape as radiation or otherwise. The loss of mass 
is, therefore, a measure of the energy of formation or the binding 
energy of the atom. 


Thus corresponding to the annihilation of -0503x 10-24 gm, of 
matter the binding energy or a helium is given by 

Ec mc? = (0:0503 x 1072* x 9 x 102°) erg4:527 x 10-5 erg. 

A like procedure shows that for other elements, such as O*5 the 
binding energy correspond to the loss of 0:1296 mass unit. Thus 
whenever a nucleus ofa lighter element is formed, a quantity of 


energy is released, which when converted into heat energy shows a 
huge amount of heat evolution, 


Nuclear Reaction—In 1919, Rutherford found that when high 
velocity «-partices are made to pass through some elements, secon- 
dary rays are produced which havea greater range than the «- 
particles. Subsequent investigations have shown that the x -parti- 
cles, so projected, enter the nuclei and are captured inside. The 
nucleus, on capturing the «-particle becomes unstable, disinte- 
grates and emits another particle almost simultaneously. This is 
known as the nuclear reaction and a typical equation may he 
represented in the form 


5B**4 2Het=7N144 nt. 
The left-hand side represents a boron nucleus of mass number 
11 containing 6 protons which is bombarded by an «-particle of 
mass number 4 containing 2 protons. The right-hand side shows the 
resulting product that yields a neutron and a nitrogen nucleus 
of mass number 14 containing 7 protons. There will generally be 


one such equation characteristic ofa bombarding particle and a 
bombarded nucleus. 


*168. Structure of an Atom—It has been already stated that 
the atom of an element consists of densely packed central mass ` 
(called the nucleus) and & number of electrons (called the orbital 
electrons) revolving about the nucleus, 


ART. 168 MODERN ELECTRICITY 349 


. The nucleus carries some positive charge, which is different for 
different elements. In the neutral state of an atom the total 
amount of negative charge of the orbital electrons is equal to the 
positive charge of the nucleus, so that there is no external electri- 
cal effect present. t 


Orbital Electrons—The radius of an atom is found to be of the 
order 10-8 cm., so that the orbital electorns are confined toasphere 
of dimension defined thereby. Bohr assumes that there are certain 
Specified orbits around the nucleus, in which the electrons revolve, 
and that while moving in these stationary orbits, electrons do not 
radiate any energy, 

. Ithas also been found that the number of the orbital electrons 
in an atom varies from element to element. Further, if in an in- 
creasing order of their atomic weights elements are arranged in a 
series, it is found that the number of orbital electrons in the atoms 
of successive elements in the series increases by one from l to 92. 
To this rule of increasing atomic weight, there are, however a few 
exceptions which has also been explained in part. An arrange- 
ments of elements in the order of the number of orbital electrons in 
atoms is called a Periodic Table and the particular number affixed 
to an element in the periodic table is called its atomic number. 
A hydrogen atom has got one orbital electron ; hence its atomic 
number is one and it comes first in the series. In a similar way, the 
atomic number of helium is 2, of lithium 3 and so on, the last 
element in the list being uranium having the atomic number 92. 
Of late, however, a few other unstable elements of atomic number 
higher than 92 have been artificially made in the laboratory. A 
periodic table of the elements is given at the end of this Chapter. 
The mumber of elements atificially made in the laboratory so far 
is 13 so that the total number of elements obtained upto dato is 


105. 

Rotating in a given orbit, an electron has got a fixed energy, 
which is known as the energy-level of that orbital electron, From 
a study of spectral lines given out by elements, it is supposed 
that there are various energy-levels surrounding the nucleus within 
an atom, These energy levels may be subdivided into a number of 
groups. Each stich group is called a sholl and each shell encloses 
a certain number of electronic orbits. For specification the succes- 
sive shells beginning from the innermost one are called 
K, L. M, N, ete. 

When energy is absorbed by an atom of an element, an electron 
from one of the inner orbit is raised to an outer orbit having a 
greater energy: But by this process of rearrangement of electrons 
the atom taken as a whole becomes unstable. To attain the origi- 
nal stability, therefore, the displaced electron jumps back to its 
former orbit, thus releasing the amount of energy it absorbed 
beforehand. This amount of energy is radiated from the atom 
in the form of monochromatic radiation given by a spectral line. 
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: Thefrequency of this radiation can be found from ( 162.1), If W be the 
amount of energy given out by an electron and if V be the frequency of the 
radiation, then W —hv, Thus knowing Wand Planck’sconstanth, the fre- 
“quency, and hence the wave-length, ot the radiation can be determined. For 
almost all elements, the energy associated with various shells have been theo- 
retically obtained. Thus the frequencies ofradiation corresponding to possible 
jae of electrons from one level to the other can be calculated Spectra of 
ydrogen and helium for all those frequencies have been actually found to 
agree with the theory. 


Nucleus—lt has already been stated that in every atom there is a 
densely packed central mass called the nucleus which has got some 
positive charge. Almost the whole mass of the atom is concentrated 
within the nucleus. It is found that for hydrogen nucleus the 
amount of positive charge is equal (in magnitude) to an electronic 
charge e. A hydrogen nucleus is called a proton. For the next 
higher element, which is helium, the mass number of the nucleus is 
4 and its charge is --2e. To account for the mass and charge, it has 
been supposed that a helium nucleus consists of 2 protons and 2 
neutrons, so that the resultant charge is +2e, and the total mass 4. 
In this way the constitution of nuclei of other elements can be 
explained, Thus in general, if A be the atomic weight of an element 
and Z its atomic number, its nucleus is supposed to contain Z 
protons and (A—Z) neutrons. 

But scientists were confronted with a great difficulty in explaining how 
protons could be packed together in such an infinitely small volume of the 
nucleus, lt is known that like charges repel each other with a force which 
varies inversely as the square of the distance between the charges, Thus in 
accrodance with the Coulomblan force, as the protons would come nearer 
to one another, the force of repulsion between them would gradually increase 
until when they are within the space of nuclear volume, the force will be so 
great that there isevery change ofan explosion in which protons will be all 
hurled out indifferent directions, | But it is found that there is ordinarily no 
such explosion within the atomic nucleus: on the contrary, there isa large 
binding force within it that holds all the protons together, Even fifty years 
ago, this was a riddle to the scientists, 


Meanwhile the neutron, having no charge and a mass equal to 
that of a proton, was discovered in 1932. It was subsequently found 
to be present in the atomic nuclei of various elements. The neu- 
iron offered an explanation of the mechanism of the binding force 
within the atomic nucleus. Heisenberg supposes that there isa 
strong attraction between a neutron and a proton when they form 
a stable pair. Thus the nucleus has a tendency of forming as many 
neutron-proton pairs as possible. The nucleus of oxygen is belie- 
ved to possess 8 protons and 8 neutrons, Heisenberg’s Theory is 
known as the Neutron-proton Nuclear Theory. 

About the nature of the binding force within the nucleus, Ga- 
mow has advanceda theory which states that the force of repulsion 
between two similar point charges increases continuously up to a 
certain limit as they approach each other and then it suddenly 
diminishes, as here the force of repulsion isreplaced altogether by 
a force of attraction. When two protons approach each other, there 
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is repulaion at first. But when the distance between them is of the 
order of 10-*? cm., there is a strong attraction between the two ; 
this attractive force unites them together, forming the nucleus. 
Such a force of attraction is called the exchange force and it exists 
within the nucleus between a neutron anda proton as also between 
a neutron and a neutron. 


Wireless Telegraphy and Telephony 


. 169. Historical Development— The very name of the subject 
implies that it deals with the principle by which code or speech 
may be conveyed between two stations butnotthrough any conduc- 
ting material medium. The history of the gradual development of 
the wireless communications is not confined to the researches of 

“one scientist ; but the idea that ‘something’ connected with an 
electrically charged body must have its existence in space may be 
traced back as far as the time of Faraday and Maxwell. It is pro- 
posed to give in this article a short synopsis of how this branch of 
physics has come to be developed both from theoretical and 
practical aspects. 

Lines of Force —Gilbert’s experiments demonstratedthat bodies 
having similar electrical charges repel eachother, while bodies 
having opposite charges attract each other. Faraday was led to 
think how such force could act upon bodies throughspace. Certain- 
ly it was not through the intermediacy of air that the forces were 
transmitted, since charged bodies were found to be influenced in 
vacuum tog. Thereupon he assumed the existence of the lines of 
force associated with the charged bodies. By attributing to these 
lines the properties of having & tension along their length and a 
pressure at right angles to their length, he could successfully ex- 
plain the mechanism of attraction and repulsion between charged 
bodies. 

170. Oscillatory Cireuit—In 1831, Henry discovered that a 
Leyden Jar sometimes discharged itself rapidly giving to-and-fro 
sparks. ‘This is called 
the oscillatory discharge 
of a condenser. Subse- 
quent investigations go 
to show that, a conden- 
ser connected to a large 
coil readily exhibits a 
similar oscillatory dis- 
charge. Figure 243 re- 
presents a typical 
circuit to demonstrate 
the oscillatory dischar- 
ges. C represents a plate 
condenser. L is an in- 
ductance coil ofa large Fig. 243—Osellletory Circuit 


number of turns and f 1 
there are two metallic sparking knobs, all eonneoted in series, The 


352 INTERMEDIATE PHYSIOS CHAP, Xiv 


Secondary terminals of an induetion collare connectedto the knobs 
and the primary circuit carries a battery and a key K. On depres- 
sing the key, the primary circuit is completed and a series of 
sparks is seen to pass across the knobs. This is so, beeause soon 
after the primary circuit is complete, the knobs on being conneo- 
ted to the secondary are charged to a large difference of poten- 
tials. This causes the insulation of the air gap to break down with 
a heavy spark and the potential difference is momentarily brought 
down to -a very small value. Again the induction coil raises the 
knobs to a sufficiently large potential difference for the second 
discharge. In this way the knobs are found to give out interrupted 
apanka one after the other, so long as the primary key is kept 
closed. 


On minutely examining a singlespark, it is found to consist of a 
number of small to-and-fro discharges across the spark gap. The 
strength of successive discharges gradually diesout untilthe Bpark- 
ing ceases. The volume of dischazge through the spark gap at any 
instant is a measure of the current passing through the cironit at 
that instant. The graphical 
relation of the variation of 
chargetaken up by the con- 
denserwithtime during the 
period of a spark is shown 
in Fig. 244, In fact, it is 
the nature of a gradually 
damped sine curve. The cur- 
rent in the circuit changes 
direction with time as well 

Fig, 244—Oscillatory Discharge as becomes continuously 
weak until it stops altogether. Then again another discharge takes 
place of the same nature as the first and this is repeated one after 
the other at a rapid rate. 


The frequency of pulsations of a discharge is very high—of the 
orber of millions of times per second or even more. So ib is impos- 
sible to follow the direction of spark at every step with unaided 
eye. There are arrangements by which such pulsating character of 

-the spark can be visualised or evea photographed. It has been 
proved that if C is the capacity of the condenser and L is the 
inductance of the coil, the pulsation frequency n of the dischirge 
is given by : 

1 
= ———— ee 
"XVI (169.1) 
assuming that the resistance of the circuit is smal. This relation 
was established mathematically by Lord Kelvin in 1853. 


The mechanism of the oscillatory nature of a circuit containing 
acoiland condenser may be understood from tha following considera- 
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lions. Let us assume that the u i 
s à pper knob ofthe spark gap is 
connected to the high potential terminal of the induction toil Reuse 


Fig. 247 


it receives positive charge, while the knob re 
Since the two plates of the condenser are 


the air gap to break down and allows a spark to pass between the 
knobs. As current Starts, the charge on the condenser plate de- 
creases and so the electric lines of force dwindle away, while the 
magnetic lines of force due to the current are established mainly 
within the coil. The effect of self-induction of the coil allows the 
current to rise up steadily to a maximum value producing the maxi- 
mum magnetic flux within the coil, just at the moment when there 
is no charge on the condenser plates. The eaergy ofthe circuit 
is now wholly kinetic as is represented in Fig. 246. 


Since at this stage there is no electromotive force present in the 
circuit, current tends to fall to a zero valus instantaneously. But 
here again the self-induction of the coil allows the ourrent to come 
down steadily and send an induced current in the same direction, 
gradully charging up the condenser plates oppositely, When this 
extra induced curreat comes to zero, the condenser plates acquire 
maximum charge and hence the E.M,F. is again maximum but in 
the opposite direction. The magnetic lines of force vanish, giving rise 
to electric lines of force and the energy of the circuit is again wholly 
Static. Such a state of the lines of force in the circuit is represented 
in Fig. 247. Again,-the P.D. between the knobs. ig just enough to 
produce a spark in the reverse direction. The self-induotion of the 
coil allows the reverse current to rise steadily to a maximum 
value during an interval in which the E.M.F. of the condenser 
becomes zero. The ‘state of the circuit is shown in Fig. 248 and 
the energy is now kinetic. When current decays, the extra induc- 
ed current flowing in the same direction charges up thetwo conden 
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ser plates till the circuit regains for a fresh discharge: The energy 
ofthe circuit is now static as shown in Fig. 249. This state of 
affairs is repeated over and over again, the current surging down- 
wards and upwards alternately with a periodicity depending 
upon the inductanceand capacitance of the circuit given by (169.1). 
A part of the energy always dissipates in the form of heat 
and a part as radiation. Hence unless fresh energy is supplied to 
the circuit, the electrical oscillations die away quickly as is indi- 
cated by the graph of Fig. 244. The energy, in this case, is 
however, supplied constantly by the induction coil and the conden- 
ser. Thus with successive discharges the circuit alternately 
changes energy between the magnetic and the electrical. This 
is similar to the oscillations ofa simple pendulum which, as it 
swings, changes energy alteraately between the kinetic and the 
potential. 


171. Electro-magnetic Theory- A lew years prior to the dis- 
covery of the electro-magnetic waves Clark Maxwell from a purely 
mathematical standpoint showed that magnetic or electric lines of 
force of a perlodically varying intensity would have the property of 
travelling through space with a finite velocity. He derived an ex- 
pression for such velocity and showed that in free space this would 
be equal to the velocity of light. He proposed atheory knownas the 
Electro-magnetic Theory, according to which all radiant energy, such 
as heat and light, propagates through space in the from of perdiodically 

' varying electric and magnetic intensities These pulses are called 
electro-magnetic waves. The distance in space, through which a 
pulse moves in a period of one oscillation of the wave, comprises 
one electro-magnetic wave-length, 


Electric Resonanec—1t is known that if two simple pendulums 
having an equal period of oscillation be suspended from the same 
elastic support and if one of them be set swing, the other also 
begins to swing. This is called mechanical resonance. \The efftet of 
resonanceis almost instantaneous since the periodic force transmit» 
ted through the support by the oscillating pendudum immediately 

{ acts upon the stationary one and makes it vibrate. In general, 
resonance occurs between two systems having an equal frequency 
of vibration. 


A similar case in electricaloscillations was observed by Sir Oliver 
Lodge. Hetook two separate circuits each containing a Leyden Jar 
and a small spark gap somewhat like the arraügement as in Fig. 
243. One circuit was connected to an induction coil and a 
series of sparks was produced in this circuit. Then with a proper 
adjustment of the other circuit minute sparkswere obtained in it, 
showing that this is in complete resonance with the first. This 
obviously happens when the electrical frequencies of the two 
circuits are equal. If L, and C: be the inductance and capacitance 
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of one circuit, and Le and Cs those of the other, then for resonance 


1 
3e 140; tas 1,07 so that L, O, =L,(,. eee OTI) 
172. Electro-magnetie radiatton— The experimental evidence 
in support of Maxwell's Theory first came in the year 1888 when 
Hertz showed that the electro-magnetic waves could be reflected 
and refracted like ordinary light. He utilised Lodge's method of 
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resonance to detect the waves. He found that increasing the 
distance between the capacity plates of the discharging circuit and 
also increasing the frequency of oscillation of the ciruit, the 
effect of resonance could be detected from a longer distance. Fig. 
249 represents the principle of an oscillating circuit which can 
send the electro-magnotic radiation to a distance. The plates of 
the condenser are represented by two discs at the ends of rod um 
separated by sparking knobs. The condenser plates are connecter 
to an induction coil and on producing sparks betweon the knobs, 
high frequency current is produced between the condenser plates 
through the spark gap. Just prior to a discharge when the tae 
plate is charged positively and the lower one negatively, t : 
distribution of the electric lines of force is like that representec 
in Fig 249. When the discharge has once started, the positive 
charge moves downwards, andthe negative charge opps. 
through the rods. "Therefoe the feet of the lines of force, wl un 
always terminate on charges, move over the rods with a speec 


equal to that of the charges. 


0} ently, as soon as the discharge starts, the lines of force 
got curved ue LIN of Fig. 250 The next moment when the septs 
on the plates are reversed, the feet of the lines of force a ES 
interchanged on the rods as shown in Fig. 261 and form a oomp ei 
loop KM. Just by the side of the loop the lines of force m Te ES 
same direction repelling on another. For this ca the eor T 
in Figure 252 becomes completely separated. Such a loop comp 
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sing an electro-magnetic pulse moves through space witha velocity 
of 186,000 miles per second. In fact, such loops are formed all 
round the spark gap. It should be remembered that one such loop 
is formed for a single reversal of charge. Ina similar way another 
loop having an opposite direction of lines of force is formed during 


contributions: Sir J. ©. Bose of Calcutta constructed in 1895 such 


a delicate apparatus as could emit and receive electro-magnetic 
waves as short as Q6 cm, in length. 


173. Open Aerial System—For transmitting signals to adis- 
tance Marconi in 1896 found it necessary to raise a part of the 
transmitting circuit high up in air and to connect the other part to 
the earth- The earth itself and the raised part consisting of a 
number of wires held paralel to the earth form two capacity 
plates. For a transmitting circuit this part is called an antenna 
and for & receiving circuit it is called aerial. Fig. 253 represents 
the principle of open antenna system ofa transmitting circuit. The 
Secondary of an induction coil is joined across the spark gap. The 
nature of electro-magnetio waves, shown in the form of electric 
lines of foree Propagated from an open antenna system, is depicted 
in Fig. 254, Noto that the feet of the lines of force run over the 


surface of the earth and that they possess alternately positive and 
negative charges at their ends. 


At the hands of Marconi the transmitting and receiving appar- 

atus made such a progress that he could com- 
municate codes of telegraphy over short dist- 
ances. Thereafter in 1896 he went to England 
and demonstrated his wonderful achievements 
inthe premises of the General Post Office. To 
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carry on with researches he obtained assistance from the British 
and Italian governments, both with men and money. Thus a rapid 
progress was made during the following years and in 1904 two 
stations were installed for wireless communication, one at Cornwall 
and another at Cape Cod spanning a distance of 3669 miles. 


174. Principle of Trani miesion— Fig, 225 represents avery oldand 
simple arrangement by which wireless signals can be transmitted. 
\ A represents the antenna 

which is connected to 
the earth E through an 
inductance coil L. The 
sparking circuit consists 
of two knobs, one of 
which is directly connec- 
ted toa slider over the 
inductance coil, and the 
other connected to the 
lower end of tho coil 
through a variable cond- 
enser C. By sliding the 
contact point, the electri- 
cal frequency of the cirout 
can be altered. The term- 
"M -il inals of the secondary of 
B K —t an induction coil I are 

Ey connected to the MM 

i induc- 

Fig 225—Simple Transmitting Circuit fer relies salad e a 


battery B through a key K. 


On closing the primary circuit a series of sparks pass across 
the knobs and electrical oscillations: are generated in tho circuit 
of the coil L, containing the antenna. It isto be noticed that if 
the induction coil produces n sparks per second within the air gap 
and since each spark produces a group of oscillations as in Fig. 
257 (A), (as mark by A, B, O), there would he n such groups of 
oscillations per seeond in the antenna circuit. Each group of 
oscillations produces @ series of loops in space which travel away 
in all directions from the antenna. When in course of such propa» 
gation these lines of forco meet another aerial, variation of 
current similar to that in the transmitting antenna is induced in it. 


is replaced by a 
E ower-transmitting station and induction coils 
high eda AE and a set-up transformer, Further, the production 
of high frequency current by sparks has become almost Ue e RUSDPE 
of high power thermionic valvesis conveniently used now-a-day Pp 


high frequency current in the transmitting antenna, 
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175. Principle of Reception— In order to receive the wirelefs 
waves an aerial with its one end raised in air and the other end[ 
connected tothe earth is 
necessary. The circuit 


should carry a variable =} 
inductance coil The auxi- 
liary circuit consists of a 
similar inductance coil, 


variable condenser, a det- 
ector and a telephone as 
shown in Fig. 266. The 
two coils are placed 
parallel to each other (or 
sometimes one inside the - X 

other) so that any electri- Fig 256 Sin ple Receiving Circuir 

cal oscillation in the aerial circuit is inductively transferred to the 
auxiliary or the twned circuit. 


Telephone 


By adjusting the condenser or the inductance, the receiving 
circuit is made resonant with the incoming waves. Atthis strge the 
eurrent variation in the receiving circuit is appreciable. The nature 
ofthe current variation in the aerial is represented in Figure 267 
(A) in which each group of orcillations is given by a single spark. 
A telephone directly connected to the circuit will not be effective, 
since due to inertia its diaphragm cannot vibrate with such a high 
frequency and the result is that it remains practically at rest 
without producing any sound. 


The difficulty was soon overcome with the discovery that cerain 
crystalline substancess possess the property of sending current 
through them mainly in one direction. They act as one-way valves 
for the electric current. These are called erystal detector rectifier. 
If such a detector be included in seriss with telephone in the rece- 
iving circuit, then one-half of the oscillating current is cut off and 
the other half is transmitted (Fig. 257, B]). These small currents 
within the telephone coils unite togetherandisthen finally dischar- 
ged as shown in Fig. 257(C). Thus with each discharge of spark 
in the transmitting circuit there is one oscillation of the telephone 
diaphragm. If there be » sparks per second, a sound will be heard 
in the phone having a frequency n. For better distinctness a small 
condenser is sometimes attached parallel to the telephone coil. 


176. Communication of Codes—-If the primary circuit of the 
induction coil at the transmitting station contains a tapping key 
whereby the circuit can be closed for long and short intervals, 
then taking a long interval to be a dash and a shorter one to be a 
dot, something like a Morse code can be despatched. The telephone 
at the receiving station records a continuous sound so long as the 
transmitting key is depressed. Corresponding to the Morse dash 
and dot atthe transmitting station equivalent long and short 
sounds are recived in the telephone at the receiving station. Thus 
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it is possible to transmit and receive telegraphic codes by 
wireless waves. 

177. Wire- 
less aed 
ny—The tra- 

(8) SER n&mission of 
i speech or 

À B C musicinvolv- 

M ae ee es theprodu- 

i ction of con- 

a LA fin J Ana tinuous und- 
* A LC amped elect- 
rical oscilla- 

tion. so as to 


À Veith. Y n produce con- 
DE EO rey VJ AIO L1 LILTS tinuous wav- 
c Vl 


(wr UNO z C es without 
A any break, 

These are 

Fig.251—R ectification of High Frequency Current called career 


waves. A microphone is included in this circuit. When a speech is 
made before the microphone than on superposing the microphone 
current upon the high frequency current in the cireuit, the combi- 
nation produces a system high frequency current having à modu. 
lation in accordance with the speech or music made. The apli- 


When such a group of waves is received by an aerial, it produces 
similarly modulated high frequency current. The current is then 
rectified and passed through a telephone, which thus reproduces 
the sound a3 that produced before the microphone. 


178, Diode ( or Two-electrodo Valve ). Tt consists of an eva- 
cuated glass 


e _Copper bulb contain- 
Cylinder ing a copper 
or alumin- 


jum) cylinder 
and a fine 
tungsten wire 
runnir g thro- 
ugh the axis 
of the cylin- 
der, but not 
touching it 


| (Fig. 258. up- 
; per) -The two 


Bi 
Fig. 259--Diode in a circuit ends of the 


hrough a non-conducting base 
Js ofa coil, As electrode at 


Tungsten 
Filament 


Fig. 258—Diode 
wire are brought out side the bulb t 


and can be connected to the termina 
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the base is ccnnected to the metal cylinder, called the plate or 
anode, while the tungsten wire, called the filament, is connected to 
the negative electrode or cathode. The general mode of represent- 
ation of a diode is given in the lower figure, in which the circle 
representes the glass body, the loop is the tungsten wire and the 
thick line is the plate. 


To understand the principle of action of the diode let the 
filament terminals be connected to a battery of cells B, through an 
ammeter A, and a rheostat R( Figure 259 }- The negative end of a 
large battery of cell B, is connected 
to the diode is connected through a 
milliammeter A, to any point of 
the large battery. When an electric 
current is sent through the fila- 
ment wire, it is heated and electr- 
ons are emitted from it. If, now, 
the plate be kept at a higher pot- 
ential than the cathode, electrons 
being negatively charged are stea- 
dily drifted from the wire to the 
plate and thereby the valve con- 
ducts a current. If on the other 
hand, the filament is kept at a 


higher potential then the plate, E A 
electrons cannot reach the plate O Np 55 100 150 
and there is no current through 

the diode. Thusa diode can send Fig.260—Doide characteristics 


current through it only when the plate is at a higher potential 
than the cathode, It is in this Sense that such an appliance is 
called a thermionio valve which has the property of sending current 
only in one direction A diode is therefore widly used for rectifi- 
cation ofthe alternating current of various fre quencies. 


To study the variation of plane current C, with the .plate volt- 
age V, of a diode, connections are made as shown in Fig 25 9. The 
yoltage applied to the plate circuit may be known from the num- 
ber of cells included between the negative end of the battery B, 
and the point of contact of the plate line. The corresponding plate 
current is known from the milli-ammeter A. If the plate voltage is 
generally increased from a zero value the plate current also incre- 
ases ; but ultimately a Voltage is reched at which the plate 
current shows a maximum, If the plate voltage be increased any 
further, the current registers no further increase Fig. 260 shows 
arelation between the plate voltage V, and the plate current C, 
of a diode. Two curves are drawn for a particular type of diode. 
-onefora filament current €,=0-5 amp, and the otherfor €;=0.6 
amp. Note that the saturation limiis for these two values of 
current are given by h and q of the plate current, 
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179. Triode and its uses— Lee de Forest of America invented 
the three electrode valve or the triode. It consists of an evacuated 
glass bulb provided with four metallic prongs atthe base (Figure 

* 261). The two prongs marked F and E are connected to a straight 
filament made of tungsten placed within the bulb. Round this 
filament there is a coaxial cylinder of wire gauge G called the grid 
which is connected to the stem. marked G. The plate P, which 
is another bigger cylinder or metal, is placed round the grid and 
is connected to the stem P^ The triode can be placed firmly on 

a suitable socket. 


The manner of connecting a triode in a circuit 
is shown in Fig. 262. Thetwo terminals of the 
filament of the triode are connected toa small 
battery Bi through a rheostat R. The current 
through the filament may be regulated by adjust- 
ing the rheostat. The negative end of a large 
battery of cell Bs is connected to the filament 
circuit and its positive end iskeptopen: The 
plate P is connected through a milli-ammeter to 
aclip shown by the arrow-head, which can be 
fixed to any point of the battery. Hence any 
positive voltage may bo impressed on the plate. 
The middle point of another battery Bs is con- 
Fig. 261—Triode nected to the filament circuit. The grid is 
connected through a wire to another clip which can be connected 
anywhere on D,. 

Current on being passed through the filament heats it and 
electrons are emitted from its surface, The plate being main- 
tained at & higher potential than the filament, electrons are 


soe b 4 QM Vg + 


Fig. 263—Triode characteristics 
current between the plate 
controlled by giving a 
e. if the grid be main- 
nent but lower than 


Fig, 262—T iode Circuit j 
driven to the plate. This establishes a 
and the filament. The current can pi 
suitable potential to the grid. For -— d 
tained at a potential higher than the fila 15 the plate mill be 


the plate the electrons in course of passing 


much accelerated and will thereby convey a large current, 
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while if the grid be kept ata lower potential than that of the 
filament, the electrors are much retarded by it and the current 
consequently diminishes. At a certain negative potential of the 


grid fora given potential of the plate the current ceases altogether. . 


Fig. 263 shows three graphs giving the relations between the 
plate current C, and the grid voltage Y, for three values of plate 
voltage viz., 50 volts, 60 volts and 70 volts. It is evident from the 
graphs that for the plate maintained at 50 volts and the grid at a 
negative voltage given by the value of the absciesa Oa, the plate 
current is zero. Then as the voltage of the grid is raised more and 
more, the plate current also rises. Ultimately, for a given value 
of grid voltage a gaturation -value of the plate current is reached. 
Beyond this limiting value, which is ‘On’ for the particular graph, 
there will be no further rise of C, for any increment of V, This 
graphical representation is called the static characteristics of a triode 


A triode may be used in a variety of ways by altering the nature 
of its connection in a circuit and controlling the potential of the 
electrodes. Thus it can be used as a detector (i. e., in rectifying 
alternating current ) às an amplifier ii. e,, in magnifying an incom- 
ming signal when it is very weak) and as an oscillator ( i e., in pro- 
ducing high frequency undamped current ). There three important 
uses of a tricde have made it an indispensable appliance in radio- 
telography and telephony. Nowadrys there are more improved 
types of valves e. g., tetrodes, pentodes, ete., having four, five (or 
even a larger number of) electrodes giving greater efficiency 
and selectivity. 


180. Propagation of Wireless Waves— Bending of the light 
waves round an obstacle is very small ; but the same for the wire- 
less waves is appreciably large since the later have got much lon- 
ger wavelengths than the former. This explains how without 
much obstruction radio waves can bend over obstacles such as 
buildings, rows of trees, etc. But when the obstacle is very large, 
(e. g» à row of hills) the waves cannot bend sufficiently over their 
tops and so the reception of wireless signals at a station just be- 
hind a range of hills is of a very faint There are three other sour- 
ces of disturbance, viz., the unequal conductivity of the earth's 
surface, the day and night effects and the atmospheric disturbance. 


Wireless wave bend round, and partly follow the curvature of 
earth. But it is found that from a high-power trasmitting station 
wireless messages can be received from a distance of nearly half 
the globe, requiring the bending ofthe rays by nearly 180? This 
cannot be explained by the properties of the waves alone. In 1902 
Kennelly and Heaviside proposed that somewhere in the upper 
atmosphere there must be a spherical conducting layer concentric 
with the earth. Itisfrom this layer that the radio-waves are reflect- 
ed back to the surface of the earth. This layer was accordingly call- 
ed Kennelly-Heayiside layer (Fig: 264). The reflecting power of such 
a layer is due to ionisation of the upper atmosphere caused by ultras 


—€— 
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violet or other radiations Researches onthis line were conducted by 
Prof, 8. K. Mitra of the University College of Science and Techno- 
logy, Caleutta- 

Subsequent investigations go to show thatthere are three such 
conducting layers, The uppermost one, called the Appleton layer 


a eta me ce after the name of its dis- 
ete EA m ure 3 ts coverer,refiects waves of 
CLR ERERETBB EY, rM lengths between 100 me- 
E E nae icis tre and 300 metres. This 
gf > cm is also called the F-layer. 
p The middle one, called 
- the E-layer, isthe Heavi- 
E. side layer which reflects 
waves of lengths from 


200 metres of 500 metres. 
The lowest layer, called 
the ozone layer or the D- 
layer, reflects still longer 
waves. 

Attempts to transmit 
the picture of a speaker 
along with his speech by 
wireless waves have also 
been successful. This is 
known as television, Apart 
from the television, various new applications of wireless waves 
have been made during the Second World War, The most impor- 
tant of them are :—(i) direction finding and (ii) locating distant 
objects. Radarisa very successful device for locating distant 


objects. 
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' EXERCISES ON OHAPTER XIV 


Reference 
Art. 153 1. Write a note on cathode rays. (.U, P. B.—1973 ; 


Bow, U.—1963 ; E. P. U.—1957 ; Roj U.—1964 ; C. U.— 
1955 ; Nag U.—1963 ; And. U.—1971 ; P. U.— 1969,71) 


Art, 153 2. Describe briefly what bappens when an electric discharge 
^ is passed through a vacuum tube in which the pressure is being 
gradually reduced? (Bom. U.—1960, 63,65 ; V. U.—1954 ; 

Dac, U.—1961 ; C.U.—1959,10 ; P. U.—1962 ; Raj. U.— 

1960, 65 ; Gau. U.—1953 ; B.H. U.—1973 ; Nag. U—1967) 


Art 153 3, How do you prove that the discharge from the cathode 


consists of charged particles? ( Gau. U.—1970 ; Nag, U.—1971) 
V. U.—1964 ; Poo, U.—1962 


Art. 155 4. Write a note on fluorescent lamps. (Utk. U.—1963) 

Art. 156 5, Write a note on positive rays. (And. U,—1971) 
. D.sctib X-ray bulb and explain how it is worked ? 

AU. 6. Describe so Ty ots, 53/51 ; Raj. U: 1990/63 ; Boo. Qr 

1963 , P. U,—1966, 68/69 ; U. P. B.—1965) 
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Arts. 
153 & 138 
Art, 161 


Arts, 153, 
157 & 161 


Art, 155 


Art. 163 
Arts 159, 
157 & 160 


Art. 168 


Art, 161 


Art, 169 
Art, 170, 


Art, 171 
Arts, 
174 & 178 


Art. 178, 
Art, 178, 


Arts, 
165 & 173 
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T. What are X-rays and how arethey produced ? Compare the 
properties of X-rays and cathode rays. (Bom. U,—1971) 
8. Writea short note on radioactivity. 

(Gau, U.—1961,’ ; Raj. U,—1964; B. H. U.—1961,63 ; 

P. U.—1962,71 ; E. P. U.—1960,62 ; Nag. U.—1962) 

9. Point out the essential difference between cathode rays 

X-rays and «-rays. ( Bom. U.—1973). 
10, Write a short note on isotopes, 

(E. P. U,—1963 ; And. U. - 1972) 


ll, Give a short account of cosmic rays. 
12, Whatare the natures of Rontgen rays and gamma rays? 


How are they produced and detected? Mention their proper- 
ties and uses (Bom, U.—1964' 70) 


13. Write a short note on the structure of an atom, 
(E.P.U.—1972 ; B.H.U.—1963 ; P.U.—1962 ; Poo. U.—1974) 


14, Neptunium after emittinga f-particle and y-radiation is 
converted into plutonium of atomic weight 239 and the atomic 
number 94, What must be the atomic weight and the atomic 
usps Wh neptunium ? (Poo, U.—1964) 
15, Write a short not on wireless waves, 
(And, U.—1962 ; B. H, U.—1961) 
16. Whatis an oscillatory circuit ? Describe an arrangement 
of apparatus to study the action of the circuit. 
17, Write a note on crystal detector. (Del, U.—1971) 
18, What is a thermionic valve ? How will you use it for 
receiving wireless telegraphic massages from a local broadcas- 
-ting station ? (Del. U.—1972) 
19, Write a note on Triode valve. (U. P. B—1972 ; Del, U.— 
1969 ; B. H,U—1963 ; P, U,—1971 ; R, P. B.—1961) 
20. Give the construction of a.triode valveand exaplain its 
action as an amplifier. (U. P, B.—1953 ; E, P. [J. —1961, '72) 
21, Write an essay on wireless telegraphy and telephony, 
(U, P, B.—1964 ; P. U.—1950,71) 
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HIGHER SECONDARY & INTERMEDIATE PHYSICS 

(in English ) by N. N. Basu & J. Chatterjee 

PART—I (Ceneral Physics, Heat & Sound) 

PART—II ( Light, Magnetism & Electricity ) 

(Also for Central Modern, Pre-Eng, Pre-Professional, Pre-Medical, 
and for new courses of studies for Classes XI and XII ) 

' [That the Book has passed through 24 editions and is just 
printed for the next Silver Jubilee Edition, speaks of popularity 
and the patronage which it has attained. Thoroughly revised and 
recent questions of different Boards added. | 

HIGHER SECONDARY &INTERMEDIATE PRACTICAL PHYSICS 
by J. Caatterjee ( in English ) > . 

( Intended for Higher Secondary, Intermediate & XI, XII Classes 
& Degree pass course. ) 

[ Fifth edition of the Book has just been printed. It covers the 
Practical syllabi of all Indian Universitiesin as much asit embo- 
dies 180 experiments. ] 

A' TEXT BOOK OF INORGANIC CHEMISTRY (in English ) 
by P. De ( for Higher Secondary, Central Modern & 
"Intermediate & XI-XII classes ) 

[ At one time this Book was one of the best sellersin Chemistry. 
The Book has been thoroughly revised so asto include new course 
of studies of Classes XI and XII. ] 

NUMERICALS EXAMPLES & PROBLEMS IN PHYSICS 
by J. Chatterjee & H. Biswas ( in English ) 
-do- ( in Bengali ) 

[ The above two books are very helpful to thestudents who are 
preparing for Class XII final examination and for the admission 
tests in Engineering schools. ] 

ELEMENTS OF MATHEMATICAL PROBABILITY 
by Dr. S. K. Benerjee ( for Dezree Hons. students ) 
[ The Book has been adjudged very suitable for studentsreading 
Statistics in B. Sc. Honours courses. ] 
ESSENTIALS OF MAGNETISM AND ELECTRICITY 
by S. K. Jana, (for advanced degree hons. and Engineering 
students ) 
ESSAYS AND DIALOGU ES—by Dr. S. Maitra, 
(for Higher Secondary course ) 
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